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The Physical Sciences





The Physical Sciences

WE LIVE IN AN AGE OF SCIENCE. For over a century, a

leading element in our culture, or way of living and thin\ing,

has been science, T‘his is a system of verified and classified

exact knowledge, based on observation and experiment.

Such a system has been only gradually built up and tested by

the wor\ of numerous patient searchers for new \nowledge—
the Qalileos and TSlewtons of our modern age.

zAnd their wor\ is by no means complete. The frontier of

\nowledge is advanced, but always beyond there is the border

of the unknown. We may anticipate that in the coming years

scientists will continue to explore this unknown, finding

answers to new questions.

Undoubtedly in the future, as in the past, these answers

will in the end lead to discoveries and inventions of daily

usefulness. In very practical ways science enriches life. Dur-

ing the past century it has provided the basis for our modern

means of transportation and communication. It has given to

us new machines and new materials, new ways of lighting

and heating. It has expanded in innumerable profitable ways

our \nowledge of electricity and of chemistry. In short, our

technical civilization, of which we boast, is a structure built

upon the foundations of the science provided by wor\ in

laboratory, fields, and study.

"But science is more than its accumulated facts. It involves

a way of thinking—the scientific method. Fhis includes an

objective, impersonal, and, above all, unprejudiced approach

to problems. It includes the ability to formulate questions

and assemble the relevant information or devise suitable ex-

periments for the solution of problems. Finally, it includes

the capacity to reach just conclusions, free ali\e from supersti-

tion, folklore, and wishful thinking. Among the most profit-

able benefits from a study of science is an appreciation of this

scientific method and an understanding of the possibility and

necessity of applying it in our own individual thinking,
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^Although this fast century has been pre-eminently the

science centuryy the ^development of modern science begins

hesitatingly in the sixteenth and seventeenth centuries, zAs

one bit of progress contributes to another
^ it has been natural

and characteristic that the speed in acquiring \nowledge has

increased until we have reached the tempo of the present age.

T^he amount of hjiowledge has now become so great that we

have been forced to recognize a number of distinct areas, or

divisions, of science. Some of these sciences concern life—
botany, zoology, psychology, anthropology. In this boo\,

however, we shall consider only the phenomena of the inani-

mate world, l^hese phenomena are studied in detail in such

sciences as astronomy, geology, meteorology, physics, and

chemistry. For convenience, we may group these as the physi-

cal sciences.



UNIT ONE

Sun and Stars

Far out in space appear shining dots. These are enormous bodies,

swinging around great paths at enormous speeds. For centuries

men have wondered about these stars. About the heavenly bodies

men have fashioned myths. Later they have built religious rites

around them.

But man has not been satisfied with this. He must under-

stand. From this need for knowledge has arisen astronomy. From

Galileo and Newton to Eddington and Shapley astronomers have

diligently pursued their tasks of penetrating and mapping the

heavens.

We cannot here describe more than a small part of their con-

clusions, but here are the high points in the history of their

achievement. From these we may secure a picture of how the

universe is made up—what are the parts, what are their relations

to each other, how they move, whether life upon them is possible.

You have all thought about these and similar questions as upon

any starry night you gazed up into the heavens. In this first unit

such questions are answered in an outline of the important phe-

nomena and generalizations of astronomy.





1 THE SOLAR SYSTEM

The Sun

The Most Important Star. The sun seems to

us the largest and brightest object in the

heavens. What is this object? How distant is

it? What happens upon it? The astronomer,

who studies the heavens, has been able to

answer these and many similar questions

about the sun and the other heavenly bodies.

He has told us that the sun is really a star.

Although it appears so large and bright, it is

actually smaller than the average star. It

seems to be larger than others because it is

only 93,000,000 miles away from us, whereas

the next nearest star is about 270,000 times

as far away. Other stars are much more dis-

tant. Being relatively close, the sun greatly

affects the earth and life upon it. For us it is

the most important star of all.

The Distance and Size of the Sun. The as-

tronomer explores a universe of great dis-

tances and enormous speeds. Compared with

the longest distances on the earth, the dis-

tance of the sun from the earth is so great

(93,000,000 miles) that v/e find it almost

impossible to comprehend. As a means of

picturing it, you might for a moment think

of an imaginary and, of course, impossible

airplane which could fly at a rate of 200 miles

per hour far, far beyond the reach of our

atmosphere. Such an airplane would take

over fifty years to reach the sun. Yet this

distance is small when compared with the in-

tervals between the stars.

Although far away, the sun gives us suffi-

cient light and heat because it is large and in-

tensely hot. In size there are stars 10,000

times as large as our sun; on the other hand,

there are some only yooW large. Even

though the sun is thus only a moderate star,

it is huge when compared with the size of the

earth. Its diameter is about 860,000 miles, or

over 100 times the diameter of the earth. Its

volume is about 1,300,000 times that of the

earth. If the dimensions of the sun and the

earth were reduced to a scale one billionth as

large as the actual bodies, the sun would be

feet in diameter while the earth would be

only J inch in diameter. On this scale the

earth would be 160 yards distant from the sun.

Motions of the Sun. In this universe the

heavenly bodies are not stationary but move

around at great speeds in fixed paths. The

sun is one of these great travelers. It is rush-

ing through space in the direction of the star

Vega at the rate of 12 miles per second. Vega

5
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Mount Wilson Observatory

Solar prominences. Hot

gases, chiefly hydrogen

and helium, shoot outward

far beyond the chromo-

sphere. The chromo-

sphere is a layer of the

sun’s atmosphere several

thousand miles deep.

Beneath it is the so-

caUed reversing layer,

while above it is the

corona, a layer visible only

during a total eclipse

of the sun

is a large star in a very distant constellation,

or group of stars. As the sun speeds along

toward this remote star, its family of planets

is carried with it. To gain some idea of what

such a speed means, you might reflect that

since you started to read this sentence the sun

with its planets, including the earth, has gone

about 80 miles on its rapid journey through

space and is about 600 miles from where it

was when you started to read this paragraph.

Rapid movement is characteristic of all

heavenly bodies. Planets and moons revolve

in elliptical paths around the larger bodies

with which they are associated. But the swift

flight of stars through space is less simple to

describe. In spite of the rapid movement of

the stars, many of which travel more than

1000 miles in a minute, they appear to us to

be motionless because they are so far away.

In addition to its motion through space,

the sun, like the earth, rotates on its axis. At
its equator the rotation takes about thirty

days. At the poles of the sun, however, the

period of rotation is several days longer. This,

together with other evidence, has led as-

tronomers to the conclusion that the sun is

not solid, like our earth, but is a ball of gases.

Our Source of Heat Energy. The gases of the

sun are intensely hot—shining hot. Around
the sphere of the sun, an atmosphere of hot

gases extends for thousands of miles. Some
tongues of hot gas, the so-called prominences
(see illustration above), may extend outward
as far as 250,000 miles.

At its surface, the photosphere, the sun

has a temperature of about 1 1
,000° F ( 1 1,000

degrees Fahrenheit). This is a temperature

about twice as high as that of the acetylene

blowtorch, used for welding and cutting steel.

In the interior of the sun the temperature may
be a million degrees or more.

From this hot mass, energy is being given

off, or radiated, in all directions. Of course

only a relatively small amount reaches the

earth; yet it is this amount that makes life

possible. The production and radiation of

heat have been going on for millions of years.

What is the source of this seemingly endless

amount of heat?

It is believed that this heat is chiefly pro-

duced by changes within the matter which

makes up the sun. In these changes some mat-

ter is transformed into radiant energy. The
sun thus loses millions of tons in weight each

day and releases vast quantities of energy.

It has been estimated that if the heat con-

stantly given off by 1 square foot of the

surface of the sun could be utilized in the

boilers of an ocean liner, it would be sufficient

to drive the liner continuously at full speed.

Sunspots. Not only is the surface of the sun

a roaring mass of hot gases, but it is also con-

stantly subject to terrific storms. These are

known as sunspots (see illustration, p. 7),

and they often have a width five or six times

the earth’s diameter. They are found near

the equator of the sun and move with the ro-

tation of the sun. Most of them disappear
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in a few days. One, however, is recorded to

have lasted eighteen months.

About every eleven years the spots become

especially large and numerous. Then they

gradually decrease in number and fury until

for a period of several years only a few spots

are visible. Slowly they increase again until

they reach a maximum eleven years after the

previous maximum.
Although sunspots are generally too small

to be seen with the naked eye, yet they have

an influence upon the earth. Weather cycles

may be affected by them, as well as magnetism

and radio reception. They also are associated

with the waving banners of the northern lights,

which we sometimes see at night and which

are especially beautiful in northern Canada

and Alaska.

STUDY GUIDE

1 . Why does the sun seem to be larger

than the other stars?

2. How does the size of the sun actually

compare with that of other stars?

3. How do the sun’s diameter and volume

compare with those of the earth?

4. Does the sun stand still in the heavens?

5. What evidence can you give that the sun

is not solid?

6. What is the cause of the sun’s heat?

7. What are sunspots?

8. Name some of the effects which sunspots

are thought to have on our earth.

Tlie Planets

Our Nearest Neighbors. The sun is the cen-

tral body of our solar system. This system

includes the sun and its surrounding planets

together with their moons, or satellites. It

also includes the comets and meteors. The
earth is one member of the sun’s family of

nine planets (see illustration, p. 5). The

members of the solar system are thus our

nearest neighbors.

The planets, unlike the sun and other stars,

are not made of hot gases but, like the earth,

are solid spheres. They do not shine by their

own light but, like mirrors, reflect light re-

ceived from the sun.

The planets, unlike the stars, do not appear

to be stationary. Indeed, the word planet

comes from a Greek word meaning "wander-

ing.” When seen from our earth, the planets

cross the sky from east to west in nearly the

A typical

sunspot

consists

of a dark center,

the umbra,

surrounded by'

lighter filaments,

the penumbra.

A number

of sunspots

may be grouped

together

7



same path as that taken by the sun and moon.

Their positions relative to the stars and to

each other change, but the planets do not wan-

der aimlessly
;
each travels around the sun in

an elliptical path, which we call an orbit. No
two planets have the same orbit, but all of

them revolve in approximately the same plane.

Thus the motion, or revolution, of planets

about the sun is somewhat similar to the revo-

lution of nine marbles in a great platter, all

rolling at different distances but in the same

direction, around a larger marble, which rep-

resents the sun.

The orbits of the nine planets are millions

of miles apart. Their approximate distances

from the sun are

Mercury 36,000,000 miles

Venus 67,000,000 miles

Earth 93,000,000 miles

Mars 141,000,000 miles

Jupiter 483,000,000 miles

Saturn 886,000,000 miles

Uranus 1,782,000,000 miles

Neptune 2,793,000,000 miles

Pluto 3,700,000,000 miles

If you were to make to scale models of the

sun and its planets, their distances could be

represented something like this:

Mercury , .

Venus . . .

Earth . , ,

Mars . . .

Jupiter . . .

Saturn . . .

Uranus . . .

Neptune . .

Pluto . , .

1 inch from sun

1| inches from sun

2| inches from sun

4 inches from sun

1 foot from sun

2 feet from sun

4 feet from sun

6^ feet from sun

feet from sun

This scale of 36,000,00Q miles to the inch

would locate our planets at convenient dis-

tances. They would, however, be of exceed-

ingly small size. The sun would be about

^ of an inch in diameter, which is less than

half the size of the head of a pin; Jupiter,

the largest planet, could be represented by

the smallest grain of sand that you could see

(less than x^o diameter)
,
and

you could locate the earth only with the help

of a good microscope. On this same scale the

star nearest to our sun would be some 10 miles

away, while Polaris, more commonly known
as our North Star, would be over 600 miles

distant.

As you compare the earth’s distance of

about 2f inches, from the sun with distances

to towns 10 miles and 600 miles from your

home, you will understand what astronomers

mean when they speak of stars being far out

in space. Then, too, you will realize that, for

all its importance to us, the solar system is

mainly composed of nothing at all—just vast

empty spaces with occasional tiny specks of

matter floating and spinning like motes of

dust in a breeze.

Two Important Forces. We can all be cer-

tain about the general movements of the sun,

planets, and moons. We can depend on them.

Through years of experience we have come
to expect a regularity of our solar system. It

would annoy us a great deal if tomorrow

morning the sun should fail to rise until an

hour or two later than is customary; and we
have become quite used to having one full

moon each month.

To understand these dependable move-

ments of the celestial bodies, we need to know
a little about the two forces which produce

motion in the endless reaches of space.

One of these forces is gravitational attrac-

tion—or just gravitation. This word names

the tendency of all matter in the universe to

attract all other matter. For example, a ball

thrown into the air will return to earth again

instead of continuing to travel forever up-

ward. There exists, between the ball and the

earth, this force of gravitation, by which each

8



attracts the other, much as if there were a

long rubber band stretched between them. Of

course the earth is so much larger and heavier

than the ball that the ball has to do most of

the moving.

There is one object on earth large enough

to have a measurable gravitational attraction.

In far-off Nepal in Asia, mighty Mt. Everest,

the highest mountain in the world (29,000

feet)
,
is massive enough to exert a small side-

wise pull on a plumb line, such as you may
have seen a carpenter use in building a ver-

tical wall. This fact has been valuable to

scientists in their study of gravitation.

Attraction between objects acts continu-

ously. The amount of this force, or weight, in-

creases with the masses of the objects and

becomes less with the distance. The heavenly

bodies, like other objects, attract each other.

The largest and nearest exert the greatest

attraction.

If this force were not balanced by an op-

posing force, the earth, along with all the

other planets, would be drawn millions of

miles to final destruction in the heat of our

sun. But there is a second force acting on

the planets. Just as two evenly matched teams

balance each other in a tug of war, so the

center-seeking, centripetal^ tendency of each

planet is balanced by the center-fleeing, cen-

trifugal, tendency.

The effect of this second important force

can be demonstrated by swinging a small pail

of water at arms’ length. If you start slowly,

and gradually increase the length of each

swing, you will find that you can whirl the

pail all the way up and over your head with-

out spilling the water. On a vastly larger

scale, this same force acts on planets and
moons as they, like the pail of water, whirl in

R

curved paths around larger bodies. This

second force is called the centrifugal force.

Since gravitational attraction draws bodies

together and centrifugal force causes them to

fly apart, a system of whirling bodies, as you

can see, will adjust itself in such a way as to

remain in a stable condition. This is the

condition of our solar system, the planets

neither falling into the sun nor flying away
from it.

Mercury. We will consider the nine planets

in the order of their nearness to the sun. Mer-
cury, the smallest and fastest-moving planet,

is by far the nearest to the sun; in fact, it is

so close to the sun that it appears to rise and

set at about the same time as our sun. It is

usually hidden from us by the greater light

of the sun. With the naked eye we can see

this planet only for a few minutes after sun-

set or for a few minutes before sunrise.

There is an interesting relation between the

motion of Mercury and its proximity to the

sun. The force of gravitational attraction,

tending to draw all the planets into the sun,

is much greater for planets close to the

sun than it is for the more distant ones. At

the same time, centrifugal force, overcoming

this great attraction, is large. The nearer

planets revolve about the sun much more

rapidly than those which are farther away.

SUN



Mercury, which averages a mere 36,000,000

miles from the sun, has the smallest planetary

orbit. It revolves in this orbit at the rate of

about 36 miles per second, or 50 times as fast

as the swiftest bullet, thus keeping from being

drawn into the sun. This speed is twice as great

as that of the earth revolving around the sun.

To complete a trip around the sun. Mercury
requires only 88 days. Consequently it makes
four of these trips to one of our earth; four

years on Mercury are therefore equal to one

year on earth.

Since the diameter of Mercury is less than

half that of the earth, it does not have enough

gravitational pull to hold an atmosphere, and
thus lacks a protecting blanket of air, such

as makes our climate so pleasant. The condi-

tions on Mercury would make it unbearable

to us. For example, Mercury rotates slowly,

turning once only on its axis during one revo-

lution around the sun. Thus it always keeps

the same face toward the sun, so that, while

half of the planet scorches in dazzling light,

the other half freezes in eternal darkness.

From continual heating the face toward the

sun must be a barren, desolate region, with

never the cool of night or the temporary
shadow of a passing cloud. Since its tempera-

ture rises above 600° F, this face of Mercury
is so hot that if any tin or lead lies near the

surface, it must be in the form of molten pools.

The only change in temperature on this side

of the planet comes from the variation in its

distance from the sun. When nearest the sun.

Mercury gets twice as hot as when it is

farthest away.

The other half of the planet remains forever

in endless night. As no blanket of air protects

it, this region must remain colder than 100°

below zero. On such a planet, without atmos-

phere and with great extremes of temperature,

life of any kind is, of course, impossible.

Venus. The next planet is Venus. It is

about 67,000,000 miles from the sun. Its or-

bit is about 26,000,000 miles from that of our

earth. If we flew to Venus at the rate of 200

miles an hour, reaching that planet at a time

when it was nearest to the earth, it would take

us over fifteen years for the journey. If Venus

were on the opposite side of the sun from us,

the flight would take many times longer.

In its travels Venus follows more nearly

than any other planet a circular path around

the sun. It flies considerably faster than the

earth; otherwise it would fall into the sun. Its

speed is about 22 miles per second, or nearly

38 times that of an army-rifle bullet. Never-

theless to complete a journey around the sun

requires about 7^ months. This period of revo-

lution is the length of a year on Venus.

Venus is almost the same size as our earth,

being in diameter only 200 miles smaller. This

is large enough for the planet to hold an at-

mosphere. Although this planet is covered

with an atmosphere, there is doubt as to

whether the atmosphere contains either mois-



ture or oxygen. Without these substances

there can be no life similar to life on the earth.

If these two elements were present, Venus

would be, next to the earth, the planet most

favorable for life.

However, the atmosphere on this planet is

so thick that no astronomer has been able to

see clearly enough through the heavy layers

of clouds to distinguish with certainty any

markings on the surface. Consequently no

one is sure of its speed of rotation, or length

of day. Many astronomers are inclined to be-

lieve that Venus, like Mercury, rotates in the

same period that it revolves, and thus always

keeps the same side toward the sun. If this

is true, one half of the planet is always dark

and cold, while the other half is light and hot.

Since Venus is closer to the sun than our earth,

it receives more heat, but the climate cannot

be excessively hot. The vast difference in

temperature between the light and dark sides

of Venus must cause a rapid circulation of air

and terrible storms (see illustration, p. 10).

Venus, like all planets, reflects light to us

from the sun. We all know well this beautiful

planet, for it is a glorious morning star and

evening star. When observed through a tele-

scope, Venus, like our moon, shows a dif-

ferent shape according to its position. When
Venus is on the opposite side of the sun from

us, it is seen as a globe
;
when it is in a midway

position, it is a semicircle; but when it is on

our side, it is totally invisible. As it ap-

proaches this last position, it shows itself in

beautiful narrow crescents. This familiar

variation of appearance is also characteristic

of our moon, the shape of the lighted portion

being termed a phase.

Earth. Since it is our home, the earth is

the planet which interests us most. This mem-
ber of the sun’s family is third in order of

distance from the sun. As we have already

seen, its average distance from the sun is

about 93,000,000 miles. Like all the other

planets, it speeds along a slightly elliptical

path, and therefore its distance from the sun

changes by a few million miles with its posi-

tion in its orbit. It is nearest to the sun in

January and farthest from the sun in July.

The earth rushes along its 584,000,000-

mile orbit at the rate of 18^ miles a second.

At the same time it is of course rotating on

its axis. Each of these rotations of a day and

night we have divided into twenty-four equal

parts, or hours. During one complete journey

of the earth in its orbit it rotates 365 times.

This is our year of 365 days.

The earth has a diameter a little more

than twice as great as the diameter of Mer-

cury. Mercury, Venus, Earth, and Mars are



As seen through a telescope, the planet Mars shows beautiful light

and dark markings. These change in position, extent,

and shape from month to month

sometimes grouped as the terrestrial, or

minor, planets.

Of all the planets this is the densest, or

most compact. Its gravitational attraction is

sufficient to hold an atmosphere. Not being

so near to the sun as to be intensely hot or so

far away as to be intensely cold, life has been

possible on this our planet.

This is the first of the planets we have de-

scribed to have a satellite, or moon. A moon
revolves around a planet in the same way that

a planet revolves around the sun. In a month

the moon moves completely around the earth.

Later in this chapter (pp. 19-26) we shall

learn more about the motions of the earth

and moon.

Mars. Outside the earth’s orbit the first

planet is the red Mars (see illustration above).

It is the beautiful brightly colored "star”

which shines high in our midnight sky when
it is on the same side of the sun as our earth.

This fourth planet from the sun is about

141,000,000 miles from it, and travels in an

orbit about 48,000,000 miles from that of the

earth. A space ship flying at 200 miles an

hour would require nearly 25 years to reach

Mars, when that body is on the same side of

the sun as our earth.

Since Mars is farther away from the sun
than our earth, it does not travel so fast. To
make a trip around the sun requires 687 days;

and thus a year on Mars is a little short of

two years on the earth.

Like the earth. Mars is tipped on its axis.

As a result, each polar region will have long

summer days when it slants toward the sun,

and then long cold winter nights when it is

tipped away. During the winters, when the

temperature may fall to about 100° below zero

Fahrenheit (
— 100° F), snow collects over

wide areas. Then, as the pole tips toward the

sun, the snow there melts and the moisture

moves down toward the equator, until, at the

height of summer, only a small deposit of

snow, about 200 or 300 miles across, remains

at the pole. Then, as winter again sets in, the

snows begin to accumulate until the polar

snowcap reaches down into the temperate

zone.

The diameter of Mars is approximately

one half the diameter of the earth, or about

4200 miles. Since Mars is made of lighter

material than the earth, its force of gravita-

tion is approximately one third that of our

earth. Therefore a man who on earth weighed

180 pounds would weigh only 63 pounds on

Mars.

Because of this low gravitational pull, most

of the atmosphere of Mars has escaped, leav-

ing the air only about one fourth as dense as

that of the earth. In other words, the atmos-

phere on Mars is thinner than the air around

the top of Mt. Everest. Even though both

moisture and oxygen are found in it, yet the

air of Mars is so rare that a man from the

earth could not live there without an oxygen

helmet.

Mars rotates on its axis at about the same
speed as the earth; in fact, a day on Mars is

only 40 minutes longer than a day on our



earth. Yet it is so far from the sun that it re-

ceives only^ as much light and heat as we do.

The temperature at Mars’s equator varies as

widely as from 40 to 60 degrees during the

daytime, and, since the air is so thin, prob-

ably drops to at least 100° below zero Fahren-

heit every night.

Most of the surface of Mars is a desert

waste, devoid of oceans. There are some evi-

dences of vegetation, however, for when the

polar icecap melts and summer comes, there

are great changes in color on parts of this

planet. These changes suggest that great

marshes may be formed, which are soon

covered with vegetation, and then as au-

tumn comes these growths turn brown and

disappear.

Mars has two tiny moons. One of them,

which is only about 10 miles in diameter, re-

volves around Mars three times each day.

This little moon flies at great speed; other-

wise it would fall into the planet, from which

it is only 3700 miles distant. Apparently this

moon is just a big spherical rock, which is

being hurled through the Martian sky.

The other moon, about 5 miles in diameter,

makes a trip around its mother planet every

30 hours. This moon is about 12,000 miles

from Mars.

Asteroids, or Planetoids. Between Mars and

Jupiter there are something like 1500 small

bodies traveling around the sun (see illustra-

tion, p. 5). Most of these asteroids, or

planetoids, revolve in three to six years. It

has been believed that these may be frag-

ments of an exploded planet.

Ares, largest of the asteroids and the first

to be discovered, was not observed until 1801.

New ones are still being discovered.

The majority probably have a diameter be-

tween 10 and 50 miles. A few may be even

smaller. Only one of them, Vesta, may be

seen with the naked eye. The mass of all the

asteroids together is only about jqoq of that

of the earth.

One of these asteroids, Eros, is of peculiar

interest because it is the heavenly body which,

except for the moon, comes nearest to the

earth. Because of this fact it has been used

by astronomers in accurately measuring a

fundamental distance which may be used in

determining other distances in the solar

system.

Jupiter. The largest and most beautiful

planet is approximately 483,000,000 miles

from the sun. So far is Jupiter that the sun’s

rays of light, traveling at the rate of 186,000

miles a second, require nearly an hour to

reach it.

Jupiter’s orbit is next beyond that of Mars
and the asteroids. When Jupiter is nearest to

us, it is about 367,000,000 miles from the

earth. An earthly visitor to this planet in a

space ship flying at 200 miles an hour would

require over 200 years to reach his destina-

tion. The path of Jupiter around the sun is

so long that the planet takes nearly 12 years

to complete each trip while traveling at a

speed of 8 miles per second.

It is the tipping of the axis of a planet that

causes seasons on the planet. Since the axis of

rotation on Jupiter is tipped only 3 degrees

toward the plane of the orbit, this planet is

entirely without seasons. There is no spring,

no summer, nor any autumn changing into

The most conspicuous markings of Jupiter are the belts

which cross its surface. These vary in number

and width from year to year

E. C. Slipher, Lowell Observatory



winter. If we disregard local storms, the cli-

mate on Jupiter remains forever the same.

Since Jupiter is over 88,000 miles in di-

ameter, not only is it the biggest planet, but

it is larger than all the other planets put to-

gether. The gravitational force is so strong

that a man weighing 180 pounds on the earth

would weigh 450 pounds on Jupiter. This

great planet, spinning at a terrific speed,

faster than any of its fellows, rotates in less

than 10 hours. A particle at its equator is

moving nearly 30 times as fast as a person at

our equator. So great is its centrifugal force

(that is, its outward pull) that Jupiter has

flattened enormously, causing its equatorial

diameter to become 6000 miles greater than

its polar diameter. The earth rotates so much
more slowly than Jupiter that its outward pull

is less, and, as a result, the earth is only

slightly bulged at the equator.

The disk of Jupiter, when viewed through

a telescope, appears to consist of many wide-

surface bands (see illustration, p. 13). Some
of these bands rotate over 270 miles an hour

faster than the others. Surrounding Jupiter

is a heavy atmosphere, with many clouds,

which causes the planet to suffer continually

from terrific windstorms. The markings

which we observe are the shifting tops of

cloud layers. So far away from the sun is

this planet that it receives only ^ as much
light and heat as we do. In consequence the

surface of the planet is believed to be over

200° below zero Fahrenheit, while the clouds

may be colder than the surface.

The eleven moons of Jupiter form a group

which is most fascinating to watch through a

telescope. Two of these moons are larger

than the planet Mercury, and one of the

others is larger than our moon. Those which
are close to the surface fly so fast that with a

small telescope you can see that they have
moved from night to night. It is surprising

to see some of them disappear behind the

planet only to reappear later on the other side.

Once an astronomer figured out the exact

minutes when these moons would disappear

behind Jupiter, and computed ip advance the

time of each disappearance for several years.

Then six months later he checked his figures,

only to find that one of these moons was

several minutes late in going back behind

the planet. He was at a loss to explain the

delay. Six months later the moon was back

on schedule again. He finally discovered that

it was not late at all but only seemed to be

so because, when the earth and Jupiter were

on opposite sides of the sun, it took the light

longer to reach us from Jupiter than when

both planets were on the same side. The time

lost was the time needed for the light to travel

from one side of the earth’s orbit to the other.

From this distance he determined the speed

of light (186,000 miles per second).

The two outer moons of Jupiter travel in

a direction opposite to that of the rest. This

movement shows that there has been some

accident in the solar system which as-

tronomers are unable to explain with cer-

tainty. One possibility is that these moons

were asteroids which wandered near to Jupi-

ter and were captured by its gravitational pull.

Saturn. Still farther from the sun than

Jupiter lies the beautiful ringed planet Saturn,

some 886,000,000 miles from the sun. About

twice as far away from us as Jupiter, this

planet is the last that can be seen readily with

the naked eye. To reach this planet our

earthly traveler in a space ship flying 200

miles an hour would require 400 years. Mov-
ing at about 6 miles per second, Saturn re-

quires nearly 30 years to make one trip along

its vast orbit around the sun.

Because Saturn’s axis of rotation is tipped

more than the earth’s, and since it requires

such a long time to travel around the sun, it

has seasons which last many years, in which

extreme changes of climate occur. But if its

seasons are extremely long, it balances this

somewhat by its very short days. As it ro-

tates on its axis in a little over 10 hours, its

period of daylight is only 5 hours long. On
account of these rapid rotations, it, like

Jupiter, is greatly flattened at its poles. In

fact, it is flattened more than any other

planet.
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The three rings of Saturn are its most characteristic feature.

But notice also the surface markings of the planet-belts

similar to those of Jupiter

Saturn is so far removed from the sun that

it receives only ^ as much light and heat as

the earth does. Although this is enough light

for a person to see to read a newspaper easily,

it is not enough heat to keep the surface of

the planet warm. Indeed, the temperature of

Saturn averages 300° below zero Fahrenheit.

Because of its beautiful rings, Saturn is the

most fascinating planet to examine through

a telescope (see illustration above). The
three rings are continually whirling around

the central planet. The outer ring is about

172,000 miles across and probably less than

ten miles thick. This ratio of thickness to

diameter is less than that of a 17-inch disk

of tissue paper. These rings are believed to

consist of little particles of gravel and dust.

When they are broadside to us, they reflect

more light than the planet itself; but when
they are tipped edgewise, they are so thin

that they are invisible even in high-powered

telescopes.

Galileo first saw them in 1610, but his tele-

scope was so small that he did not realize that

they were complete rings. In those days

people were so superstitious that many efforts

were made to discredit the great astronomer’s

discovery; indeed, many people declared that

he was bewitched. In order to dispel these

superstitions, he finally set up his glass so that

all might see for themselves. But in the mean-
time Saturn’s rings had tipped edgewise to

the earth and were invisible. Galileo was more
astonished than the rest. He exclaimed: "Has
Saturn devoured his own children? Was the

appearance indeed fraud and delusion, with

which the glasses have for so long mocked
me?” For a long time a controversy raged and

became bitter. At last the rings slowly turned

their broad side to us, and Galileo was saved

when he could again see them through his glass.

In addition to its galaxy of unusual rings,

Saturn has an array of nine moons, which

vary in size from 200 to 2600 miles in di-

ameter. Some of them are closer to Saturn

than our moon is to the earth, but several are

extremely far away. The most distant one,

for example, is 8,000,000 miles from the

planet. This moon, like two of Jupiter’s, for

some reason circles Saturn in the reverse

direction. It moves so slowly that it appears

as a full moon only once in a year and a half.

This is quite in contrast to the little moon
which flies around Mars three times a day.

Scientists have long speculated about the

origin of the moons which are associated with

the planets. Some believe that they were

formed at the same time as the planets, while

others hold that they were formed from the

planets at a later period through some kind

of astronomical upheaval.

Uranus. Uranus was the first planet to be

discovered by means of a telescope. In the

latter half of the eighteenth century an Eng-



lish musician, named Sir William Herschel,

took up astronomy as a hobby. Not having

money enough to buy a good telescope, he

made one himself. In 1781, when looking at

the heavens with this homemade outfit, he

noticed that one of the "stars” was much big-

ger than the rest. After watching it for some

time, he found that it continually changed its

position among the stars. Thus he knew that

it was not a star, because the stars do not

change their positions with respect to one

another.

Uranus is about 1,782,000,000 miles from

the sun. It has such a great path over which

to travel that it takes 84 years to complete

its journey around the sun at a speed of 41-

miles per second. In other words, according

to time based on the revolution of Uranus, it

has only been about a year and a half since

Herschel discovered this planet.

Uranus has by far the most extreme sea-

sonal changes of all the planets. Its axis of

rotation is tipped over so far that at certain

times one pole is pointed right at the sun (see

diagram above)
;
then 42 years later the other

pole is pointed that way. This means that if

Uranus were populated, its inhabitants would
observe long winters of almost unbroken cold

and darkness, followed by equally long pe-

riods of feeble sunshine.

This planet, 32,000 miles in diameter, ro-

tates rapidly, making a turn in a little less

than 1 1 hours. It is surrounded by a heavy
atmosphere, which seems to be decidedly dif-

ferent from the atmosphere around our earth.

Uranus is so far from the sun that to a

person on that planet the sun would not ap-

pear as big as the planet Venus appears to us.

Uranus receives only as much light from

the sun as we do. In other words, we receive

as much light and heat in a day as it does in

our year. If Uranus depends only on the sun

for heat, its temperature is probably about

340° below zero Fahrenheit—a cold we can-

not imagine.

Uranus has four moons, ranging in di-

ameter from 500 miles to 1000 miles. They
are all rather close to the planet and rotate

rapidly around it. For some unknown reason

they all move around Uranus in the opposite

direction from that commonly taken by the

moons of the other planets.

Neptune. The discovery of Uranus aroused

much interest among the astronomers. They
carefully plotted its course in the sky. But

when they had completed this study, they

found that Uranus had left this path and

moved farther away from the sun. For a time

there was fear that Uranus was so far from

the sun that the sun was losing its hold on
this distant planet and that it was going to

fly off into space and never return. Finally

two astronomers, who were working inde-

pendently of each other, decided that the

reason for the uncertain path of Uranus was
the probable existence of another planet be-

yond Uranus, and that when Uranus came
near this planet it was pulled for some dis-

tance out of its path (see diagram above).

These astronomers calculated the size this
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additional planet must be, and exactly where

in the sky it should be in order to pull Uranus

out a given distance from its position. This

information was sent to an observatory, and

the scientists in charge were told just where to

point their telescope in order to find the new

planet. When the telescope was pointed as

directed, the new planet was exactly where

these calculations had foretold.

This newly discovered planet, which was

named Neptune, was a billion miles out be-

yond Uranus. Far out in the infinite sky,

Neptune is almost 2,800,000,000 miles from

the sun. If our imaginary space ship with its

earthly passenger should fly toward Neptune

at the rate of 200 miles an hour, it would take

over 1600 years to reach its destination. If

the sun were reduced in size until it was just

2 feet in diameter, Neptune, similarly re-

duced, would be a little less than an inch

across, circling nearly a mile and a quarter

away. It is almost impossible for us to under-

stand how the sun can control heavenly

bodies at so great a distance.

The pull of the sun on Neptune is so feeble

that a speed only a little faster than 3 miles

per second is sufficient to keep it from falling

toward the sun. At this slow rate Neptune

requires 165 years to make each round trip;

and a day on this planet is about 16 hours long.

Neptune is 31,000 miles in diameter. Un-

less it furnishes some heat of its own, it is an

extremely cold planet, at least 360° below

zero Fahrenheit, because it receives only

about 9^ as much heat and light as our

earth. However, the sun is so powerful that

this small illumination equals nearly 700 times

our brightest moonlight.

Like our earth, Neptune has just one moon,

which is about the same distance away as ours.

Neptune’s moon, however, is larger than ours,

and it flies so fast that it makes a trip around

the planet every six days. This moon, like

those of Uranus, moves in the opposite direc-

tion from that of most other planet moons.

We say that Neptune has only one moon,

but none of us should be surprised to hear

about additional moons being discovered for

the various planets. Some of the planets are

so far away and the moons so small that it

will take many years of careful study to find

all the tiny travelers around each of them.

For example, Jupiter is rather close to us in

comparison with Neptune and Pluto; yet two

of its moons were only recently discovered.

Look at a photograph of the sky, and you will

see how easy it is to miss a tiny speck among
the myriad stars.

Pluto. This newest planet was accidentally

discovered recently because it moved when its

picture was taken (see illustration, p. 18).

In most pictures persons who move are un-

recognizable, but here is a planet that was

recognized only because it moved. A young

astronomer was looking over some old photo-

graphic plates of the stars when he suddenly

noticed that one of the "stars” had moved,

while the others had remained still. Then

more photographs of this region were studied,

and it was proved that this "moving star” was

a planet out in the darkness of space, far

beyond Neptune.



The planet Pluto

is indicated by the

arrows on these two

pictures. The photo-

graphs were taken

six days apart

Lowell Observatory

This planet, called Pluto, is so far away
from us that not much is known of it. It is

about 40 times as far from the sun as the earth

is, and it requires nearly 250 years to com-

plete its journey around the sun. It is a small

planet; some astronomers believe it is about

as big as Mercury. Therefore it can be photo-

graphed only through the largest telescopes.

STUDY GUIDE

1. What is the solar system?

2. What is the path of the planets across

the sky?

3. Name the planets which are between

the earth and the sun. Name those which are

farther from the sun than the earth is.

4. What forces act on the planets? What
are the motions of the planets? What is a
year for a planet? What is a day?

5. Why does Mercury travel faster than

the other planets? How long is a year on Mer-
cury? How long is a day?

6. Compare the size of Mercury with that

of our earth. Has Mercury an atmosphere?

7. Compare the size of Venus with that

of the earth. Compare its atmosphere with

that of the earth.

8. Compare the length of a year on Mars
with that of a year on the earth. Does
Mars have changing seasons during its year?

Compare the size of Mars with that of the

earth.

9.

Compare the climate on Mars with that

on the earth. Does Mars have sufficient at-

mosphere for a man from the earth to live

there in comfort?

10. How many moons has Mars, and how
large are they? How many moons have the

other planets?

11. What are the asteroids?

12. Compare the size of Jupiter with that

of the other planets. Explain why Jupiter is

not perfectly round.

13. How long is a year on Jupiter compared
with a year on the earth ? Explain why Jupiter

has no change in seasons.

14. Do all the moons of Jupiter travel in

the same direction? Explain how one of the

moons of Jupiter was used to measure the

speed of light.

15. Explain why Saturn has such long

seasons.

16. Compare the size of Saturn with that

of the earth. Compare the amount of light

and heat received by Saturn from the sun with

the light and heat which is received by the

earth.

17. Of what are the rings of Saturn

composed?

18. How was Uranus discovered? Nep-
tune? Pluto?

19. What is the length of a year on Uranus?
on Neptune? on Pluto?

20. Compare the sizes of Uranus, Neptune,
and Pluto with that of our earth.
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Tlie Earth

Our Own Planet. We have been interested

in learning the outstanding things about the

sun and its family of planets. As a member
of that family, our earth was discussed briefly.

From that discussion we have concluded that

the earth is essentially a planet of modera-

tion; it is neither the largest nor the smallest,

the hottest nor the coldest, the swiftest nor

the slowest, the most distant nor the closest.

Our earth is a sort of ^'in between” planet.

This is remarkably fortunate for us, since it

makes the earth particularly suitable for the

development of life as we know it; in fact, it

is hard to imagine what kind of beings might

be able to exist on the other planets, since

each of them has characteristics which would

make our kind of life impossible or extremely

difficult.

Here on earth we enjoy a delicately ad-

justed set of physical conditions, each of

which has become necessary for our survival.

What are some of the important conditions?

We will fix our attention on three in an at-

tempt to answer the question "What do we
require of our planet?”

First of all, we must have a solid crust for

our planet so that we can move about on it,

build houses, and cultivate crops for food.

This crust is the source of soil.

Next, we must have a temperature confined

within surprisingly narrow limits. In fact, we
sometimes feel that nature is making us un-

comfortable when either of our limits is ap-

proached. These limits, however, are greatly

exceeded on most of the other planets.

A thermometer would have to measure

temperatures from 400° below zero to 700°

above zero on the Fahrenheit scale to cover

the range of temperatures on the nine planets.

From the small part of this scale used for our

earth, you can see the narrow range within

which we can live.

In the third place, we must have a reason-

ably moist atmosphere containing oxygen.

This atmosphere is necessary not only for us

to breathe but to provide water so that we
may cultivate food crops. Considering only

these factors, we see that the earth is a planet

which is well suited to man’s needs.

Motions of the Earth. Not long ago a writer

wove a fanciful plot about the erection of

tremendous office buildings in an imaginary

metropolis. He described how they might

cause such an unbalanced condition on the

earth as to interfere with, and eventually stop,

its rotation. The metropolis was finally de-

serted in the bitter cold darkness of endless

night, while the opposite hemisphere was ex-

posed to continual daylight from a motionless,

blazing sun. The familiar winds and rains,

which had resulted from the motion of the

earth and the daily temperature changes, were



finally stilled. Men were able to survive only

along a dim and narrow strip of twilight be-

tween the hemispheres of endless day and

night.

It is sufficient to say that all the works of

man together could not have the slightest

effect on the motions of the earth. Despite its

absurdity, however, the story prompts some

interesting speculation on the possible effects

of any disturbance to the habitual motions of

our dependable earth. Since these motions

are so important to us, we should be interested

in learning a little more about them.

The motions of the earth are rapid and

complicated. It is difficult for any of us in

the middle latitudes to realize that, owing

to the earth’s rotation, we are moving east-

ward at the tremendous rate of 700 miles an

hour. If we were at the equator, we should be

going about 1000 miles an hour. We are also

revolving around the sun faster than 65,000

miles an hour, and at the same time we are

following the sun out through space at the

rate of 43,000 miles an hour.

The earth, while spinning, wobbles like a

large top, each of these gradual irregular

movements requiring about 25,000 years.

This causes the axis of the earth to change

slightly in direction, as we may see from a

study of the earth’s relation to the North Star.

Some 12,000 years hence, the north pole of

the earth will no longer point to the North
Star, as it does now, but will point toward

Vega. Even now the north pole points one de-

gree away from the North Star.

Centuries ago the Pharaohs of Egypt de-

pended upon the star Thuban as their pole

star. When the Great Pyramid at Giza was

built, about 2800 b.c., a hole was left high in

one of its sides. From this opening a great

stone tube led down to a room hollowed out of

solid rock 380 feet below. In this room, which

served as a place for an altar, was the figure

of a god, so placed that the light from Thuban
would shine directly down the long tube into

the eyes of the image. But the rays from Thu-

ban no longer illumine the stone passageway

of the mighty pyramid, for the earth has

shifted, so that Thuban is not now our North

Star. In another 21,000 years, provided the

pyramid is still standing, the light from Thu-

ban will again shine down into that hidden

chamber.

In China there is an astronomical observa-

tory which is 4000 years old; in it is a granite

wall in which two eyeholes were bored in

such a position that a person could sight Thu-
ban, then the North Star. Now through these

same eyeholes a person sights Polaris, our

present North Star.
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The Seasons. We know that any part of the

earth’s surface (our own schoolyard, for ex-

ample) receives light and heat from the sun

in greatest intensity at the time when the sun

is nearest to a position directly overhead

—

or high noon, as it is sometimes called.

The axis of the earth, like the axes of the

other planets, is tilted with respect to its path

around the sun. Therefore people who live

in the temperate regions observe that during

one half of the year the sun each day appears

to travel across the sky in a path which brings

it more nearly directly overhead than during

the other half of the year. During the months

when the sun rides high in the sky over our

part of the earth, we receive a greater amount

of heat and light than we receive during the

months when the sun remains farther down
toward the horizon. This regular annual vari-

ation in the heat and light provides us with the

seasons of the year. You may see from the

diagram how this variation results from the

23J° angle of inclination of the earth’s axis.

If the earth were not tipped, we should

have no changes in seasons; there would be

no winter or summer. If the earth were not

tipped, the days and nights would always be

the same length, and we should never have the

long winter nights or the long summer days

that are so familiar to us in the United States.

If we examine the diagram on this page, we

see that the pole which is pointed toward the

sun receives sunlight 24 hours a day, while the

pole which is turned away from the sun is in

continual darkness. Each pole points toward

the sun for six months, then away from it for

six months. Thus persons who stay near the

south pole, as Admiral Byrd’s party did, are

in a region which has a day of about six

months and a night of equal length. When
the sun rises there in the spring, it makes a

complete circle around the sky instead of ris-

ing in the east and setting in the west, as we
are used to seeing it.

When the north pole is tipped toward the

sun, we have summer in North America, be-

cause the days are longer and, as a result, the

sun heats the land for a longer time each day.

Furthermore, the sun’s rays at that season

strike more nearly straight down on the sur-

face of the earth. This direct line causes the

rays to be more concentrated, and therefore

they heat the land more.

This is illustrated by the diagram at the

foot of page 22. When the light coming

through the tube strikes the surface at right

angles, it covers 4 square inches. But when

the tube is tipped as shown, the light covers

12 square inches. Thus, in the latter case.



each square inch of surface receives only one

third as much heat and light as in the first case.

Similarly, the sun’s rays striking straight

down upon the earth are shown in a at the top

of this page
;
in h the sun’s rays fall at a slight

angle; in c they are almost parallel to the

surface, and few, compared with the rays at a,

strike an equal area of the earth. For this rea-

son the climate is hotter as we travel farther

toward the equator, because the sun is higher

in the sky and the rays strike the earth more
directly.

The Calendar. The movements of the earth

give us our seasons and our days and our

nights. For thousands of years men have ap-

A
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preciated these phenomena as they affected

their daily lives. The seasons of rain, flood,

and drought, the times for planting and har-

vesting, the scorching summer days and the

long, cold winter nights were all familiar and

important, and they might be predicted if

only some form of calendar could be devised.

The early Egyptians were partly successful

in planning a calendar, but it was difficult for

those ancient astronomers to make a satisfac-

tory calendar because the earth actually re-

quires nearly 6 hours more than 365 days to

complete its trip around the sun. Thus the

earliest calendars were all more or less in-

accurate.

Julius Caesar had one of his astronomers

prepare a calendar which was almost exactly

the same as the one we use today. However,

it made the year about 1 1 minutes too long.

Such a small error amounts to very little in

one man’s lifetime; so nobody thought much
about it. Nevertheless this small error equals

one day in 128 years, so that after a few hun-

dred years the mistake became quite pro-

nounced. Thus the calendar differed by 10

days from true astronomical time by the year

1582. In that year, by direction of Pope

Gregory XIII, it was changed to its present

form.

This is the calendar we use today, and is

called the Gregorian calendar. It provides for

an extra day in every year divisible by 4 (leap

year) except in any year divisible by 100 un-

less it may also be divided by 400. This calen-

dar is so accurate that it will not be off more

than a day in 3000 years; and that time is so

far away that we may well let our distant

descendants worry about further corrections.

The year of 365 or 366 days is divided into

twelve months. The number of days in a

month is a source of confusion, making it

necessary for us to stop occasionally and say,

^'Thirty days hath September, April, June, and
November . .

.” All this bother was caused

by the vanity of one man—Augustus Caesar.

Julius Caesar had arranged the number of

days in the months simply, in such a way that

every other month would have 31 days and



all the others 30, except February, which
would have 29. But Augustus Caesar was
jealous because August, the month named
after him, did not have as many days in it

as July, the month named after the great

Julius Caesar. Consequently he took a day
from February and added it to August, then

rearranged the other months in our present

mixed-up form.

In order to eliminate this confusion a re-

vision of the calendar has been proposed. Ac-

cording to one plan the year would be divided

into months of 28 days each. Each day of

the week would fall upon the same day in

each month. For example, if Tuesday were
the third of January it would also come on

the third of all the other months. Whatever
the advantages of such a plan, they have not

been sufficient to arouse any
popular interest.

The Moon. Our nearest neighbor is the

moon, the satellite of the earth. The moon is

astronomically close to us—only 240,000

miles away. In our model of the solar sys-

tem (p. 5), the moon would be a microscopic

speck only of an inch (or double the

thickness of this paper) away from our tiny

earth. If an airplane could fly toward the

moon at the rate of 200 miles per hour, it

would take only 50 days to get there.

Although the moon is only 2160 miles in

diameter, it is so close to us that astronomers

have been able to find out a great many
things about it. Its surface is apparently a

barren expanse of desolation, devoid of

grasses or trees and of water or rain (see

illustration, p. 24). Almost everywhere sharp,

jagged rocks appear. Much of the surface

is covered with high mountain ranges, inter-

spersed with vast plains. Some of the moun-

tains are over 20,000 feet high.

There are also craters over 100 miles wide,

some of them nearly 20,000 feet deep. There

has been considerable discussion among as-

tronomers as to the cause of these peculiar

craters. Many of them have tall spires, or

considerable^ mountains, in their centers, while others have

comparatively smooth-surfaced floors. On the

earth, volcanic craters may have little cones

within their centers, but they do not have tall

spires, or mountains, within them. Some as-

tronomers explain the craters of the moon by

saying that the smooth-floored craters are vol-

canic, while those with spires in their centers

were probably caused by huge meteors strik-

ing the moon. This explanation assumes that

a great meteor would strike the moon so hard

that the action would be similar to that of a

rock dropped into water. You have noticed

that such a rock will disappear below the sur-

face and some water will suddenly spurt up-

ward from the center of the splash. If this

explanation of the central spire is correct, the

moon has certainly undergone a terrific bom-

bardment of meteors—perhaps no greater

than our earth has faced, but the i?^oon has no
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The surface of the moon. Mountains and craters,

easily observable in a telescope, mark the face

of the earth’s satellite

atmosphere to soften the blow, orwind and rain

to wear away, or erode, the great scars. There-

fore these scars remain throughout the ages.

The surface of the moon acts like a huge

mirror, reflecting the light of the sun. The
moon appears bright at night only because it

reflects sunlight to the earth. Contrary to the

superstitions of some people, the moon has

no effect upon our weather conditions or upon

the growing of plants. Compared with the

sun, it is weak in power, as well as small in

size. In 13 seconds the sun sends as much
light and heat to the earth as the moon gives

us in an entire year. Yet the moon has one

pronounced effect upon the earth; it causes

the ocean tides. The moon exerts enough

gravitational pull upon the earth to draw the

ocean water toward it, giving us the high tides,

with which we are familiar.

The great mathematician Sir Isaac New-

ton (1642-1727) proved that the force of

gravitational attraction of each heavenly body

depends on the mass of the body, or the

amount of material in it. Because the moon

is so small, its gravitational pull is only about

one sixth that of our earth. Therefore a man
who on the earth weighs 180 pounds would

weigh only 30 pounds on the moon. Such a

person could easily jump 20 feet high or, if a

golfer, could at one stroke drive a ball over a

mile. The moon does not have sufficient gravi-

tational pull to hold any gases on its surface.

If the moon ever had an atmosphere, it was

lost long ago.

Traveling around the earth in much the

same manner as the earth moves around the

sun, the moon moves at a speed of over

2000 miles an hour, requiring about 28 days

to make one trip eastward around our earth.

It would require less than 28 days if the earth

were not also rotating in an easterly direction.

At the same time the moon is rotating on its

axis once each 28 days. Consequently it al-

ways keeps the same side toward the earth,

and man has never seen its other side; yet we
assume that the hidden side looks much like

the face we do see.

The climate on the moon is one of extremes

because the days and nights are so long and

there is no blanket of atmosphere to retain

the heat at night or to prevent the sun’s rays

from scorching the surface in the daytime.
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The side that is exposed to the sun reaches a

temperature above that of boiling water.

Whenever the sun’s rays fail to reach any

region of the moon, darkness comes immedi-

ately because there is no atmosphere to pro-

duce twilight. Then the temperature falls so

rapidly that within an hour or two it is below

freezing, and within 48 hours the temperature

drops to at least 100° below zero Fahrenheit.

When we see the sun, it is always a com-

plete disk of light, but on only a few nights

in a month do we see a full moon. Instead,

as the moon moves from ^'new moon,” keep-

ing the same side always toward us, the

lighted portion, as seen from the earth, varies

from a tiny crescent to the ''first quarter” and

then to the "full moon.” Then, as the moon
continues to revolve around the earth, it shows

us a diminishing disk. "New moon,” "first

quarter,” "full moon,” and "third quarter”

are the so-called phases of the moon.

You can illustrate these changes in the ap-

pearance of the lighted portion of the moon
by using a white ball and a bright light. By
varying the relative position of the ball with

respect to your eyes and the light, you can

observe that the ball has an appearance simi-

lar to that of the moon as it goes through the
R

phases of illumination. When you hold the

ball between you and the light, it will appear

to be entirely dark
;
but as you gradually move

it to one side, a thin portion of the illuminated

side will be seen in the shape of a crescent.

This is like the new moon. As you continue to

turn the ball, the crescent will become thicker,

so that when you are looking at the ball at

right angles to the light’s rays, you will ob-

serve the same effect as when the moon is at

first quarter. If you continue to turn the ball,

the moon will become full at the time when
you are looking directly away from the light.

A continuation of the turning will bring the

third quarter and successively decreasing

stages until the ball once again shows only

its darkened surface. (See diagram, p. 24.)

Eclipses. Occasionally it happens that the

moon passes directly between the earth and

the sun. Of course, when this happens, the

moon casts its shadow on the earth, just as a

cloud or an airplane may cast a passing

shadow over the earth on a sunny day. Thus

the moon can darken a wide path as its

shadow travels across the earth. Then we

say that an eclipse of the sun has occurred

(see diagram above); that is, the earth has

passed through the shadow cast by the moon.



Among ancient peoples an eclipse, espe-

cially one that caused darkness in the middle

of the day, produced much fear and con-

sternation. The Chinese believed that a

dragon was trying to swallow the sun, and

that if everybody would beat pans and make
all kinds of noises the monster would be fright-

ened away. We can well imagine the relief

that came to those people when the enemy
gave up his attempt and left the sun free.

Sometimes the earth comes between the

moon and the sun (see diagram, p. 25). In

this case the intervening earth shuts off the

sunlight from the moon, leaving it temporarily

dark. We call this an eclipse of the moon;
what actually happens is that the moon travels

through the shadow of the earth.

STUDY GUIDE

1. How does the earth compare with the

other planets? What conditions make our

planet peculiarly suitable for life?

2. The planets have temperatures ranging

from -450° F to 750° F. Through what frac-

tion of this range can we survive?

3. What are the different movements of

the earth? What are the effects of these

movements?

4. What determines the seasons?

5. What was the purpose of the Gregorian

calendar? What are the characteristics of

this calendar?

6. What is the distance of the moon from
the earth? What is its size?

7 . What is the period of revolution of the

moon? the period of rotation?,

8. What are the surface conditions and

features of the moon? Give a theory as to

the origin of the craters.

9. Describe the cause of phases; of

eclipses.

10.

What important effect has the moon
upon the earth?

Comets and Meteors

Comets. Traveling in far greater orbits

than the planets are the comets. Formerly

these were considered as visitors from outer

space. Regardless of where they may have

originated, most of them are probably now
permanent members of our solar system.

The word comei comes from a Greek word
meaning ''long-haired.” This name refers

to the fact that a comet has a long, hairy-

appearing tail, which it acquires as it ap-

proaches the sun and loses again as it leaves.

This tail is a dust cloud. The sun’s rays

are able to exert a pressure which drives

extremely fine dust and gas away from the

head of the comet, thus producing a tail ex-

tending for millions of miles. The tail always

points away from the sun. As the comet ap-

proaches the sun, its tail is behind it, but it

is in front as the comet recedes. Only when
a comet is close to the sun does it have a pro-

nounced tail. A comet far out in space has

none because the pressure of the sun’s rays

is not sufficient to force dust from the head.

This continual loss of materials results in a

decided decrease in the weight of the comet.

The head of a comet is not solid. In gen-

eral, it can be likened to a thick dust cloud
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with some gravel in it. Probably this head

is not hot. Much of the light we see from

comets is due to reflected sunshine, but part

of this light results from electrical causes not

fully understood.

When a comet flies in toward the sun, there

are three things which can happen to it (see

diagram above): If it falls straight toward

the sun, it will strike that sphere and become

a part of it. If it falls close to the sun, it will

whirl around that sphere and then start off in

the general direction from which it came. As

it flies away, the sun will pull back on it and

gradually retard its rate of travel. As it slowly

loses speed, it will fly onward for millions of

miles, until finally the pull of the sun will stop

its outward flight; then it will curve around

and fall back toward the sun again. In this

case the sun has "captured” it, and the comet

may never escape from the sun’s control.

Each time it approaches its captor, it will

become weaker because great masses of ma-
terial will be driven off in the form of a

tail.

Sometimes, when a comet leaves the sun,

it will come near a large planet like Jupiter

and will also be attracted to it. Then the

comet will be hurled back and forth between

this planet and the sun until the long-tailed

visitor is finally worn out.

The third fate which may befall a comet

as it approaches the sun is that it will be bent

out of its path but not captured by the sun’s

gravitational attraction. It will then fly off

into space, never to return. Some of the

comets which visit the sun belong to this class

and are seen but once in our solar system.

What other stars they may visit on their end-

less flight no one knows.

In ancient times the sudden appearance of

a comet always brought terror. If any un-

usual thing happened during the visit of a

comet, this event was forthwith attributed to

the comet. For example, in 1453, when the

Turks captured Constantinople, all Christen-

dom was afraid that the Turks would succeed

in conquering the rest of the Christian na-

tions. When fear was at its height, Halley’s

comet, which returns every seventy-five years,

appeared in the sky. Everybody thought that

the phenomenon was a sure sign that the

Turks would win. Thus did a natural phe-

nomenon, not understood, strike terror into

people’s minds.

For many centuries Halley’s comet has

been a regular visitor. In all probability

the bright comet of 457 b.c. was Halley’s.

How many times before this it visited the

sun we do not know, because the ancient

records are too faulty. The last time this

comet visited us was in 1910; it should

return again in 1985. At the present time

it is in the most distant part of its path

and is slowly beginning its long return

journey.

Astronomers know of many beautiful

comets which will probably return again. The

huge . comet of Donati, which lighted the

heavens in 1858, should return again in the

year 4000. Some comets return often; others

come infrequently. When the path of one

comet was carefully plotted, it was found that

it would not return to us for 24,000,000

years.



Meteors. Biela’s comet used to pass close

to the earth every 6| years. We have records

of it before the Revolutionary War. How-

ever, in 1846 something began to happen to

it. After a few weeks it split into two parts,

which for several months traveled side by

side, about 160,000 miles apart. On their re-

turn, in 1852, these parts were separated by

more than a million miles. Since then they

have not been seen again. But when the earth

crossed the old path of this comet, we had a

brilliant meteoric shower. The sky was filled

with ''shooting stars.” These meteors were

pieces of this exploded comet. Each year in

November, when we cross this comet’s path,

we have a shower of meteors (see diagram

above). The showers are becoming less bril-

liant each time, because the pieces of Biela’s

comet are getting farther and farther apart.

We are now fairly certain that most "shoot-

ing stars” are simply pieces of old worn-out

comets which strike the earth’s atmosphere.

Some of these meteoric showers have been

traced back at regular intervals in history for

over a thousand years. Astronomers believe

that most meteors are quite small. There are

exceptions, however, some very large ones

having appeared in the heavens.

Meteors travel with such speed that as they

enter the upper regions of the earth’s atmos-

phere, at perhaps 100 miles above the earth,

the friction of the air sets them on fire. Most
of them burn up before they come within

30 miles of the surface of the earth. Those

parts of meteors which do reach the earth are

known as meteorites. These solid meteorites

vary greatly in their composition. Many of

them are of iron, and some are of iron and

nickel, but stony meteorites are more common

than metallic ones. None have been found con-

taining silver or gold, though one containing a

small diamond was found in Arizona. Meteor-

ites can usually be recognized by their fused,

black crust, which is thin and glossy, some-

what like varnish. This thin crust is sharply

distinguishable from the rest of the stone.

The distance which separates us from the

place whence these meteorites come is almost

infinite. Once an astronomer called upon a

king. On the royal desk was a small rock used

as a paperweight. Proudly displaying this

rock, the king said that it was taken from the

highest spot on earth, namely, Mt. Everest.

Some explorers who had tried to climb this

mountain had brought back this rock from

the highest point they had reached. It was

thus a sample from the highest place in

the world. Smiling at the king’s story, the

astronomer pointed to a bright stone on his

stickpin, a stone which had been made from

a meteorite. While the paperweight had come

from some several thousand feet above the

surface of the earth, the stickpin had come

from untold millions of miles. It was the gift

of a visitor from outer space.

Although most meteorites are small, there

have been a few cases where really large ones

have struck the earth. One fell in Siberia in

1908. Landing about 400 miles north of the

Trans-Siberian Railway, it killed everything

for miles around, and left a devastated area

40 miles across. Fortunately no people lived

in this region, or they too would have been

destroyed. The roar of this meteor, as it

whizzed to earth, was heard for 400 miles.

Meteor Crater in Arizona is a spot where a

meteor probably struck the earth some 50,000

or 75,000 years ago. This crater is nearly a

mile in diameter and several hundred feet

deep (see illustration, p. 29) . A company has

been organized for the purpose of obtaining
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minerals from the main body of the great

mass, which apparently lies under one edge

of the crater, far beneath the surface.

Some astronomers believe that there is evi-

dence that a large comet struck our con-

tinent in North and South Carolina. This

region is "pocked” with many holes, like those

formed when shells from large guns strike

the ground. Coming from the northwestern

sky, this comet covered several states when
it struck, probably millions of years ago. If

a comet of that size were to strike now in

the same place, the explosive force of the

superheated air would probably destroy all

life east of the Mississippi River.

STUDY GUIDE

1.

What is the composition of a comet’s

head? of a comet’s tail?

2. What is the position of a comet’s tail

when it is approaching the sun? when it is

receding from the sun?

3. Is the head of a comet hot?

4. What are three possible effects the sun

may have upon a comet as it comes into our

solar system?

5. What is the origin of meteors? What are

meteorites?

IMPORTANT THINGS IN THIS CHAPTER

Our sun, 93,000,000 miles away, sur-

rounded by its group of planets, is traveling

through space at the rate of about 12 miles

each second.

The sun is over 100 times as large as the

earth and requires 25 days to turn on its axis.

The surface of the sun is a mass of hot

gases with a temperature of about 1 1 ,000 de-

grees Fahrenheit. The center of the sun has

a temperature of about 70,000,000 degrees,

but the heat produced by the sun varies from

day to day. About every 1
1
years, the storms

on the sun’s surface, called sunspots, increase

in number.

Meteor Crater in Arizona. This crater was probably formed

by the impact of a giant meteorite which in all likelihood

was shattered by the impact

Army Air Service
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The solar system consists of the sun, nine

planets, and many asteroids. The smallest of

the planets is Mercury; the largest, Jupiter.

The distances between the planets and the

sun vary from 36 million to 4000 million

miles. Mercury is nearest to the sun; Pluto

is farthest from the sun.

The earth travels along an elliptical path

around the sun. In making this trip around

the sun, the earth rotates on its axis 365 times.

Each rotation is divided into 24 equal hours.

As the earth rotates on its axis, it wobbles;

this will result in the earth’s north pole point-

ing toward Vega in about 12,000 years.

The moon, about 240,000 miles away,

travels around the earth in about 28 days.

It rotates on its axis once in 28 days, so that

the same side is always turned toward the

earth, and its days and nights are each 14

times as long as those of the earth.

The inclination of the earth’s axis results

in the seasons of the year.

The moon is only 2160 miles in diameter

and is only 240,000 miles away from the earth.

It has no atmosphere, and its temperature

varies by at least 300 degrees Fahrenheit.

The moon is important to us mainly be-

cause it causes our ocean tides.

When the moon is between the earth and

the sun, there is an eclipse of the sun. When
the earth is between the moon and the sun,

there is an eclipse of the moon.

Comets travel in wide orbits around the

sun, returning to the same position only after

many years.

Meteors are fragments of comets. When
they strike the atmosphere, they are usually

consumed Those portions which reach the

surface of the earth are called meteorites.

AFTER YOU FINISH THIS CHAPTER

1.

Write the names of the planets in a col-

umn. Beside each give its distance from the

sun, the length of its year and day, its diame-

ter, and the number of its moons, if any.

2. Read about some common ancient super-

stitions regarding the planets.

3. Read about the discovery of the so-

called canals on Mars.

4. Draw Venus in such positions with re-

spect to the earth and the sun that it will

appear as a crescent from the earth (see

page 24).

5. Read a description of some recent ex-

peditions which have been made by astrono-

mers to study eclipses of the sun. Find out

the importance of studying the sun’s corona

and explain why the corona can be studied

satisfactorily only during a total eclipse.

6. Read about eclipses. Describe the dif-

ference between a total eclipse and a partial

eclipse. When is each produced?

7. Read about the visits of Halley’s comet

during ancient times.

LEISURE-TIME ACTIVITIES

1. Hold a piece of smoked glass in front of

a pair of binoculars and try to locate some

sunspots on the sun.

2 . One of the most interesting hobbies for

students is the making of small telescopes.

Complete directions for their construction

can be obtained from almost any library or

boy’s magazine. In comparison with the cost

of purchasing such instruments, it is inexpen-

sive to make a telescope powerful enough to

study our moon and most of the planets.

3. Look in an almanac or star chart to see

which planets are visible in the heavens. Then
go outdoors at night and see if you can locate

them.

4. Every student who can possibly get an

opportunity to look through a telescope three

or more inches in diameter should look at

Jupiter and have the pleasure of watching the

movement of its moons.

5. Use a light-meter to find out how much
light is being reflected from the ground on a

sunny day. Then go into a room and darken

it until the meter shows only about

much light. You then have approximately the

same amount of light as Uranus has on a

sunny day.
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The star-dotted sky. Millions of stars are revealed to us by the telescope.

In this picture the white band shows the high concentration of stars

as one looks across our Galaxy. This band is the Milky Way

2 • BEYOND THE SOLAR SYSTEM

The Stars

What Are Stars? What is in the vast reaches

of outer space far beyond our solar system?

What is the nature of those thousands of tiny

points of twinkling light which we see above

us on clear nights?

Our study of the sun, which is actually a

star, will have given us some understanding

of the stars in general. Compared with the

earth, the sun is tremendously large. In fact,

it is so much larger than all the planets to-

gether that we may have the impression that

it is king of the universe. Yet for all its im-

portance to us, the sun is only a very ordinary

star, smaller and cooler than many. Such a

giant as Antares has a diameter over 400 times

that of the sun.

On a clear night you may see over two thou-

sand stars in the sky. In all the heavens

something like six thousand stars may be ob-

served with the naked eye. This number is

only a small part, however, of the billions of

stars which may be detected with our modern

telescopes.

Because our earth is turning from west to

east, the stars appear to be traveling from east

to west on a dome which we call the celestial



sphere. This sphere appears to ro-

tate around the North Star. The

stars near the celestial pole trace

circles in the night sky, the radii

of which increase with the distance

of the stars from the North Star.

Those nearer the horizon rise and

set like the planets and the sun.

The stars are so distant from

us that their relative positions, in

spite of their motions through

space, seem unchanged except

after a long period of time. The

position of the major stars for any

hour of any night may be learned

from a study of star maps.

Each star, like our sun, is a

sphere of hot gases. Temperatures,

like sizes, have a wide range, our

sun being only a moderately hot

star. The brightness of the stars

varies with the size and the tem-

perature. For convenience, as-

tronomers have classified the stars

according to their brightness. A
star of the first magnitude is, for

example, two and a half times as

bright as one of the second mag-
nitude, while a second-magnitude

star is two and a half times as

bright as one of the third magni-

tude, and so on.

Of what are these stars made?
The astronomers answer this ques-

tion with considerable accuracy

from a careful examination of the

light received. A powerful tele-

scope collects light from a distant

star. This light passes through a

spectroscope, an instrument with a

glass prism which disperses light

into its separate colors. At some
time you have seen a sunbeam
similarly scattered into the colors

of the rainbow by passing through

an angular piece of glass, such as

a prism or a crystal from a lighting

fixture. The rainbow band of color
This distance b used as

the base of the triangle

thus produced is known as a spec-

trum. Astronomers have a system

for comparing the spectrum ob-

tained from a star with the bright

lines seen when the hot vapors of

various chemical elements are ob-

served through a spectroscope.

Such a comparison leads to a fairly

accurate knowledge of the com-

position of the stars, showing that

most of them are made of hydro-

gen, oxygen, iron, carbon, and

other elements which we find on

our earth and on the sun.

Star Distances. The distances of

the stars are so great that astrono-

mers have found it too inconven-

ient to speak of them even in

millions of miles. They measure

the distance to a star by the time

it takes the light from the star to

reach the earth. The unit is a light-

year : the distance that light, travel-

ing 186,000 miles a second, travels

in a year. For example, the light

from the sun reaches us in about

8 minutes, since the sun is one of

our near neighbors, but light from

the next nearest star takes about

4 years to reach us. We are 300

light-years away from the North

Star, and many stars are thou-

sands or even millions of light-

years away. Since a light-year is

approximately 5,870,000,000,000

miles, a million light-years would

be a very great distance indeed.

One method for measuring the

distances of the nearer stars makes
use of trigonometry as follows: If

we know the length of the base of

a triangle and the size of the two
angles at the base, we can find the

distance to the apex of this tri-

angle. In order to have a triangle

with a base long enough, we sight

a star in the summertime, and then

again in the winter, when the earth
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is on the opposite side of the sim. The base

of this triangle is about twice 93,000,000

miles.

Binary Stars. Often we do not have merely

single stars, isolated spheres of hot gases; we
find combinations of two stars, a few millions

of miles apart, revolving about a point some-

where between them. Because they are so

tremendously far away from us, such binary

stars appear to be very close together; in-

deed, it is usually impossible for our eyes to

see them as two separate points of light with-

out the aid of a powerful telescope. A recent

search of a small portion of the sky resulted

in the discovery of 4300 new double stars.

Undoubtedly there are a great many of them;

in fact, some astronomers believe that over

half of all the stars may be paired in this way.

Familiar Stars. There are many fascinating

star groups, or constellations, in the sky. The
ancient civilizations had a story about each,

and a student can spend many happy evenings

reading these stories>.

Most students recognize the Big Dipper

and, by means of its two pointer stars, locate

the North Star. This group was not called a

dipper by the ancients. They saw in this

group a large bear. The handle of our Dipper

was the tail of their Great Bear. A student of

the present time would have to stretch his

imagination to the utmost in order to make
this group of stars look like a bear. But here

is a peculiar thing: The Indians in North
America pictured this group as a bear in al-

most the same way as was common in southern

Europe. Yet the Indians knew full well that

a bear does not have a long tail. How similar

stories developed in such widely separated re-

gions will probably always remain a mystery.

We shall always wonder if some wandering

tribes carried these stories throughout the

world.

Another long-famous star, Sirius, the

brightest in the sky, was called the watchdog

of the Nile by the Egyptians, and it was known
over most of the ancient world as the Dog Star.

It was of especial significance to the ancient

Egyptians.

Once a year the great fertile valley of the

Nile is flooded, and the waters drive all living

things from the valley. These floods were both

a danger and a blessing to the Egyptians.

They brought plenty of water to their parched

soil to produce abundant crops; but, on the

other hand, they meant death to any settler’s

family, sheep, and cattle if he was slow in

moving his belongings to the highlands for

safety. When the floods receded and the mud
dried up sufficiently so that people could walk

on it, there was a great pilgrimage of agricul-

turists back to the valley. All were in a hurry

to get their crops planted for that year’s food

supply.

You can readily see that it was of the ut-

most importance that the Egyptians should

know exactly when the floods were to be ex-

pected. The rains all fell at the head of the

Nile, and then without warning the floods

would come rushing upon the settlers in the

lower part of the sacred river. The Egyptians

found that when the star Sirius rose in the

morning, it was a sure warning that the floods

would soon be upon them. Thus it was a true

watchdog of the Nile.

Exploding Stars. Self-operating cameras at

Harvard University automatically photo-

graph the skies all night long when weather
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An exploding star. Nova Persei as observed on September 20, 1901,

and again on November 13, 1901

permits. Sometimes disturbances in the

heavens are not seen by the professional as-

tronomers. Such disturbances are frequently

reported by keen-eyed amateur observers who
have more enthusiasm than equipment, and

who delight in telling the professors what they

are missing. For example, an amateur as-

tronomer, who is a farmer during daylight

hours, has discovered several new comets, two

of which have been named after him. As a

matter of custom, when an amateur locates

anything unusual, he reports it to Harvard

University, where it is verified by examining

photographs taken at the time.

These photographs are sometimes found to

contain interesting secrets. While looking

through some of the thousands of pictures in

the files in the summer of 1939, a young
astronomer came upon a remarkable story.

One of the photographs which had been taken

on December 9, 1937, showed a gigantic ex-

ploding star which had flared up with such

tremendous brilliance that it gave off over four

million times as much heat and light as our
sun. Of course it was so far away that, even
at its brightest, we should have seen it as just

one of the myriads of tiny specks of light in

our evening sky; but for a few months it rep-

resented the greatest cosmic catastrophe that

man has ever witnessed, compared with which

anything that could happen to our puny earth

would be inconsequential indeed.

But the most striking thing about this

gigantic explosion is that it happened at least

six million years before man walked on this

earth. This huge star, which either blew itself

to pieces or was shattered by a collision with

another star, was so far away that it took the

light millions of years to reach us. Try to

realize that if some such mishap were to de-

stroy our North Star tomorrow, neither we
nor our great-great-great-great-grandchildren

would ever know about it, since even this rela-

tively near star is over 300 light-years away.

Star collisions are fascinating to think

about. Knowing that such collisions do prob-

ably take place, we may well ask, "Just what
are the chances of such a collision?”

Perhaps a simple comparison may help us

to realize how exceedingly rare this kind of

accident must be. Suppose two men, stationed

a mile apart, should shoot with rifles in all

directions at whatever birds came into range;

the chance that two bullets would collide in

mid-air would be somewhat like the chance of

a star collision.

Star Ages. Stars grow old, just as people do,

except that it takes them much longer. Also,



just as we can make a fairly good guess at a

person’s age by his appearance, so the astron-

omers tell how old a star is by observing its

size and color. The very youngest stars are

gigantic clouds of rarefied gas at a dull-red

heat. Such a cloud is far larger than any of

the older stars, so that even though the color

might be similar, the huge red cloud can be

identified as a young star. As long ages pass,

the star grows smaller. It grows also more

dense, or compact, and becomes a great deal

hotter, changing from dull red to bright red to

yellow; then, at the very prime of life, it be-

comes a brilliant bluish color.

In this stage the star reaches its highest

temperature, often greater than 40,000° .Fahr-

enheit (F), and gives off light and heat at a

tremendous rate. After this relatively brief

period of blue heat, the star grows gradually

cooler and changes color from bluish through

yellow to bright red and then dull red. The
small dull-red star represents old age and is

like a burned-out ember, gradually growing

cold and dead. After a star has lost its heat,

if it does not meet with some accident, such as

a collision with some other star, it becomes a

dark, cold-surfaced globe which, invisible,

flies on through endless night.

Millions of dark stars are scattered through

the wide realms of space. Astronomers can

detect the presence of these dead suns by
noticing when a bright star suddenly moves
out of its position, although they are unable

to see the dark star which pulled it. It is pos-

sible that the cold stars are greater in number
than all those stars which twinkle so brightly

in the heavens.

One of the youngest stars is Antares. This

bright-red star is the largest star known, hav-

ing a diameter of 400,000,000 miles. The
particles in it are scattered far apart. In fact,

the gases in Antares are about 3000 times

rarer than the air we breathe. Another young

star, smaller than Antares, is Betelgeuse. Its

average density is about the same as that of

the gas in a vacuum tube.

A group of old stars can be found in the

constellation of Orion. This constellation is
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the large kite-shaped group high in the winter

heavens. This kite has a short, stubby tail,

and one of the stars near this tail is so dense

that one cubic inch of it weighs many tons.

The heavens contain many dense stars; for

example, the bright star Sirius has a small

companion star which is so dense that a

spoonful of it would weigh about a ton. If

we could obtain a small piece of this mate-

rial, it would immediately sink to the center

of the earth.

Perhaps we may feel a little worried when
we learn that our sun has passed middle age

and is now a yellow star of gradually diminish-

ing temperature. Some of us might even ask

how much longer we may depend on it to

supply us with light and heat, without which

we cannot live. Are we doomed to find our-

selves one day on a dark frozen earth, in-

capable of producing food or sustaining life?

There is little cause for concern. These as-

tronomical changes take place so slowly that

man has not yet found a way of observing

them directly. We can only say that when
our sun is a few million years older, the earth

may be a little cooler, but at that time our

distant descendants will probably have be-

come adapted to it.

STUDY GUIDE

1. Compare the size of our sun with that

of other stars.

2. Describe the nature of a star. How
can an astronomer tell what a star is

made of?

3. How numerous are the stars?

4. What is meant by the magnitude of a

star?

5. What is a light-year?

6. What are binary stars?

7. What are constellations?

8. Describe the life history of a star.

Island Universes

Our Galaxy. The innumerable stars which

appear as distinct spots of light as seen

through a telescope constitute a single star



system—the Galaxy. The stars are arranged

in a round group similar in shape to a watch.

The diameter of the Galaxy may be 250,000

light-years. The sun is not far from the center.

When you look at the Milky Way, you are

looking across the Galaxy. The stars, looked

at thus, are so numerous that they appear as

a band of light. When you look at the sky in

a direction 90 degrees from the Milky Way,
you are looking out through the side of the

Galaxy, where there are relatively few stars,

which therefore appear as separate spots of

light.

We have seen how the sun is moving in the

direction of Vega. Similarly all the other stars

of the Galaxy are in motion. All are rotating

around a center of the Galaxy.

Beyond Our Galaxy. Is all space filled with

stars, or is our sun in the midst of the only

star system, with the rest of space empty?

A search of the heavens reveals luminous

cloudlike spirals—the spiral nebulae. Astron-

omers believe that these are made up of bil-

lions of stars, although an individual star of

such a group is beyond the reach of our most

powerful telescope. These nebulae are island

universes like our Galaxy.

These island universes are millions of light-

years away. They are separated by enormous

distances from each other.

The stars in each group are apparently

whirling around a common center. At the

same time, the island universes seem to be

rushing away from each other, the distances

between them becoming greater. This uni*

verse of ours appears to be an expanding

universe.

STUDY GUIDE

1. What is the Galaxy? the Milky Way?
2. What are island universes?

3. What is meant by an expanding uni-

verse?

A spiral nebula. Apparently our Galaxy is of like nature and shape
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IMPORTANT THINGS IN THIS CHAPTER

Stars, like our sun, are huge, globular

masses of hot gases.

About six thousand stars may be seen with

the naked eye, but these are only a small part

of the millions of stars in the heavens.

The stars are so far from us that the dis-

tance must be expressed in light-years.

Stars are classified according to their

brightness in terms of magnitude.

Stars have a life history. Some are rela-

tively young; others are old stars. The tem-

perature and brightness change with the de-

velopment of a star.

Our sun is a member of one star system, the

Galaxy.

Beyond our Galaxy are other island uni-

verses.

And all these heavenly bodies are in con-

stant and complicated motion.

AFTER YOU FINISH THIS CHAPTER

1. Read the myths concerning the more im-

portant constellations.

2. Consult reference books and then out-

line the leading steps in the history of astron-

omy. Make a date line showing the chief

developments and, for comparison, include

some well-known events in world history.

3. Write an account of some astronomer’s

life.

4. Make a report on some current theories

held by astronomers regarding the stars

—

their formation and changes, the source of

their energy, and their motions.

LEISURE-TIME ACTIVITIES

1.

Locate the Big Dipper and the North

Star
;
notice how the two pointer stars of the

Dipper point in the general direction of the

North Star. Look at the position of the Dipper

early in the evening, then late at night, and

again in the morning before daylight. De-
scribe the apparent motion of the Dipper.

2. The sun and its family are moving out

through space toward the star Vega. All

students should become familiar with this star.

They can easily get its position for any given

time of the year from a star chart, and then

they should locate it at night.

3. Everyone can derive considerable pleas-

ure from locating some of the important stars

and constellations, such as Sirius and Orion.

The handiest way to find them is by means of

a star chart for the particular month.

4. If you have access to a small telescope,

compare the ages of a number of stars by
means of their colors.
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UNIT TWO

Earth Sciences

The preceding unit gave us a survey of man’s hnovv^Iedge of the

heavenly bodies. Among these are the sun and its planets. For

us. the most important planet is, of course, the earth. In Unit

One the earth as an astronomical body was pictured; its rela-

tion to other astronomical bodies was described.

But now we shall seek a more intimate view of this home of

man. It is a sphere the surface of which consists of uneven con-

tinents and restless oceans. These make possible and limit the

life of plants and animals. Such are the fundamentals of man’s

environment.

But this earth has not always been the same. It has been and

still is a changing earth. In this unit we shall study the conclu-

sions of science regarding the formation of the earth and the

forces which are constantly changing it.

Geology is the science of the earth. In the present unit we shall

find what this science has to say about the earth’s structure and

the fearful forces which sometimes shake it. We shall also, how-

ever, learn of its rich resources, not only deep in the earth as ores

but also abundantly spread on the surface as life-renewing soil.

Here we begin to find some of man’s immediate problems. Many
of the resources are not limitless. They must not be wasted, and

they must be prudently used. This is the problem of conservation.

Above the sphere of rock and its surface of soil and water,

there is a covering of gases—the atmosphere. Here also we find

change, the change of temperature, wind, and rain. This is

weather. The general weather conditions of a given place are its

climate. The study of weather and climate is meteorology. This

science also may be an applied science, as it serves the farmer and

the shipmaster, among others, in planning a safe and sure per-

formance of their work.
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3 THE EARTH OF YESTERDAY
Formation of tKe Earth

Scientific Theory. The scientist may be com-

pared to a detective. The latter starts with a

problem, the crime; he must solve this by find-

ing the motives and persons involved. He
diligently seeks clues. Some of these may be

used as evidence, but some prove to be false

clues. These must be discarded. When the

detective has carefully considered all the

available evidence, he is able to reach a pro-

visional conclusion.

This conclusion is not an unfounded guess,

such as one might make without knowing the

details about the case, but it is based on the

best information which can be obtained at the

time. Nevertheless a conclusion thus derived

cannot be accepted as certainly corresponding

with actual facts. It must be considered as a

sort of "informed guess.” The detective some-

times finds that new events or conflicting evi-

dence make necessary a complete change. If

so, he must be willing to discard his previous

conclusion, since it no longer fits the evidence.

In a somewhat similar fashion the scientist

in his search for knowledge reaches provi-

sional conclusions, or theories, from bits of

evidence gathered by observation or experi-

mentation. But the scientist, unlike the detec-

tive, is unable to submit his evidence to a jury

for a decision as to its merit. For him the

value of a theory depends entirely upon how
completely and satisfactorily it answers the

scientific problem being studied. Often the

scientist cannot test his conclusions, because

he cannot collect enough evidence. But when,

in an attempt to solve nature’s problems, he

finds himself in such a position, he is not will-

ing to give up and forget about the whole mat-

ter. Either he or someone else will need a

reasonable and workable solution to this par-

Dcvil’s Postpile (so called because it suggests a pile of

posts) is a curious formation of volcanic rock found in

northwestern California. (Courtesy of All Year Club of

Southern California)
j

ticular problem in the search for more knowl-

edge. He must, therefore, search for further

clues.

Even with incomplete evidence, the scien-

tist may be able to make a useful "informed

guess.” At least it is worth trying; and if,

later, the conclusion is proved to be wrong,

possibly a better one will at the same time be

found. Thus even an unverified conclusion

may become a sort of guidepost in the endless

quest for more of nature’s secrets. If the

scientist should become somewhat lost in this

search, he will not be afraid to come back to

his guidepost and change it a little. Though at

first it may not be entirely accurate, such a

guidepost is at least of temporary service to

mankind. A history of scientific theories

would be the story of man’s developing study

and understanding in the rapidly expanding

fields of science.

Value of a Theory. Now just what does all

this mean for our study of science? It sug-

gests that there are many things which our

scientists have not yet found out; in fact, we
can be fairly certain that there are many more
things for men to learn in the future than they

have learned in the past. It means that some

of our knowledge is based on evidence which

is not entirely conclusive. It also means that

we must not say, "Oh, that’s only a theory; it

may be entirely wrong,” as if that disposed of

the matter. Carefully prepared theories, even

when they are later proved to be wrong, have

great value in man’s progress toward more

knowledge; they give him "something to go

on.”

We all make use of theories. For example,

after seeing a few football games, you may
have a theory that your school team should

give more attention to solid-line plays instead

of trying to develop a flashy forward-passing

attack. Some famous coaches would agree

with you in this matter, but others would dis-

agree, and it is doubtful that you could ever

justify your belief beyond any possible doubt.

But at least your theory would be useful as a



basis for further investigation if you had

formed it through the use of observed evi-

dence. And this is, of course, the important

thing about a worth-while theory: it is devel-

oped and tested by a consideration of all the

available evidence; it is not conjured up out

of pure imagination.

Well-founded theories, afterhavingbeen re-

peatedly verified, may become scientific laws.

Scientific laws are statements of regular, or

constantly observed, behavior. They are gen-

eralizations. The practical value of scientific

laws is beyond calculation. The early theories

of the Wright brothers and other investigators

led eventually to the formulation of the laws

of flight, by means of which our increasingly

efficient aircraft are designed. Nearly all our

complex inventions had their beginnings in

the theories and laws discovered by the pio-

neers of science. What if these men had said,

*'Oh, that’s only a theory; it can’t possibly be

practical”? Fortunately, they appreciated the

As two stars approached each other, their mutual

attraction drew out streams of hot gases from each.

The streamers of our sun condensed to form the planets.

Such is the explanation of modern astronomy for the

formation of the earth and other planets

practical applications of carefully formulated

theories. And so should we.

A Theory of the Earth’s Formation. In our

study of astronomy we started more or less

in the middle of things
;
that is, we described

the sun, the planets, and the earth as if they

had always existed just as they are today. Yet

the earth must have come from somewhere.

How did it all begin? Can the scientist take

us back in imagination to the time before

there was any earth, and show us how it all

started ? This is not easy because on a number
of points the evidence is not clear. Let us

examine, however, one of the interesting the-

ories which have been proposed as an explana-

tion of the formation of the earth.

This story begins with the sun as an ordi-

nary star, just one of the myriads of huge
whirling masses of hot gaseous material, seeth-

ing and spinning through space for untold

millions of years. Another star, coming rap-

idly toward it from an immense distance, be-

gan to act upon the sun, just as the moon acts

upon the seas of our earth today, causing our

tides. By gravitational attraction great tides

were raised on the surface of the sun. As the

distant star came rapidly closer, these tides

became so great that the huge mass of the sun

was literally pulled out of shape. There was
probably no actual collision, but as the

approaching star passed close to the sun and
sped on its way, the sun was so violently dis-

torted that some of its hot gases were actually

torn from it and w^hirled around it.

The sun at that time would have appeared
like a gigantic pinv/heel with long, circling

streams of glowing gases spinning out for mil-

lions of miles into the blackness of space. The
star that had caused all this commotion dis-

appeared; the attraction of the sun kept its

great broken spirals of material from follow-

ing it. The whirling motion balanced the sun’s

gravitational attraction, and so this matter
continued to float through space, revolving

about the sun, from which it had been so
rudely torn.

As these streamers swung about the sun,
the matter composing them was acted upon by



gravitational forces, so that it gradually came
together into a few relatively compact masses.

These eventually assumed spherical shapes.

Many of them did not travel fast enough to

keep them from falling back into the sun, so

that when the system finally settled down to a

less troubled existence, the sun had lost only

about 1/700 of its original material. Yet this

comparatively paltry handful of star dust was

sufficient to form all the planets and the moons

of our solar system.

The earth and other planets were very hot.

With the passing of the centuries, they grad-

ually cooled down, slowly changing to solids.

Before the completion of this process, how-

ever, the rapid rotation of our molten earth

and the attraction of the sun produced great

distortions. A small piece of the earth was

pulled away. This piece assumed a spheri-

cal shape and, traveling around the earth,

became our moon. Other planets underwent

like changes, giving rise to similar satellites.

Of course these changes took a very long time,

but nature has always had plenty of time and

space for all these vast undertakings.

Although there is not agreement on some of

the details of this picture, most scientists have

accepted some form of this tidal theory as an

adequate explanation of earth formation.

STUDY GUIDE

r 1. What is a scientific theory? a scientific

law?

2. Describe one theory of the formation of

the planets.

3. How may satellites have been formed?

The Cooling Earth

Early Surface Changes. With the gradual

cooling of the earth, during millions of cen-

turies, there must have been a great deal of

shrinking and wrinkling of the surface. If you
keep an apple in a warm place and watch it

from day to day as it shrinks and wrinkles,

you will understand how this process raised

on the earth huge mountain ranges, broke

them to pieces, and then raised other moun-
tains around them. Yet after all these changes,

the highest mountains probablyremained only

about 12 miles above the deepest valleys on

this earth sphere, 8000 miles in diameter. By
comparison, this is much less than the thick-

ness of the skin on an apple.

While the thin outer crust of the earth was
cooling, hardening, and shrinking, the inner

regions remained hot and molten. Therefore,

in addition to the effects of the shrinking proc-

ess, the earth’s outer crust was constantly

agitated by the breaking through the surface

of the confined liquids and gases. Thus many
volcanoes were caused. Some of these raised

huge mountains, while others opened up great

cracks in the hard surface and sent streams

of molten rock flowing out over large areas

before the rock cooled to a solid. As the outer

solid crust became thicker, the tremendous

forces of thrusting and tearing must have

caused almost continual earthquakes of ter-

rible intensity.

Such were the earliest forces by which the

earth was formed. Like all the many forces

which have changed the surface of our planet,

these deep-rooted forces are still at work.
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Atmosphere and "Water Sphere.” Our spin- ,

ning sphere of glowing rocks was surrounded

at first by a very dense atmosphere, since all

the water which was later to form our rivers,

lakes, and vast oceans was then in the form

of a vapor, or gas. As the earth gradually lost

its heat, the great quantities of water vapor

in the atmosphere condensed into thick

clouds, so dense that they must have com-

pletely obscured the sun. Our earth must

then have been in constant darkness, darker

than the blackest night ever seen. As the slow

cooling of our darkened earth continued, the

clouds grew thicker and heavier, floating down
ever closer to the jagged peaks and fiery vol-

canoes. Droplets of scalding rain formed and

started falling, only to be turned to vapor

again while passing through the heated air

above the earth.

Finally the rain began to fall in earnest,

pouring down through clouds of its own steam,

sizzling off the hot rocks, and boiling away as

rapidly as it fell. But this process was robbing

the earth of great quantities of heat, so that

after many more dark years it was unable to

boil away all the torrents that were streaming

down from the skies. Small pools of hot water

collected in the hollows, overflowed, joined

one another, and became lakes. The lakes

rose higher and grew larger until hot oceans

covered all but the highest ground. Thus a

"water sphere” was found on the surface of

the earth.

Still the hot rains and winds of steam
scoured the earth through endless night.

Finally, light came to the earth. As the water
continued to pour from the sky, the clouds

rose higher and became thinner. A dim gray

light overcast the tossing oceans, and day

could be distinguished from night. As this

lightening of the atmosphere continued

through torrents of rain, one day the wind

blew the clouds apart and the sun shone on

earth.

But what an earth! Completely barren, a

world of high mountains, flaming volcanoes,

fierce storms, and deep, hot oceans, this was

no place for even the lowest forms of life.

Nature’s work of wind, rain, and sun for

countless centuries was yet needed before

man could call the earth his home. Let us see

how that work was carried on.

STUDY GUIDE

1. What were the effects of a cooling earth?

2. What forces are similarly at work today?

3. In what respects was the early atmos-

phere of the earth different from that of

today?

4. What is the water sphere? How was it

formed?

niie Ckanging Eartk

Ages of Change. The earth-stuff, torn away
from the sun, must have taken ages to de-

velop into a suitable home for nearly two

billions of people, together with countless

varieties of plants and animals. Man has

often wondered just how long it took nature to

accomplish the surprising changes which have

produced the earth of today.

In the middle of the seventeenth century

one writer declared that the exact date of

Center of



creation was October 26, 4004 b.c. He
even went so far as to set the hour at pre-

cisely 9 A.M. In contrast, other people have

believed that the earth is eternal, that it has

always existed much the same as we know
it now.

The scientist, however, must base his views

on all the evidence obtainable, and he must

be willing to change his opinions when more

facts are found to require the change. Since

the seventeenth century, new sciences have

arisen. Knowledge relevant to the age of the

earth has accumulated. From all this evi-

dence most scientists now believe that the

earth’s age is probably about two billion

years.

We may thus realize that there has been

sufficient time for the forces which have given

us a livable planet to change it, even though

they work slowly. So slowly do most of the

earth-shaping forces act that we cannot find

within any single lifetime an appreciable

change. Although the earth is still being

changed, we may be sure that it will continue

to be a home for mankind for many ages to

come.

What kind of changes have taken place in

these many years that the earth has been
whirling about the sun as a separate body in

the heavens? Two classes of forces have been
changing the face of the earth: (1) those

which arise in the interior of the earth, result-

ing either from the heat remaining there or

from the action of gravity, and (2) those of

air and water, which operate directly on the

surface of the earth.

The Earth’s Interior. Our knowledge of the

earth has been gained from man’s experiences

in a very small part of it. He has never pene-
trated more than two miles below its surface.

Since the distance to the center of the earth
is about 4000 miles, and the atmosphere ex-

tends for over a hundred miles, we have really

done very little exploring of our planet in a
vertical direction.

Yet the scientists have sufficient knowledge
to make ''informed guesses” about many of
the conditions which they may never be able

to investigate by exploration. They are fairly

well agreed that

1. The density of the earth increases from
the surface toward the center. Most of the

interior seems to have a density about the

same as that of iron.

2 . Although the interior of the earth seems

to be as rigid as steel, there are regions rela-

tively near the surface where molten and un-

stable conditions prevail.

3. The temperature of the interior is

very great, perhaps between 40,000° F and
90,000° F at the center. Near the surface the

temperature increases about 1 degree for

every 60 feet of depth.

Volcanoes. In some regions the great weight

of near-by mountains, combined with a weak-

ened condition of the rock surface crust,

tends to force upward some of the intensely

hot molten rock material, known as lava.

This combination of gravity and the earth’s

internal heat occasionally gives us one of

nature’s most impressive exhibitions of de-

structive force.

The surface of the earth is so cool that we
seldom think of the hot interior, which lies 40

or 50 miles below us. Yet we have visible evi-

dence of this hot interior in the occasional

volcanic disturbances. There are two general

classes of volcanoes : the fissure type and the

spectacular conical type.

The high volcanic cones and craters now
attract the most attention, but in the past his-

tory of the earth they probably were relatively

unimportant in comparison with the fissure

type. A fissure volcano is just a big crack in

the surface of the earth through which the

molten rock from the hot interior can flow.

Often when a cake or muffin is being baked,

it splits open and lets the hot dough from the

inside run out over the crusted surface. This

cake is a miniature volcano of the fissure type.

The cracks in the earth, or fissures, are

often many miles in length. Frequently hun-

dreds of square miles of land and vegetation

are buried beneath the lava flowing from fis-

sures. These lava beds are from a few feet to

several thousand feet thick and require years
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Volcanic belts of the world

to cool off. In the state of Washington there is

a region which was covered several times by

lava from fissure volcanoes. So many years

elapsed after each flow that deep soil had time

to form on top of the lava, only to be buried

beneath the next layer.

Volcanoes are not scattered about in hit-or-

miss fashion, but are found along shore lines

where mountain regions border on steep con-

tinental shelves that end abruptly in a deep

ocean. This type of shore line is well illus-

trated by the Pacific coast of North America,

one of the outstanding volcanic regions of the

world. This region of volcanoes extends along

the west coast of the Americas northward to

the shores of Alaska and then down across

Japan to the island chain which leads to Aus-
tralia. This volcanic belt then extends through

New Zealand to the antarctic regions.

Formerly the eastern shore of the United
States experienced volcanic eruptions, but
now the volcanoes are all extinct and worn
away. Our eastern shore is an old region,

which does not have a steep continental shelf

but borders on a gradually sloping ocean bed
which extends out into the Atlantic for many
miles before really deep water is reached.

Generally volcanoes die as the mountain

ranges grow old and are worn away. How-
ever, it is not correct to say that a volcano is

extinct just because it has not erupted during

the memory of man. For example, during

early Roman times Mt. Vesuvius was thought

to be extinct, since it had not erupted during

the entire growth of Roman civilization. The
mountain had been quiet so long that prosper-

ous villages and farms were located on its

sides. Then, without warning, in 79 a.d. the

top of the mountain blew off, and the great

resort city of Pompeii was buried under about

30 feet of ashes. Those inhabitants who were

not immediately buried in the masses of fall-

ing ashes were killed by the fumes of burning

sulfur which issued from the mountain. The
beautiful neighboring city of Herculaneum
was buried under 60 feet of mud and ashes.

Then shortly afterward it was covered with a

layer of lava. So completely were these cities

buried that for more than sixteen hundred
years their locations were unknown.

After the eruption in 79 a.d. Vesuvius was
occasionally active until about 1139. Then
the mountain became quiet and seemed to be
dead for some five hundred years. Again the
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crater became covered with trees. Suddenly,

in 163 1, there was another violent eruption, in

which lava flowed all the way down to the sea.

Since that time the volcano has been active

intermittently. Its last big eruption was in

1906. From the present appearance of Vesu-

vius no one would suspect that it had ever

been considered extinct.

Our earth still has over three hundred defi-

nitely active volcanoes, together with a great

many more dormant ones, which must be re-

garded with suspicion, just as we should dis-

trust a firecracker long after the fuse has

apparently spluttered out. Two particularly

destructive volcanoes of the conical type have

caused trouble within fairly recent times. The
most violent volcanic eruption which man has

ever recorded occurred in August, 1883, when
the island of Krakatao in Sunda Strait, near

Java, literally exploded, hurling half of a

huge mountain high into the air so that the

place of the destroyed half was occupied by
water 1000 feet deep. All traces of life on the

island were wiped out, the sea was covered for

hundreds of miles with volcanic ash, and the

finer particles were thrown so high into the air

that they were carried completely around the

earth, causing brilliant sunsets on all conti-

nents. The great air wave started by the ex-

plosion passed three times around the earth,

breaking windows even a hundred miles away.

Since much of the force of the explosion was
exerted on the sea, a giant wave spread over

the Pacific Ocean, causing great damage on

many islands. In all, approximately 35,000

persons were killed by this catastrophe.

A much less violent eruption, that of Mt.
Pelee in Martinique, completely destroyed the

city of St. Pierre on May 8, 1902. For two
weeks the restless mountain had given distinct

warnings of an approaching eruption, warn-

ings which went unheeded by the doomed

A group of three volcanoes in Java. This telephoto was taken

about two miles from Bromo, the smoking volcano

Ewing Galloway



city below. When the blast finally came, it

was not accompanied by a flow of hot mud
and molten rock, such as covered Hercu-

laneum, but took the form of a tremendous

tornado of hot gases and flying rock frag-

ments, which completely destroyed every

building and killed every living thing in this

city of over 25,000 inhabitants—all but one.

A convict named Calbarice had been locked

in a deep underground dungeon with no light

and almost no ventilation. As he lay there,

suddenly his captors were swept away, leaving

Calbarice the lone survivor in the ruins of the

city that had punished him. His little cave-

like dungeon had protected him from the

bursting walls and flaming gases of an explod-

ing mountain while all others perished.

We so often think of volcanoes as instru-

ments of destruction that we forget their mas-

sive beauty and their benefits to us. In the

past many volcanoes have covered entire re-

gions with a lava which has decomposed into

rich soil that furnishes the minerals so neces-

sary to plant growth. Some volcanoes keep

sprinkling the adjacent regions with a mineral

ash that is almost as beneficial to the farms as

a yearly fertilizer. In Italy some of these fer-

tile ash fields cover an area as large as 4000

square miles, and the famous seven hills of

Rome are really only great ash heaps cast up

by some long-dead volcano.

Another remarkable achievement of voh

canoes is their manufacture of diamonds. The
craters of some volcanoes are nature’s dia-

mond factories. For example, the diamonds

which have been found in the enormously rich

Kimberley diamond mines of South Africa

were taken from decomposed cores within old

volcanoes.

In Arizona and other worn-out volcanic re-

gions there are many tall pillars of lava rock,

or "volcanic plugs,” which were once in the

craters of volcanoes. The lava that cooled in-

side the crater was harder than the ashy cone

forming the volcano. When the rains and
snows wore away the mountain, the core of

what was once a mighty volcano was left

standing as a lonely sentinel.

Publishers’ Photo

Diamonds were discov-

ered at Kimberley, South

Africa, in 1867. The
mines around Kimberley

produce about 90 per cent

of the world’s supply.

Surface excavations, or

pit mines, have now
largely given way to

underground mines
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Hot springs and geysers

are found throughout

Iceland. This island

is one end of the

earth’s volcanic belt

(see page 46)

Ewing Galloway

Hot Springs and Geysers. There is further

evidence of the heat which our planet holds

deep down in its interior. In regions which

were once covered with active volcanoes,

nature’s last dying efforts are sometimes

found in geysers and hot springs. Near these

the interior of the earth’s crust is still quite

hot, but not hot enough to keep the neighbor-

ing volcanoes active.

Whenever underground water flows near

heated rocks and then returns to the surface

of the earth, hot springs occur. Often this hot

water dissolves some minerals and forms the

popular "mineral springs,” which are adver-

tised for their medicinal value. Most are use-

less as cures. The "hot baths” are pleasant,

comfortable places in which to swim, but this

natural hot water is usually not different from

any other hot water . The only real advantage

is that nature heats the water for us. This free

hot water is made use of by man in various

ways. In Calistoga, California, natural hot

water and steam are used to drive machinery

day and night without expenditure for fuel.

A geyser is a form of hot spring that flows

intermittently. When it is in action, it throws

water high into the air. The internal structure

of a geyser is interesting (see illustration.

p. 50). The tube, or vent, of the geyser ex-

tends down into very hot rocks. From a

spring some distance above, water trickles

into this vent and gradually fills it. The hot

rocks heat the water at the bottom. The
weight of the water in the tube exerts so much
pressure on the hot water that its boiling point

is raised. It cannot boil at this high pressure,

but, like all other materials, it expands as its

temperature rises. The expansion of the hot

water in the bottom of the tube forces some

of the cooler water out of the top of the tube.

This lessens the pressure at the bottom, and

so permits the superheated water to burst into

steam. The sudden formation of steam blows

all the water out of the geyser with great

force. After the "blow” the geyser is inactive

for a while until the spring has had time to

fill the tube again. Some geysers, like "Old

Faithful” in Yellowstone National Park,

spout at regular known intervals and are

marvels of beauty.

Earthquakes. We have learned how the hot

interior of our planet sometimes emits ashes,

molten rock, and gases, either gradually or

with explosive violence, bringing about great

changes in its crust. These changes result

from tremendous pressures below the surface.

I
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Even more terrifying than volcanic erup-

tions is the earthquake. In some regions the

age-old processes of shrinking and wrinkling

are still at work. As these changes produce

unequal distributions of weight and stress,

portions of the earth’s surface must occasion-

ally readjust Ihemselves by cracking, slipping,

or settling. Some of these movements take

place so slowly that they can be measured

only with the most accurate instruments, and

only after observation over a period of years.

For example, it has been found that the Brit-

ish Isles are sinking into the sea at a rate

which, if continued, will completely submerge

them in about 40,000 years.

As a result of such slow changes, huge

layers of rock may stretch and bend. Finally

they snap apart and grind roughly against

each other until the stresses are relieved.

Each of the separate movements sends out an

intense impulse, or "shock,” which jars and

shakes the earth in the vicinity. This is the

earthquake, which man finds the most terrify-

ing of all nature’s earth-shaping processes.

For many years the United States Coast

and Geodetic Survey has kept remarkably ac-

curate measurements of the distance between

fixed points, or "stations”—^^dsually light-

houses and mountaintops. These measure-

ments show gradual changes in position

amounting, in the case of some stations, to

several feet. Such shifts indicate that certain

portions of the earth’s rocky crust are being

$Q

compressed, stretched, and bent by tremen-

dous internal forces. Finally the strain will

become so great that the crust of the earth will

crack and break. Perhaps sometime man will

be able to interpret the small changes in dis-

tance between parts of the earth so as to fore-

cast earthquakes, much as we can today

predict the weather.

The final breaking of stretched and bent

layers of massive rock produces a crack in the

layers of rock which may be thousands of

miles long. Such a crack, which may or may
not extend to the surface, is called a fault.

The destructive vibrations, or wave impulses,

are produced by the erratic, jerky motion of

the newly broken rock surfaces as they grind

across each other. The total distance covered

by the small intermittent movements of the

earth at the fault may be twenty feet or more,

either horizontally or vertically. A vertical

fault appears as a steep embankment. A hori-

zontal fault produces offsets in roads, fences,

boundaries, and rivers.

The San Francisco earthquake in 1906

occurred along the San Andreas fault, which

has been traced out to sea at Point Arenas.

Another fracture, the Hayward fault, caused

severe damage to the San Francisco region

in 1865.

Since a severe earthquake will shake down
trees and destroy many massive buildings,

there is a false impression that the earth

vibrates back and forth for a great distance,



A severe earthquake seldom causes the sur-

face of the ground to move back and forth

more than a small fraction of an inch. Yet

this slight rocking motion can do enormous

damage because it strikes so suddenly. An
illustration of this effect may be obtained if

you place two wooden balls against each other,

putting your foot on one of them and then

striking this ball with a mallet. The other ball

jumps away with great speed; yet the ball

under your foot moves so little that you can-

not even feel its motion. In the same manner

a slight but sudden motion of the earth can

exert a powerfully destructive force on build-

ings.

The extent and duration of earthquake

shocks are registered on sensitive instru-

ments, seismographs, located at various points

throughout the world. The center of an

earthquake may be discovered by comparing

the records. These earthquake records have

been of help in interpreting the structure of

the earth.

Perhaps a part of man’s fear of earth-

quakes is due to his deep-seated feeling that

they are an unnatural process. In our think-

ing, the earth stands for all that is real,

solid, and dependable. We speak of a person

who has such traits of character as one who is

"down to earth” or who "has both feet on

the ground.” We are accustomed to think of

earth features as permanent; there is some-

thing undeniably substantial about them.

Therefore the sudden and violent shifting and

twisting of the very earth beneath us, to-

gether with the deafening thunder and vibra-

tion, the falling of buildings, and the fire

and loss of life, make a severe earthquake

almost more than the mind of man can endure.

And yet it need not be so. Man’s greatest

fear is his fear of the unknown. If we can

come to understand the natural causes of

these disasters and learn to plan our cities to

withstand their sudden shocks, the effects of

earthquakes can be greatly reduced, even

where they are most frequent and severe.

Fissures formed in a pavement by an earthquake
Mrs. Clarence Mossberg
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Earthquakes throughout the world cause

needless damage. A severe earthquake in a

city may shake down hundreds of buildings.

However, engineers now know how to con-

struct buildings that are earthquake-proof.

In all severe earthquakes in recent times the

steel skyscrapers have escaped practically

without damage, while all around them un-

scientifically constructed one-story buildings

have been leveled to the ground. Few earth-

quakes last more than a minute; yet we can

construct one-piece steel-frame houses that

could be shaken for days without damage.

In the near future, homes in the various earth-

quake regions of the United States may pos-

sibly have welded steel frames. Then any

type of exterior may be used, so long as it is

fastened securely enough to the steel frame to

make it quakeproof

.

One severe recent earthquake showed obvi-

ous mistakes in the construction of buildings.

One of these errors was the erection of build-

ings with steel frames and brick walls, but

the walls were not fastened to the frames.

When the earthquake came, the framework

rocked safely back and forth; but there was
nothing to hold the brick walls to the frame-

work, and so the walls fell, leaving the frame-

work exposed but uninjured. Those buildings

which had the brick walls anchored securely

to the steel frames were protected.

Another type of construction that proved

weak was the large L-shaped or T-shaped
building. This weakness will be readily un-

derstood if we study the motion of such a
building during an earthquake (see diagram

above). Suppose that the vibration of the

ground is in the direction of the arrows. Since

the left wing of the building is rather long in

comparison with its height and width, it is

difficult to rock it in the direction shown. But

the other wing can rock easily in that di-

rection. Thus one wing of the building

sways easily, while the other moves only a

little, so that the building will probably break

in two. If the two wings of the building

had been constructed as separate units, each

could have rocked separately without inter-

ference from the other, and both would have

been safe.

We are shocked to hear that a sudden dis-

aster has wiped out whole cities, killing thou-

sands of people. Newsreels bring us vivid

scenes of desolate areas, wrecked buildings,

and mangled victims. The estimates of the

numbers of persons killed and the amount of

property destroyed mount higher as commu-
nication is restored with isolated cities and

towns. All this makes a tremendous impres-

sion upon our minds. Yet with all these ter-

rible disasters, it has been estimated that over

the entire earth during the past four thousand

years, earthquakes have been killing people

only one-sixth as rapidly as the automobile is

killing them today in the United States alone.

But the action of the earthquake not only is

on a large scale, but is the work of a moment;
it is dramatic. As we learn more about earth-

quakes, we may, however, come to fear them
less and guard more effectively against the

damage and loss of life which they may cause

in the future.



STUDY GUIDE

1. What is the present opinion of scientists

as to the age of the earth?

2. What forces have changed the surface

of the earth? To what extent are these forces

at work today?

3. What is the nature of the interior of the

earth?

4. Name two kinds of volcanoes. What
are lava flows? fissures?

5. Where is the most active volcano region

in America?

6. Distinguish between extinct, dormant,

and active volcanoes. Describe some famous

volcanoes.

7. In what ways have volcanoes been of

benefit to mankind?

8. What are hot springs? What is the

cause of geysers?

9. What causes earthquakes?

10. What is a "fault”?

11. Is it possible to build an earthquake-

proof building?

Surface Changes

The Work of Water. In the last few pages

we have read about nature’s more violent

methods of re-forming our restless earth. We
may think that volcanoes and earthquakes are

the most powerful tools which could possibly

be used. Undoubtedly the thunderous explo-

sion in smoke and flame of a mighty mountain

is an awesome thing. The spectacle of 75

billions of tons of earth and rock hurled high

into the air defies the powers of imagination,

and we readily conclude that nature has al-

most limitless resources with which to shape

our planet.

Yet the more orderly processes of nature

can and do destroy mountains just as effec-

tively, though over a much longer period of

time. Our imaginations can help us to visual-

ize the effects of some of nature’s more

leisurely processes, compared with which the

swift violence of passing volcanoes and earth-

quakes is relatively unimportant.

Let us imagine that with a "speed up”
movie we can see in a few minutes the gradual

changes of the earth’s surface as they might

have been observed by a fictitious resident of

the moon during the past few millions of

years.

As the film begins, we note that the earth

has become about as cool as it is today, for

most of the water in the atmosphere has con-

densed and fallen as rain or snow. There are

icecaps at the poles, and there is plant life in

abundance in the warmer zones. Rivers,

lakes, and oceans cover most of the land; and

if we watch closely, we can see a great many
interesting changes taking place. Here a river

is wearing away a new course as it wanders

like a silvery snake across a flat plain toward

the sea. Over there a large lake is drying up,

while a smaller lake is overflowing to join an

advancing arm of the sea. One whole edge

of a continent is slowly dipping below the

surface of the sea, so that the valleys are

flooded and the higher mountaintops make
islands and peninsulas off the jagged coast

line. All the waters of the earth seem to be

restless and shifting about, so that new land

is gradually uncovered as older land is

flooded. Everywhere the earth is changing,

though the changes take place so slowly that

only by means of our imaginary superspeed

movie can we see them.

Geological section, before erosion

Geological section, after erosion
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Let us observe more closely. Down below

us is a high mountainous plateau. Is nature

changing this region too? We can see on this

plateau high mountains which appear so mas-

sive that it seems impossible that anything

could even injure them, not to mention com-

pletely destroy them. But temperature

changes, and moisture in the form of rain and

snow, which produce streams of running

water, can bring about the destruction of any

mountain.

Let us follow the life history of this land

and see some of the ways by which nature

can erode it, or wear it away. In the winter-

time snow covers the mountains. In the sum-

mer some of the snow melts, rain falls, and

the water forms little streams down the sides.

Since the sides of the mountains are steep,

the streams are so swift that they roll small

rocks and gravel along with them. These

rocks are grinders, which wear ditches in the

sides of the mountains. At first these ditches

are small, with steep sides and a V-shaped

bottom.

In turn the grinding rocks are themselves

worn away as they roll along, mile after mile,

with the water and are ground into such fine

pieces that they eventually become a powder.

Much of this slowly disintegrated material,

called silt, is spread as soil upon the land

farther down the valley. Thus the lowland is

constantly refreshed by soil which started as

rock upon the mountainsides.

Some of the water soaks into the cracks in

the rocks. When winter comes, this water

freezes and expands. Thus it shatters much
of the surface rock. When water starts down
the mountains with the next thaw, this loos-

ened rock furnishes more grinding material.

After this process has continued for many
years, the little ditches are deepened until

they become sharp ravines or canyons.

The streams carry heavy loads of silt and
gravel into the ocean, where they are de-

posited. These beds of silt gradually accumu-
late in the mouths of the stream. As the

rivers grow old, these deposits gradually build

up and form large fan-shaped deposits known

as deltas. The deltas form rich soil, which

gives us rich farming land.

The Work of Glaciers. As the years pass,

more snow falls on the tops of the mountains

than the sun can melt during the summer.

These snows accumulate until they become

many feet thick. The weight of the snow on

top becomes so great that it presses the snow

underneath into a solid block of ice. Grad-

ually this huge mass of ice slides down the

sides of the mountain as a glacier. So heavy

is the glacier that it shoves great piles of rock

before it, and slides the loose rock under it,

to act as grinders. The wearing effect of a

glacier is tremendous. Although it moves only

a few feet each year, yet it can carve enor-

mous cuts in the sides of a mountain.

The action of a glacier is continuous.

Yearly the falling snows on the mountains

add to the upper end of the glacier, while the

lower end is melted by the sun to form swift

streams, which carry the sediment away. It

may take fifty years for a snowflake which

falls at the top of the glacier finally to reach

its lower end and be melted into icy water.

This water flows across the tableland and

starts as glacial streams down the slope to

the sea. Along this slope it cuts steep-sided,

V-shaped valleys. Year by year these valleys

broaden and extend farther back into the high

tableland.

Finally this region is so cut up into valleys

that only small areas of the tableland are leh.

Each of these is a little flat-topped hill, from

the top of which one might look across to a

number of other flat-topped hills, all the same
height. Swift streams have wrought their

havoc. The present dwellers in the valleys,

however, give little thought to the ancient

tableland origin. The valleys are now so low

and broad that the streams in them are no

longer the swift torrents that once rushed

over the side of the plateau into the sea below.

In the course of ages the high mountains

are at last worn down so much that the

glaciers melt away. The valleys which were

gouged out by the glaciers can easily be recog-

nized by their U shape, while young valleys
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This glacier, or sheet of ice, between Alaska and British Columbia,

pushes its way to the sea. Then it breaks off into large icebergs

worn by water are more likely to be some-

what V-shaped. Also, at the end of the glacier

valley there will usually be a great pile of

dirt and rocks, which was shoved ahead of

the glacier and left there as the ice melted.

Such deposits are not found at the mouths of

water-eroded valleys. Heavy snows still fall

on the peaks in the wintertime, but in the

summer they all melt and send floods of water

and silt into the valleys.

Worn-out Mountains and Streams. In time

the valleys which were worn into the plateau

by rivers and glaciers slowly spread out and
join each other. The last remnants of the

high tableland are gone forever.

As the valleys are worn down nearly to

sea level, the streams in them become slug-

gish. Some places in the banks of these

streams are more easily eroded than others.

Curves are worn at the weaker places in the

banks. Once they are started, the curves be-

come more pronounced because the water

flows faster against the outside curved bank

and wears it away, while depositing sediment

at the inside of the curve. Sluggish streams

are also turned aside in places by obstructions

left in their channels by floods. Unable to

cut through an obstruction, the water begins

to flow around it. Thus year by year the

streams become more crooked, or meandering.

Building New Mountains. In this way,

erosion cuts and wears down plateau and



During the Glacial period vast ice sheets covered large

parts of the Northern Hemisphere. The white por-

tion of this map shows the part of North America

covered by these glaciers at the time of their

greatest extent

mountain. The surface of the earth becomes

old; in the end it would be leveled off. But

the rugged surface is renewed. There is also

a building-up process; new mountains rise.

The way in which this takes place may
possibly be as follows: Piece by piece the

material from mountain and plateau is car-

ried with the fast-moving streams into the

sea. There the sediment sinks to the bottom

and in time forms a massive pile of mud. This

layer of mud solidifies and pushes down upon

the original rock underneath.

The increase of pressure causes the still-

deeper hot and plastic rock, or magma, to

move outward. Thus a pressure is produced

at near-by points which causes the rock there

to rise.

The conditions under which this action

takes place are such that there may be much

bending and folding as a part of the mountain

formation. This whole process of mountain

uplift and distortion is called diastrophism.

Whatever may be the actual method, we

do know that a portion of the earth’s surface

may go through a complete series of changes.

Mountains are worn down and their material

carried away, only to cause the rise of new
mountains elsewhere. Of course the process

takes thousands and thousands of years. But

the unceasing forces of water, wind, and heat

are sufficient.

One of the interesting evidences of this

type of change is found on the rim of the

Grand Canyon of the Colorado River. Here

great quantities of imprints, or fossils, of sea

animals are embedded in layers of rock which

are now a mile above the river. Thus we know
that this high land was once a part of the floor

of an ancient sea.

The Great Ice Ages. We have seen that the

accumulating snows on high mountaintops

can produce huge slow-moving glaciers, which

scrape and cut away at the rock gorges until

even the greatest mountain may be literally

broken and worn away. In order to form

these mountain-destroying glaciers more snow

must fall on the peaks and high plateaus dur-

ing each winter than can be melted in the

following summer.

We have a great deal of evidence to show

that during at least four long periods of time,

the ice ages, or Glacial period, our earth was

subjected to a very long series of remarkably

severe winters. Each of these bitterly cold

winters was followed by a cool summer, which

probably lasted only a few weeks, so that the

great quantities of snow which had fallen in

the polar and temperate regions did not have

time to melt away before winter arrived again

and more snows descended. Some scientists

think that this change in the seasons was

caused by the development of unusually large

groups of sunspots which reduced the amount

of heat which our faithful star had been send-

ing to the earth for so many years. Whether
or not this was the cause of the long cold win-

ters, we can be fairly certain that the gradual
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accumulations of snow became packed into

vast sheets of ice, thousands of feet thick.

The ice was thickest over the most northerly

regions, and it tended to flatten outward,

pushing and flowing down through valleys and

over plains until it covered large portions of

Canada and the United States. Similar events

were also happening in northern Europe and

Asia.

Four times this took place, each time mak-

ing great changes on the surface of the earth.

Of course the slowly advancing ice sheets car-

ried great quantities of rock which they used

as tools with which to scrape and scour the

country as they passed. When the ice was

finally checked and forced gradually to re-

treat by the return of warmer seasons, it

dropped this rock, which can today be found

in the form of gravelly hills, boulders, and

collections of smaller stones, showing unmis-

takable evidence of the scouring action of the

advancing ice. These deposits are given

special names; those which were left at the

point where the glacier began its retreat are

called terminal moraines.

Many other changes in the earth’s surface

were produced as the glaciers of the ice ages

gradually melted away into the north. Since

the ice sheet blocked the passage of rivers

flowing northward, a great inland sea was

forced to drain outward through the Missis-

sippi Valley for many years. As the ice was

melted ever backward toward the polar re-

gions, the shrinking of this inland sea left us

five great lakes, which finally drained out-

ward through the St. Lawrence River. An-

other lake, larger than any of these, covered

an area around Lake Winnipeg in Canada. As

this lake gradually dried up, the silt deposited

on its floor became fertile soil; today this area

is one of the great wheat-producing regions

of the world.

»

It is interesting to realize that during the

formation of the great ice sheets the oceans

lost so much water through evaporation that

they must have been about 300 feet lower

than they are today. Of course the ice is not

all melted today; in fact, if we were to add

together the many glaciers in the high moun-
tain regions, the polar ice packs, and the great

ice sheet which still covers most of Greenland,

we should find that nearly 6,000,000 square

miles of our earth is covered with the remains

of our last great Ice Age. If this ice were to

melt, it would raise the sea level about 80

feet and thus submerge many of the world’s

greatest cities.

Perhaps some of us may have read about

a possible return of the ice ages in modern
times. Surely a very small change in the oper-

ation of nature’s forces would bring the ice

upon us again, covering our greatest cities and

forcing civilization into the regions closest to

the equator. Yet we need not be greatly con-

cerned about this, since, if it were to happen

at all, it would take place so slowly that no

single generation would be able to recognize

that anything unusual was going on. We
should remember, however, that man’s con-

tinued existence on this earth depends upon

The boulders in this field are a terminal moraine,

left by a retreating glacier. Similar moraines were

formed at the edge of the ice sheets of the

Glacial period

Alden from U.S.G.S.



an amazingly delicate balance between tre-

mendous forces.

STUDY GUIDE

1. Describe how uplands are worn down.

Describe how mountains are built up.

2. What are the forces which gradually

change the surface of the earth?

3. How are deltas formed?

4. What do V valleys and U valleys in-

dicate?

5. What do you conclude about the age of

meandering rivers?

6. What is meant by "ice ages”? How may
they have been caused? What evidences have

we of their action?

IMPORTANT THINGS IN THIS CHAPTER

A theory of planet formation visualizes a

near approach of some other star to our sun

by which streamers of gas were pulled out

from the sun. From these streamers the

planets were formed.

In some similar fashion the satellites, or

moons, were formed.

The building of the solar system took place

millions of years ago, and the process con-

sumed centuries.

The cooling of the earth was accompanied

by a shrinking and wrinkling of its surface,

which carved mountains and valleys.

Above the solid surface an atmosphere

gradually developed into that with which we
are familiar.

Finally water condensed from the early

atmosphere and gathered in the low places of

the earth’s surface, forming the oceans.

Not only did the earth slowly form by
change, but it has ever since been a changing

earth.

The interior of the earth is dense, rigid,

and extremely hot. Geysers and hot springs

are evidences of the earth’s hot interior.

Sudden, destructive changes are produced

by volcanoes and earthquakes.

Gradual and constant changes also take

place, such as those produced by erosion and

diastrophism.

Glaciers have also altered the surface of

the earth.

AFTER YOU FINISH THIS CHAPTER

1. Discuss the values of laws and theories

in science.

2. Consult reference books to find other

theories which have been proposed to explain

earth formation.

3. Write a report on the men who study the

action of volcanoes and earthquakes.

4. Prepare a report, with diagrams, show-

ing the general construction of a seismograph.

Explain its operation.

5. Read a detailed account of the ice ages

and summarize in a report to the class.

6. Consult a textbook in geology for addi-

tional details on the gradual changes which

the earth undergoes.

LEISURE TIME ACTIVITIES

1. During the year gather clippings from

newspapers and magazines which have to do

with earth changes.

2. Make a world map showing volcanic and

earthquake regions.

3. Read some accounts of famous volcanic

eruptions or destructive earthquakes.

4. Consult a geological or topographical

map to find the location of any earthquake

faults in your vicinity.
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4 • THE EARTH OF TODAY

Stractnre of the Eartk

TTie Materials of Our Earth. Why have we
spent so much time learning about things that

happened so long ago? You may feel that,

after all, our greatest interest is in the world

around us at the present time. It is to give us

a better understanding of present conditions

and problems that we have been studying

ancient ages and timeless forces. We have

learned some things about the stars, a little

more about one particular star (our sun),

and still more about one of the smaller planets

with which we are especially concerned be-

cause this planet is our home.

The earth seems to be made from the same

substances as the sun. This is one of the rea-

sons for believing that the earth was formed

from that body. In the sun these substances

are so hot that they are gases, but on our earth

most of them have cooled to such a degree that

they are solids.

There is another important difference be-

tween the materials of which the sun is made
and the common earth-substances which we
find all around us. Because our earth has be-

come so much cooler than the sun, many of

the 92 different kinds of matter which the

chemist calls elements have combined with

each other in a great variety of ways, forming

groups of elements, or compounds. We will

learn more about these in our study of chemis-

try.

Compounds, then, are made up of different

elements, just as a wall might be made of dif-

ferent kinds of brick and stone. We know
that it would be possible for a building-

wrecker to investigate the wall to find out

how much of each kind of material had been

used in its construction. Similarly, if we
should analyze samples of the materials from

which the earth, including the oceans and the

air, is made, we could make a rough estimate

as to how much of each of the 92 elements

makes up the earth.

If we had sufficient knowledge, skill, and

patience to carry out this investigation, we
.should discover that about three quarters of

the earth is made up of only two of the 92 ele-

ments, oxygen and silicon. As you can see

from the diagram on page 60, the remaining

one fourth of the earth is largely made up of

five more elements. The seven most abundant

elements thus compose about 95 per cent of

the earth, the remaining 85 elements being

relatively scarce.

The earth has three important layers of

material. They are land, water, and air, each

corresponding to one of the three states of

matter—solid, liquid, and gaseous.

Let us first consider the solid portion of

our earth. This we can in part investigate

today if we take a walk in the country. Such

walks can be made interesting if we know
what to look for and how to interpret what we
see. Some people may travel to the most dis-

tant and inaccessible parts of the earth in a

further search for knowledge. The wide des-

erts, deep jungles, high peaks, and frozen

polar regions hold enough of nature’s secrets

to interest explorers for ages to come. Much
absorbing information may, nevertheless, be

found close at home, perhaps even in our own
back yard, concealed from us only because we
do not know how to recognize it.

The Earth’s Crust. We are in the habit of

thinking of the land as composed of fairly

soft and workable material—something which

can be plowed and in which plants can grow.

Yet this kind of land, for all its importance to

mankind, is only the thinnest outer covering

spread over the rigid, rocky material beneath.

You may get an idea of how thin this layer

of topsoil is if you remember that it is thinner,

in comparison with the diameter of the earth,

than the film of a delicate soap bubble.

Under the thin upper layer of soil you will

find a thicker layer of clay or gravel. Still

deeper you will find more and larger stones

until finally you encounter an apparently solid



rock layer. This bedrock is actually much

less solid than it seems, since water easily

penetrates its many cracks and crevices. Be-

low the bedrock, which may be as much as a

thousand feet thick, lies the solid rocky core,

or lithosphere, of the earth. The kinds of rock

layers which rest on this lithosphere, and the

way in which they are arranged, provide us

with a great deal of knowledge about our

earth.

Most of the information which we have

about ancient volcanic eruptions and lava

flows is gained from a study of the rock for-

mations in regions of former volcanic activity.

These rocks have kept careful records of the

past for those who wish to study them.

Kinds of Rocks. Rocks may be classified as

igneous and sedimentary. An igneous rock is

one that solidified from molten material once

within the earth. {Igneous is from the Latin

word meaning "fire.”) A sedimentary rock

has been formed by the settling of sediment,

usually under water. Sedimentary rocks have

not been melted, or fused.

There is a third group of rocks, called

metamorphic. When either igneous or sedi-

mentary rocks have been heated to a consider-

able temperature (but not melted)
,
and then

have been crushed out of shape by terrific

pressure, they are changed in structure. Thus

we have metamorphic igneous rocks and

metamorphic sedimentary rocks.

Igneous Rocks. There are a few igneous

rocks which every student should learn to

recognize.

Granite. The most interesting of the

igneous rocks is granite. Granite was formed

when a large mass of molten rock was forced

up through other beds of rock and then cooled

slowly under great pressure. Granite was

formed usually about a mile beneath the sur-

face. A bed of granite exposed to the surface

has either been forced up, or the rock which

was above it has worn away. Granite is easily

distinguished from other igneous rocks be-

cause it cooled so slowly that the different

minerals composing it had time to crystallize.

The surface of a granite rock shows a beau-

tiful mixture of different-colored crystals.

Basalt. Lava which solidified so fast that

its crystals remained microscopic in size

formed basalt. Basaltic rocks are usually

black, dark gray, or brown. They make up

most of the lava beds in the western United

States.

When basaltic lava flowed in a thick layer

and then solidified, it cracked into six-sided

columns, which stand in an uprignt position

and form beautiful palisades along the edges

of cliffs (see page 40). A layer of these col-

umns in which not all the columns are upright

indicates that sometime after the lava solidi-

fied, an earthquake disturbed the crust,

thereby tipping the lava columns to one side.

Obsidian, or Volcanic Glass. When certain

types of lava cooled so suddenly that no crys-

tals had time to form, the product .was vol-

canic glass. This natural glass looks quite like

ordinary glass except that it is usually black

or of some dark color. In breaking, it forms

sharp edges, just as ordinary glass does. This

hard, but easily broken, rock was used by the

early Indians for making knives and arrow-

heads.

Sedimentary Rocks. Several types of sedi-

mentary deposits are easy to recognize.

Limestone. When large beds of fairly pure

calcium carbonate from the shells or skeletons
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of small sea creatures were deposited in the

sea, they formed a whitish, rather soft rock

called limestone.

Enormous deposits of limestone are found

along the western coast of Europe and parts

of England. The ocean waves, beating against

these beds, have worn them away, leaving

high banks of soft, fine-grained limestone,

called chalk cliffs, which glisten beautifully

white in the sunlight.

If limestone is heated in the open air, it

gives off carbon dioxide and forms quicklime.

This is used with sand in the mixing of mortar.

When limestone is heated by nature, under

pressure, so that the carbon dioxide cannot

escape, it changes into marble. Both lime-

stone and marble are widely used in the build-

ing industry.

In certain parts of the world man has found

thick beds, or layers, of limestone. These
beds are often far inland, but in the distant

past, when they were first formed, these re-

gions were covered by a sea. In some of

these beds a remarkable excavation project

has been under way for the past few thou-

sands of years. Water has been nature’s

instrument.

When rain water soaks into the ground, it

dissolves carbon dioxide from decomposing
vegetation. This gas combines with the water

to form carbonic acid. If the rain water con-

taining this weak acid reaches limestone, it

dissolves some of the stone and carries it away
in solution. After this action has continued

for many years, a large hole is left under the

ground. If this hole extends to a cliff or open-
ing at the surface, man can find the limestone

cave. In the United States there are many

such beautiful caves. Two of the most noted

are the Mammoth Cave in Kentucky (see

illustration, p. 63) and the Carlsbad Caverns

in New Mexico. An idea of the age of the

Mammoth Cave may be gathered from the

fact that, during the long period of formation,

the fish which live in its underground river

have become blind. The species has lived in

the darkness so long that it has lost the use

of its eyes.

Some of these caves are many miles in

length
;
the Carlsbad Caverns are so long that

their full length has not yet been explored.

Some of the vast chambers are great enough
to hold a modern office building and leave

plenty of room above it (see diagram above).

The interior of these caverns is a winding

pathway among countless stone pillars. The
roof bristles with shining icicle-like stones,

resembling the glistening icicles that hang
from house roofs during the northern winters.

These stony formations, called stalactites,

are caused by water dripping from the ceil-

ings of the cave. As the water evaporates, it

leaves behind the dissolved limestone, which
hangs from the roof in ever-growing lengths.

If some of the water drips to the floor of the

cave and then evaporates, deposits called

stalagmites grow upward from the floor.

These stalagmites look like icicles growing
upside down. When the stalactites and stalag-

mites get long enough, they meet and form
pillars in the cave. Sometimes stalactites fall

from the ceiling and are gradually covered

by the limestone deposit.

In Oregon’s limestone caves stalactites

have been falling for ages upon a certain lime-

stone ledge. Measurements of the depth of



the limestone deposits along the ledge show

that some of these stalactites fell about the

time that Columbus discovered America;

others fell centuries earlier, while the Egyp-

tians were building the great pyramids; and

still others fell thousands of years before

man left any records on the earth.

The southern seas are dotted with many
beautiful coral islands. Sections of Australia

and islands in that region are fringed with

coral reefs, which are a source of inspiration

to the traveler but of dread to the mariner.

There are so many coral reefs near the sur-

face of the ocean but not visible above it that

they cause the wreck of numerous ships and

small craft. (See illustration, p. 64.)

These coral islands and reefs are deposits

of the limestone skeletons of large colonies of

small sea animals. The calcium carbonate of

the coral polyps has been built up into branch-

ing, treelike structure of exquisite beauty. In

certain tropical regions these coral animals

grow so plentifully that the massive limestone

deposits extend over wide areas.

Sandstone. When considerable sand was
deposited in an ocean, along with chalk or

some other cementing material, the resulting

solidified mixture became sandstone. Smooth
rocks the size of marbles were often deposited

along with the sand in the sea. When these

were cemented together, they made a coarse

rock, called conglomerate, which assumes

many forms.

Sandstone is fairly soft and can be easily

worked into almost any desired shape. Be-

cause of this property, brown sandstone was

formerly used as a building material, par-

ticularly for the front surfaces and steps of

fashionable residences. In our larger Eastern

cities we can still see long rows of these

"brownstone fronts.”

Shale. When ordinary mud settled in huge

beds in the ocean, it changed into a bluish or

grayish rock called shale. If this shale was

“Icicles” of minerals prove their solubility. Stalactites “stick tight”

to the ceiling. Stalagmites are on the floor



The most extensive of the coral reefs is the Great Barrier Reef, about twenty miles

off the eastern coast of Australia. It extends for about twelve hundred miles

later put under terrific pressure by nature, it

changed into slate, which is a metamorphic

sedimentary rock.

Slate is found as an annoying impurity in

some of our anthracite mines, requiring a

special operation to separate it from the coal.

Since slate is formed in characteristic flat,

thin layers, it is only natural that man should

smooth it and cut it into rectangles for a

roof covering, builder’s panels, and school

blackboards.

From Rock to Soil. The many varieties of

rock are important to us, not only as nature’s

history books, but also because they are the

source of the loose material with which our

earth is covered. This material, called rock

mantle, may be in the form of stones, gravel,

sand, silt, or clay, depending on the average

size of the particles into which the rock has

been broken or ground by the forces of wind,

water, temperature, and gravity. Thus a

coarse gravel is composed of pieces of rock

which average about one-half inch in diame-

ter, while clay is composed of particles of rock

ground so small as to average less than a mil-

lionth of an inch in diameter.

This process of making small pieces out of

larger ones goes on continually as snows and

rains cause rivers to wear away the land and

carry the stones and gravel down toward the

sea. As we have seen, the rivers carry these

materials rapidly through narrow gorges and

steep valleys, scouring and cutting away at

the confining banks, depositing silt in the

broad, flat valleys, and building up deltas as

they enter the ocean.

Even then the forces of nature have not

finished with the tiny rock particles, for at

the bottom of the sea the layers of fine clay,

silt, and sand are packed together under great

pressure. In this way they are made into

sedimentary rock, which may later be up-

lifted from the ocean bed. Then the whole

process begins all over again. Thus we see



a cycle, or repetition, of events in the forma-

tion of soil.

There are three important characteristics

of a soil which make it capable of producing

useful food crops.

The soil must contain enough of the tiny

clay or silt particles to hold water around the

roots of plants.

The soil must contain some coarser mate-

rial, such as sand or gravel, so that it will be

porous, or "light.” This is necessary to permit

roots to receive a sufficient amount of air, for

air is needed by the roots, as well as by the

leaves, of a plant. Many excellent soils con-

tain as much as 50 per cent by volume of air.

The soil should provide enough of the many
chemical substances required for the nourish-

ment of plants. These chemicals are ordi-

narily provided by nature through the decay

of former plant life, which enriches the soil

with a complex substance called humus. But

nature is very leisurely in the performance of

this vital task, in some places requiring over

a thousand years to produce a single inch of

this humus-rich topsoil. It has been necessary

for man to learn how to provide these neces-

sary chemicals by other and speedier methods.

Soil which meets the needs of moisture, air,

and chemicals is one of the most valuable

natural resources of any country. If our own
fertile soil is wisely used and protected from

waste, our country will continue to provide a

comfortable home for all our people; but if

we do not take reasonable precautions to pro-

tect this priceless gift of nature, the results

will be disastrous and far-reaching. We shall

see how some men have been exceedingly un-

wise in their use of soil and have wrought

great damage to our land in past years. We
shall also see how these mistakes can be

avoided in the future.

STUDY GUIDE

1. What are chemical elements? How
many elements make up the earth?

2. What are the most abundant elements

in the earth’s composition?

3. Describe the general structure of the

earth’s crust.

4. What are the three main classes of

rocks? Give examples of each.

5. Describe the formation of limestone

caves.

6. What is rock mantle?

7. How is soil formed?

The Earth’s Surface Resources

Our Needs. So far we have been consider-

ing the formation and characteristics of the

earth from a more or less detached point of

view, somewhat as if we were living on Mars
and felt little concern over what might take

place on that other little planet so many mil-

lions of miles away. We should remember,

however, that the materials which we find on

or in the earth are of great importance to us

because we should like to have our earth pro-

vide us with a great many things for a long

time to come. Let us see what some of these

things are. How much of them should we like

to use each year? And for how long may we

expect the earth’s supplies to last us?

These are questions with which scientists

all over the world have become particularly

concerned in recent years. Statesmen too now
realize how important it is for each nation to

have a share of the natural resources of the

earth. Bitter wars are fought for the posses-

sion of lands in which lie valuable reserves of

the earth’s treasures.

As people change their ways of living, new
needs arise. Scientists and businessmen must

search the earth again for new materials with

which to meet these changing needs. For ex-

ample, the invention of the automobile and

that of the airplane have made us appreciate

the tremendous importance of the earth’s

petroleum deposits.

Thus more knowledge brings more needs.

Some people believe that these new needs are

increasing so rapidly that our earth may fail

to keep pace with our demands. This is a

gloomy prospect, indeed. Will there be no

gasoline or oil for the automobiles of the fu-



Indian farming in present-day New Mexico

ture? Or will even the iron and coal be lack-

ing that are needed to manufacture them?

Changing Needs. As you learned long ago,

the three main necessities of man are food,

clothing, and shelter. How has our particular

part of the earth provided these three neces-

sary items in past years?

When Columbus discovered this continent

in 1492, there were probably about one mil-

lion Indians in what are now the United

States and Canada. These people had been

here for such a long time that their popula-

tion must have become fairly constant,

neither increasing nor decreasing appreciably.

The number of Indians which our country

could support was limited by the amount of

wild game which they could kill for food,

since most of the tribes did little farming and
made no systematic attempt to raise domestic
animals to supply their needs. When we real-

ize that the Indians’ food, clothing, and (with

some tribes) even shelter were provided by

wild animals which were often scarce, we can-

not wonder that he dreamed of "happy hunt-

ing grounds” where game was plentiful and

life was less difficult. As long as the Indians

depended for a livelihood upon the wild ani-

mals, fish, and birds, there could be no more
than about a million people on this continent.

With the coming of the white man and his

improved weapons, the Indian was forced

ever westward by the depletion of the game
upon which his life depended. The colonists

made little use of these animals, but found

in the fertile soil of our continent the great

natural resources which seemed capable of

supplying all their needs.

Thus the early settlers established them-

selves as farmers, tilling the soil for food

crops and raising domestic animals in quan-

tity. With the products of fields and forests,

this country was able to support many more
people than had been possible under the sys-

tem of the Indian hunters, so that by 1810



there were about 10,000,000 people on a small

part of the great region which had once been

able to support only a million Indians.

i\nother change in the utilization of our

natural resources came about gradually in

the nineteenth century as men began to dis-

cover new materials in our earth and learned

how to use them effectively. The Indians

and the early settlers had given little thought

to what might lie beneath the surface of the

earth. Our vast, but not inexhaustible, re-

sources of coal, oil, and metals had not been

utilized to any appreciable extent before the

nineteenth century. The great industries

which today characterize our advanced civili-

zation have been developed mainly during the

past 140 years. It is largely because these

industries have made such effective use of our

natural resources that for every Indian of

1492 we now have about 148 people who are

provided with a far more comfortable life

than that of the happiest redskin in the most

abundant hunting ground.

We must remember that this remarkable

improvement in the way people live today is

only partly a product of the things man has

found in the earth. The mineral deposits, the

swift rivers, and the fertile soil were available

to the Indians too, but they did not make use

of them as we do. The changes are the result

of greater knowledge and effort. Now we

have secured a great deal of knowledge, but

we sometimes fail to use it as effectively as

we might. Some people are beginning to fear

that we may soon run out of the materials

which seem so necessary to us. Let us see

what those materials are and what we can do

to put off the day when, as some say, we may
have to make unpleasant changes in our way
of living.

Fertile Soil. An adequate food supply is

fundamental. It is of vital interest to all of us,

and the soil which supplies it is our most im-

portant natural resource. How much of this

soil is now available to us? Is the amount

changing? Can we do anything to improve

the situation? These are important questions

for us to answer.

Of the 200,000,000 square miles of the

earth’s surface, we find that about three

fourths is covered by the seas. In the remain-

ing area there are swamps, jungles, and cities,

and all the land which is too cold, too dry, or

too rocky for the raising of crops. No more
than 10,000,000 square miles is left for agri-

culture. In the United States we have only

about 1,000,000 of these arable square miles.

This may seem to be a great amount of land,

but we should remember that it has been nec-

essary for us to reclaim much of our deserted

wasteland and to provide artificial irrigation

for over 20,000,000 acres. We do not have

any more land than we really need. Therefore

it is necessary to take care of our fertile soil

and protect it from needless destruction.

Three Forces Destroying Soil. A waste of

this valuable resource can be found in our

Great Plains region. Here the land was for-

merly covered with thick, tough grass, which

held the powdery soil from being blown away
during the dry, windy summers. For ages

past, these grassy plains had been the home of

roving herds of buffaloes and of Indian tribes

who hunted them. With the coming of the

pioneers, the buffaloes were slaughtered, and
the plains were deserted by the Indians, for

whom the days of good hunting were over.

The grass remained for a time, but with the

wheat shortages during the First World War,
many farmers rushed into the plains, plowed

up the grass which had held the soil for so

many years, and planted vast fields of wheat

in the hope of immediate profits.

These farmers had neglected to consider

one important fact: by tearing up the grass

roots they had exposed the bare soil to the

action of sun and wind. There had been suf-

ficient rain to allow the soil to support the

grass, but with the grass removed, the sun

turned the soil into dust and the wind blew

it away, leaving barren fields, deserted home-

steads, and desperate poverty over the land

that never should have been disturbed.

The ruin continues, and the appalling dust

storms which sweep across our Plains states

sometimes carry this once-fertile topsoil clear



Soil erosion may also be produced by the wind. Here wind erosion

has destroyed rich farmland

to the Atlantic ocean as a costly reminder that

men should think carefully before disturbing

natural relationships. One such storm in 1934

scoured away an estimated 300,000,000 tons

of topsoil. This is wind erosion, one of the

three great forces which have been working

almost unbelievable damage to our most vital

natural resource—the soil which gives us our

daily bread (see illustration above).

The second destructive force which each

year causes widespread damage to much of

our once-productive farm lands is water ero-

sion. Most of the rain water which falls on

the land eventually finds its way, by brooks,

streams, and rivers, to the sea. This process

would be harmless if it were not for the fact

that the water carries soil along with it on the

journey. We have seen how even the highest

mountains can be gradually worn away by the

work of running water. The fields, pastures,

and rolling hills of our farm lands may slowly

be destroyed by this same force.

Let us see what happens during a rainy

day on a farm. As the raindrops fall on the

ground, part of the water is absorbed and

part of it collects in small pools. As the tiny

pools fill, the water runs across the surface of

the ground as a "sheet wash,” in which each

droplet carries a few minute particles of soil.

Soon the sheet wash produces thousands of

little rivulets, which join with each other until

a small stream, perhaps no wider than your

hand, is formed. In addition to the fine par-

ticles of soil first loosened by the raindrops,

this little stream now scours out a shallow

path, wandering from one hollow to the next,

always carrying more of the soil particles

with it. Wherever this ever-growing stream

finds a slope to run down, it speeds up and

cuts rapidly into the soil, for the power of

moving water to move solid particles increases

greatly with an increase in velocity; in fact,

if the speed of a stream is doubled, it becomes

capable of carrying particles sixty-four times

as large as formerly.

As the stream grows and carries soil to the

nearest river, it forms gullies and exposes the

clay or gravel which was beneath the surface.



In places where such gullies have been al-

lowed to grow unchecked, they have swal-

lowed even entire farms, houses, and barns.

One such gully was started by the dripping of

rain from a barn roof (see illustration below).

Today it is 200 feet deep, having engulfed the

barn which started it, many farm buildings,

a schoolhouse, and 3000 acres of good farm

land. Of course not all gullies are so spectacu-

lar, but the smaller ones can be just as destruc-

tive over a period of time.

The United States Department of Agricul-

ture estimates that at least three billion tons

of soil is washed out of this country each year

through the action of water erosion. You can

get an idea of how much soil this is from the

A deep gully which started as a small gully. It has ruined land

and threatened near-by buildings

Soil Conservation Service, U.S.D.A,



Check dams prevent a destructive runoff and help to control the water supply

estimate that it could fill a freight train

475,000 miles long. This is about 18 times

the distance around the earth at the equator.

A third damage to our farm lands results

from the increasingly rapid loss from the soil,

through leaching, of many of the plant-

nourishing substances, or chemicals.

On many farms, particularly in regions of

little rainfall, the land has been cultivated in

such a way that, during even the most moder-

ate showers, very little of the water soaks into

the earth, and most of the badly needed rain-

fall merely washes across the surface of the

dry ground into the nearest gully or ditch.

This water not only carries away much of the

soil, but also dissolves and carries away from
the soil that remains great quantities of

chemicals necessary for plants.

Lacking an adequate supply of these sub-

stances, the soil can produce only meager
crops of foods. It has been estimated that

this leaching robs us of six times as much
plant food as is actually used by the plants

themselves. Thus it is easy to see that our

land cannot continue to support us properly if

such waste is permitted to go unchecked.

Water Erosion and Floods. Recent experi-

ments have shown that there is a definite

relationship between water erosion and floods.

Soil which is under cultivation in the tradi-

tional manner does not retain and absorb the

rain water as well as soil which is covered by
grass, bushes, and trees. Thus, with the clear-

ing of land for farming, the forces of erosion

begin their destructive work, each rainfall

taking its toll from the precious surface soil.

After the soft topsoil has been finally

washed away, the rains run off the hard bare

earth just as if it were a tin roof. The long

rains which so often accompany the melting

of the winter snows in our northern regions

roll off the ground, rivulets and tiny brooks

swell into raging torrents, and the rivers rise

to flood the plains, destroy property, and take

human lives. Relief agencies spring into ac-

tion in the stricken areas as too-familiar

scenes of suffering and waste are repeated.

The saddest feature is that we may expect all



this to happen again next year or the year

after next. Is there nothing that we can do to

stop it—now?

What to Do. Even allowing for the inexcus-

able damage which we have done to our west-

ern Plains region, we still have about five

acres of arable land for each person. When
we consider that in parts of the Nile valley,

for example, the average is as low as halj an

acre per person, we may feel that it is only

reasonable that our people should be able to

supply themselves with abundance. But the

reckless waste of our valuable soil must be

checked if we are to continue to live comfort-

ably on this broad continent.

The United States Department of Agricul-

ture and other governmental agencies have

recently been particularly active in the pre-

vention of further damage to the soil and the

reclamation of many areas where the destruc-

tion has not been complete. Erosion control

consists largely of three measures.

First, it is necessary to check the growing

gullies, which reach out with each rain to de-

stroy more land. This task is often under-

taken by individual farmers who may merely

throw into the larger gullies an old automobile

body, a discarded bedspring, and a few tin

cans. If a farmer wishes to be more certain

of results, he may build either a simple

timber-and-brush dam or a concrete check

dam across the gully. Agencies of the govern-

ment assist farmers in building thousands of

these dams each year.

Second, the bare land must be covered with

some kind of vegetation to halt the destructive

forces of both wind and water. Since most of

this soil reclamation is done in areas which

have already suffered more or less damage,

the plants chosen for this task must be of a

variety which will survive and spread under

most unfavorable conditions. Clover and

alfalfa are widely used, as well as the less

common Bermuda grass and Japanese kudzu

A second-year growth of kudzu vine. This vine has been successfully

used to prevent soil erosion

Soil Conservation Service, U.S.D.A.
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The way contour farming appears from the air

vines. The clover and alfalfa are especially

valuable because they also have the ability to

improve the soil by adding to it certain useful

compounds of nitrogen, which they obtain

from the air. The kudzu is able to thrive even

on the steep sides of new gullies, while the

other plants are more suitable for use on roll-

ing pasture lands and hills.

The planting of small evergreen trees on

open slopes, where the speed of the runoff

water is greatest, is undertaken in many dis-

tricts as a measure for the control of erosion.

Of course it is necessary that all these grasses

and trees, as well as the food crops, be planted

in strips which follow the contour of the land,

so that the runoff water cannot follow a row or

furrow and thus start a gully. It has been

found that this contour method of cultivation

enables the soil to hold moisture to a much
greater depth than would otherwise be pos-

sible, an advantage which is particularly im-

portant in regions which are subject to recur-

ring dry spells.

Much of the damage caused by the scour-

ing action of high winds may be checked by
the planting of dune grass, sorghum, broom-

corn, or other plants which take root in the

most unpromising soil and form a tough

mat of roots to keep the land from blowing

away.

A third measure in the reclamation of farm

and pasture lands is the exclusion of sheep

and cattle from the steep sides and. tops of

hills, for it is here that close grazing and sharp

hoofs have the greatest tendency to open the

sod so that the soil is exposed, ready to be

carried away by every shower. Measure-

ments have shown that this kind of erosion

from hilltops may remove as much as an inch

of topsoil in a single year; yet nature’s normal



processes required over a thousand years to

produce that valuable inch. Perhaps this may
give us an idea of how rapidly man can de-

stroy the land if he does not take measures

to conserve it.

In the replanting of wastelands great care

must be taken to introduce only those plants

which can be controlled and made to serve

useful purposes without spreading to neigh-

boring areas and endangering our food crops.

Here we have a problem similar to those con-

stantly encountered by the biological pest-

control agencies, which often search the world

over to find a natural enemy for some insect

that is causing damage to our crops. These

agencies may find an effective enemy, usually

another insect or perhaps a bird, which might

easily bring the pest under control, but which

might, in time, become as troublesome as the

creature which it destroys. Again we see how

careful man must be when dealing with the

delicate balance of natural forces.

Rights and Laws. In our consideration of

erosion-control and reclamation measures, we

have been dealing with special aspects of the

broad problem of conservation. It is particu-

larly fitting that, in times of strife abroad, we

should give serious thought to the problem

of creating and maintaining on our own

continent the best possible home for our

people.

We have studied the functioning of certain

natural laws, those laws which man cannot

alter to suit his changing needs, and which he

must understand and respect in order to live

more happily. We have considered the action

of wind and rain on the wide plains, high

plateaus, and rolling pasture lands of our

great continent. We have seen that man may
repair much of the damage which he has done,

and may make sure that very little new harm

comes to the soil from which he must make

his living.

We have not, however, taken into account

the effects of certain man-made laws. Most of

these laws were designed to satisfy basic

needs and to secure fundamental rights for all

persons. Many of them are necessary for the

maintenance of the freedom of the individual;

but they sometimes operate against "the

greatest good for the greatest number.” As

an example of this, let us suppose that,

through either ignorance or selfishness, your

neighbors, in exercising their rights in using

their lands, fail to protect their lands from

wind erosion, so that thousands of tons of soil

are carried into the air in great clouds of dust.

No law can protect your property from the

damage caused by these storms, nor does any

present law require either you or your neigh-

bor to take measures to protect against them.

Of course man can modify any of the laws

which he has made, and today many people

think it may someday become necessary for

the individual landowner to assume some sort

of legal responsibility for the proper care of

his land. Measures of this nature have long

been enforced in other countries under forms

of government similar to ours.

Although it is at present impossible to

know just what will be done to solve the many
problems of soil conservation, it is at least

encouraging for us to observe that people are

becoming more concerned about these prob-

lems each year, and to know that both Fed-

eral and state governments are extending the

scope of conservation activities. Let us give

our sympathetic understanding and support;

they are working to keep for us and for future

generations our greatest single natural re-

source—a fertile land to feed and clothe our

STUDY GUIDE

1. In what ways have the resources of this

continent been more extensively used since

the coming of the colonists?

2. What have been some of his changing

needs?

3. What three forces have been destroying

our soil resources?

4. What is the relationship between erosion

and floods?

5. What conservation methods should be

employed to preserve or reclaim the soil?



A fossil fern, evidence of early plant life

Resources beneath the Surface

Coal. Not alone at the surface, but in the

depths of the earth as well, man finds re-

sources. These may not be as fundamental as

the soil, from which he gathers food and mate-

rials for shelter and clothing. By mining,

however, he secures fuels and the ores from

which he separates metals. With these he

builds a higher, or more complex, civilization

than would be possible with agriculture alone.

Geologists, who investigate the rock and

soil formations of the earth, have a system of

timekeeping different from that of the clock

and calendar. Most of the events with which

they are concerned took place so long ago that

the evidence remaining is vague. The changes

took place so gradually that one cannot say

just when they started or stopped. Geologists

have found it convenient to divide the age of

the earth into long periods of time, each of

them notable for some particular earth-

shaping process. One period slowly merged
into the next, much as on the movie screen

one scene dissolves into another.

One of the most important of these geologic

periods, the Carboniferous, extended over

many centuries. It came to an end more than

200,000,000 years ago. During this period

much of the earth was warm and swampy,

with just the climate to encourage the growth

of many forms of plant life, which covered

vast areas. Dense forests of strange bamboo-

like and palmlike trees flourished in swamps
and were surrounded by tangled ferns and

mosses. As these plants grew to full size and

finally died, new seedlings grew over them and

pressed them down into the soft earth until

a thick mat of decaying vegetable material

had been deposited. As each new generation

of plants grew to maturity, this layer was

pressed ever deeper into the wet earth, along

with the remains of creatures which lived in

the jungles—huge dragonflies, queer crawling

creatures with jointed tails, and about eight

hundred different kinds of cockroaches, some

of them streamlined and over four inches long.

Thousands of years passed. The climate

gradually became cooler, the swamps drained

into the seas, and parts of the earth’s surface

slowly rose and fell with the raising, folding,

and destruction of great mountain ranges.

During the same time the deposits of decayed

vegetable matter which had been laid down
in the ancient swamps went through a series

of changes. When the land was lowered be-

neath the sea, broad rivers from near-by con-

tinents deposited heavy layers of silt and clay

over the compressed vegetable matter. This

increasing pressure, together with the action

of the earth’s internal heat, gradually car-

bonized the vegetable material, converting

it into coal.

We have reason to believe that coal was
formed first as a low-grade product, similar to

peat. It was then successively transformed

into lignite (brown coal), bituminous coal

(soft coal), and finally anthracite (hard

coal). Deposits of peat, lignite, and bitumi-

nous coal are now found where carbonization

of the original vegetation has not gone to

completion.

Because of the tremendous importance of

coal as the basic fuel in our modern industrial

civilization, men are constantly searching the

world for new coal fields, and finding them in
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the most remote places. For example, the

recent explorations of Admiral Byrd in the

antarctic regions have disclosed extensive coal

deposits, indicating that even that desolate

land of snow and penguins was once a steam-

ing jungle of tropical trees and ferns.

Within the United States there are at least

300,000 square miles of coal fields, from

which we remove each year about 3 5 per cent

of the world’s annual requirement of approxi-

mately two billion tons. Thus the United

States leads all other countries in coal pro-

duction, with an annual output of about

650,000,000 tons.

To visualize our coal production, suppose

that next Saturday afternoon you are driving

home from a trip in the country. Suppose

that you come to a railroad crossing on which

a long train of coal cars is passing at the speed

of 25 miles per hour. If these cars are carry-

ing the average United States yearly produc-

tion of coal, you are going to be very late in

reaching home—about six months late, in

fact.

Although coal fields of varying size and
quality are scattered over most of our conti-

nent, the Appalachian region produces by far

the greatest quantity. You may have heard

someone say that we are using up our coal

reserves so rapidly that we may soon exhaust

our supply; and surely the length of that coal

train might lead you to agree. Yet our re-

serves of all grades, mostly inferior, have been

estimated at over five trillion tons, so that

we should not run short for many years to

come. We hope that before that time has ar-

rived, scientists will have devised means of

making us less dependent on this source of

energy. In the meantime, we should conserve

this fuel supply by avoiding waste in mining

and transporting it and by using it more

efficiently.

Petroleum. This liquid fuel is classed as a

mineral product. It probably originated from

Scientific prospecting eliminates great risks in the oil business.

Can you explain how the man-made earthquake shocks diagramed below

can be used to measure the depth of rock formation?

Courtesy Texas Co. Richie, for Seismngranh Service Corporation
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Itobert Yarnall Richie

At the left, drilling a deep well for petroleum; at the right, an oil refinery.

Oil is sometimes called "flowing gold”

the decomposition of plants or animals in the

shallow waters along the shores of long-

vanished seas. This organic material, much
of which was probably deposited at about the

same time as our coal fields, contained com-

pounds of carbon and hydrogen. Through the

action of pressure and heat over a long period

of time these compounds became the dark

liquid now known as petroleum.

In early Roman times this liquid was
skimmed off the surface of the water in certain

wells and used in specially designed lamps,

for lighting. Much later, in our own country,

this substance was used for medical purposes,

some persons believing that it was an effective

liniment.

Although the use of petroleum for lubrica-

tion and illumination was suggested in the

United States as early as 1814, it was not
until 1859 that Colonel E. L. Drake drilled a

seventy-foot well which produced twenty-five
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barrels daily and paved the way for the de-

velopment of one of our greatest industries.

The United States now has an annual pro-

duction of petroleum of about two billion bar-

rels, valued at roughly two dollars and a half

a barrel. To transport all this petroleum at

one time would require a train of tank cars

5 6,000 miles long,more than twice the distance

around the earth at the equator. This is over

60 per cent of the world’s supply of this im-

portant product, which provides heat, power,

and lubrication for transportation, industry,

and homes. It is estimated that our present

known reserves may last us only about twenty

years. Scientists are therefore searching for

acceptable substitutes for petroleum prod-

ucts. In some countries cheap alcohol is used

as motor fuel. Scientists have devised a

method of producing gasoline from the dis-

tillation of low-grade coal, though at a cost

greater than that of the petroleum product.



The discovery of oil fields was once largely

a matter of luck. Superstition was sometimes

involved in the search. One popular device

was the so-called divining rod, which was sup-

posed to dip downward when it was carried

over a hidden oil deposit. Science long ago

proved the worthlessness of such devices,

based on superstition, and the task of pros-

pecting for oil is now carried out efficiently

by crews of specialists who are highly trained

in the branch of earth-science called geo-

physics (see illustrations, p. 75).

These men are able to determine the

nature, extent, and position of many types of

rock formations far beneath the surface of

the earth by exploding large charges of dyna-

mite in carefully chosen locations and noting

the manner in which the shock of the ex-

plosion is carried through the earth to other

points, where observations are recorded on

instruments similar to those used for the de-

tection of earthquakes. An interpretation of

these observations enables the prospector to

tell with reasonable accuracy the location and

probable extent of promising deposits.

Petroleum is a mixture of many hydrocar-

bons—that is, compounds of hydrogen and

carbon. In oil-refining this mixture is sepa-

rated by distillation into fractions having dif-

ferent boiling points. To these fractions

different names have been given. For fifty

years the greatest value of petroleum was as

a source of kerosene which was burned in

lamps. The gasoline obtained in distillation

was regarded as a dangerous and undesirable

by-product. Today it has been found neces-

sary to increase the amount of gasoline that

can be distilled from a barrel of crude oil. The
chemists have found a remarkably effective

process, called cracking, by which the yield

of gasoline can be increased.

Iron. We have often heard that we are

living in the Machine Age, and if we look

about us we can see that this is undeniably

true. How many machines can you see from

where you are? Perhaps an automobile, an

electric fan, a typewriter, and a radio. These

are all examples of mechanical ingenuity.

But you have not looked far enough. The
thousands of cleverly conceived machines, the

work of which has entered our homes, are not

all immediately visible. The building in which

you are reading this book was probably built

with the aid of many machines—trucks,

cement-mixers, power saws, floor-surfacers,

drills, and the hundreds of machines needed to

produce nails, screws, hardware, and plumb-

ing. The chair in which you are sitting was
probably produced in a large furniture factory

through the use of many machines. You are

wearing the products of other highly mechan-
ized industries. Wherever you go, machines

and their products go with you. It is pleasant

for us all to realize how man’s intelligence is

constantly providing us with new and finer

mechanical servants.

But all these instruments of our civiliza-

tion depend not only on our intelligence and

growing knowledge but also upon a continu-

ing supply of the materials of which these

Some of the thousands of tank cars that replaced ocean

tankers in supplying gasoline and fuel oil to

New England
Robert Yarnall Richie



One of America’s greatest treasures: mountains of iron ore

in Hibbing, Minnesota

Robert Yarnall Bichie

machines are built. How much of these ma-

terials do we have? How long will they last?

These questions have begun to give us concern.

We have already noted that the earth is

largely made up of oxygen and silicon. Among
the metals, which are so important to us

today, we find that aluminum makes up about

7 per cent of the earth, and iron 5 per cent.

Of course, as they are found in the earth, these

metals are chemically combined in various

proportions with other elements, usually

oxygen, sulfur, or carbon. These metallic

compounds, called ores, are found in large de-

posits in regions where igneous and sedimen-

tary rocks are in contact, a fact which leads

some scientists to believe that the metals were

boiled up from the deep interior of the earth

by the molten igneous rock and then forced

through the sedimentary deposits as they

neared the surface. Today the ores are mined
and the metals separated from them by a
smelting process in which the unwanted chem-
ical elements are caused to combine with other

materials, leaving the metal almost entirely

free from impurities.

Our most important metal is iron, from

which steel is made. In 1948 the United States

produced approximately 60,000,000 tons of

iron and steel, much of which was exported in

the form of manufactured products. Our
richest deposits of iron ore are located in

northern Minnesota, where one region is so

valuable that the entire city of Hibbing was

moved in order to obtain the ore deposit on

which it had been built.

We shall learn more about the chemistry

of smelting metallic ores in the final unit of

this book. For the present, it is worth while

to consider how fortunate we are in the natural

resources in which our country abounds, for

we have within our borders such supplies of

the minerals essential to our industrial de-

velopment that we need not depend on outside

sources for more than a small part of our

national needs. This does not mean that we
should isolate ourselves from the rest of the



world and deny to ourselves and to others the

benefits of world trade, but rather that we
should appreciate some of our advantages and

some of our obligations.

Other Metals. Although iron is by far our

most important metal, certain other metals,

called nonferrous, are also needed in our pres-

ent civilization. Chief among these metals are

copper, zinc, lead, aluminum, and tin.

Our Michigan deposits of copper ore are

valuable because they are remarkably free

from impurities. Larger deposits, however,

are found in our Western states, from which

most of our present supply is taken. The

United States produces over half of the

world's total supply of this important metal.

Until the beginning of this century, copper

had been used mainly in the production of the

copper-tin alloy known as bronze. This w^as

the first metal used by man. Long before the

beginning of written history, men learned that

better tools and weapons could be made from

bronze than could be slowly worked out of

stone. Because of the widespread use of this

metal by prehistoric man, a long period of his-

toric time has been designated the Bronze

Age.

Sulfur from the wells is stored in huge cakes in the open air, and is

loosened by dynamiting when it is to be loaded on cars

Richie, for Texas Gulf Sulfur Company
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Today, after these many thousands of

years, copper is still our most important non-

ferrous metal. Every time you ride on a

streetcar, listen to a radio, make a telephone

call, or turn on the lights, you are making use

of copper wires which carry the electric cur-

rent to serve us. With copper the problem of

conservation again arises for we are told that

our present rate of consumption will exhaust

all available resources in the United States in

about fifty-five years.

Zinc, lead, aluminum, and tin are also re-

quired in quantity to sustain our present

standards of living. We are fortunate that the

United States has supplies of the ores of all

these metals except tin.

Sulfur. Although it is not a metal, sulfur

is one of our important mineral deposits. It

is widely used in our most vital industries.

The world’s greatest source of this "king of

chemicals” is in Texas and Louisiana, where

vast underground deposits of the yellow

solid are obtained by the operation of in-

geniously designed wells, which were per-

fected in 1891 by Herman Frasch, an Amer-

ican engineer.

In this process hot water and compressed

air are pumped down into the deep deposits,

which are thus melted and forced to the sur-

face. A single well of this type has been

known to produce as much as 500 tons of

sulfur in a single day. At present there seems

to be an almost inexhaustible supply of this

important mineral.

A Reminder. In this chapter we have been

studying a few of the earth’s products which

man has learned to use for his own benefit

in order to provide himself with the neces-

sities, and even some of the luxuries, of life.

We have seen that none of these materials are

available in unlimited quantity. Yet many of

us have the unfortunate habit of using things

without giving sufficient thought to the prob-

lem of replacing them.

To some extent, this situation tends to

correct itself. For example, the destruction of

much of our forest areas has finally forced us

to adopt organized conservation and replace-
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ment measures through co-operation between

government and private agencies. Similarly,

it has been necessary for certain of our oil-

producing states to require the oil companies

to curtail production so that some of our na-

tion’s oil reserves may be kept underground

for a few more years. And we have seen how
the needless waste of our fertile soil is grad-

ually bringing us to realize the desperate need

for widespread control of erosion. Yet there

are those who regard these conservation ac-

tivities as an encroachment on the rights and
freedom of the individual. Let us remember,

however, that, as people become more depend-

ent upon each other, it often is necessary to

give up a small part of freedom for the com-
mon good of all. You can think of many ex-

amples of laws which necessarily restrict the

privileges of each of us by making us do some-

thing or refrain from doing something because

such conduct is for the good of the community.

We must appreciate that it is equally reason-

able, therefore, that each individual shall be

required to conduct himself in such a way as

will tend to preserve the natural resources

upon which the welfare of all of us depends.

It is important for us to realize that the fertile

soil, the great forests, and the mineral wealth

of our country must not be wasted.

STUDY GUIDE

1. What do geologists mean by the Carbon-

iferous period. When did it come to an end?

2. Outline the process by which vegetation

was carbonized in making coal. What are the

kinds of coal?

3. What is petroleum? How was it prob-

ably formed?

4. What products are separated from petro-

leum? What substitutes have been devised

for the gasoline obtained from petroleum?

5. In what way are oil deposits located?

6. In what sense are we living in a Machine
Age ? What metals are the basis for a machine
civilization?

7. What are minerals? ores?

8. How is sulfur mined?



Tte Waters of tte Earth

Surface Water and Ground Water. We have

learned one theory of earth formation and

have given thought to the forces which are

constantly at work changing the surface of the

land. But not all resources belong to the solid

part of the earth. Water and wind are also

valuable resources. Because they are abun-

dant we often do not think of them in this way.

We have seen how one great force is that

of running water—falling from the clouds as

rain or snow, collecting in tiny pools, and

traveling ever downward in brooks and rivers

until it reaches the sea. Thence it evaporates

and is carried by the air, only to be condensed

and again fall as rain or snow. This series of

changes is the so-called meteorological cycle.

The vast seas from which this water comes,

and to which it returns, cover about three

fourths of the earth’s surface, serving both as

barriers and as avenues of communication

between continents.

Along its journey to the sea this water may
work good or evil. Some of it may irrigate

fields so that man can raise crops on land

which would otherwise be barren
;
some of it

may turn the wheels of great industries; some

of it may provide water highways for the

economical transportation of heavy freight.

Yet some of it may carry away the fertile

fields of unwary farmers.

The water on the earth thus comes from

rain or melting snow. It runs from high points

to low points on the surface of the earth. This

runoff and the water which collects in depres-

sions as seas or lakes constitute the surface

water.

But, as you know, some water sinks into

the soil. It is upon this water that plants

depend for life and growth. Thus, ultimately,

it is upon this water that animal life depends

as well.

The upper level of the absorbed, or ground,

^
water is called the water table. Wells may be

drilled to reach this water table. At certain

points the water table may touch the surface,

and then the water bubbles forth as springs.

Sometimes a well is driven through an im-

pervious, or nonporous, layer of rock to a

porous layer in which water has accumulated

by seepage from a higher surface. The ac-

cumulated water is under pressure, which is

released when the well penetrates the porous

layer, so that the water flows from the well.

Such a well is known as an artesian well (see

diagram).

The water sphere, or hydrosphere, is the

entire layer of water encircling the earth. It

includes both surface water and ground water.

The Oceans. The water in the oceans is

salty to the taste. Rivers and streams con-

tinually dissolve chemical compounds from

the land and carry them out to sea. As the

water is evaporated from the surface of the

ocean, these compounds remain in the ocean.

Common table salt, or sodium chloride, is the

principal substance which thus accumulates,

though many other substances have also been

dissolved through the ages. It has been esti-

mated, for example, that one cubic mile of

sea water now contains more gold than our

government has buried in Kentucky.

Fresh-water lakes remain fresh because

they not only receive water from streams but

empty it out as well. In some cases there is

no outlet. Salt lakes result.

As you might expect, the saltiness of the

oceans is increasing steadily as the rivers

continue to bring salt from the land. One
factor in the distant past has somewhat coun-
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In addition to being found in salt mines and salt wells, the indispensable

mineral salt may under favorable circumstances be obtained by the evaporation

of salt water. Here, at Great Salt Lake, Utah, water is run into shallow ponds,

where it is evaporated by the sun. Salt is the residue

teracted this trend. Millions of years ago

great stretches of ocean became landlocked in

locations where the resulting lakes were not

fed by streams large enough to keep them

from drying up. Since the salt remained as

the water evaporated, the lakes became more

and more salty until they were only vast

stretches of dry salt. This salt was lost to the

ocean.

Thus huge salt beds were laid down. Many
of them were buried by later geologic changes,

so that the salt must now be mined or else

extracted from deep driven wells, as in Michi-

gan and central New York State. Other salt

beds remain exposed, as the famous Bonne-

ville Salt Flats in Utah, where automobile

speed records are sometimes made.

The oceans have not only been a source of

salt; they have had important effects upon the

climates of the world. Winds blowing from

large bodies of water are moist winds. Oceans

and largelakes also moderate the temperature.

Water warms more slowly than land, and it

holds its heat longer. The moderating effect

on climate of large bodies of water can be

illustrated by studying the conditions around

any lake region in the belt of the prevailing

westerly winds. Study the temperature on

opposite sides of a lake during a hot summer
day. The land on both sides warms up faster

than the water in the lake, but the land on the

windward side gets hotter than the land on the

leeward side because, in blowing across the

lake, the wind becomes cooled. This results

in cooler weather during the daytime on the

leeward shore.

When night comes, the land on the wind-

ward side cools more rapidly than the water in

the lake, so that the lake becomes relatively

warmer than the land. Thus the air, in cross-

ing the lake, is warmed slightly, so that when
it blows to the land again it tends to prevent



that region from cooling off as much as the

country on the opposite side. The land on the

leeward side of a lake, then, tends to have

cooler days and warmer nights than prevail

over the windward portion. In this way the

lake exerts a steadying influence over the tem-

perature of the land on the leeward side.

A similar effect is shown by the location of
*

the early frosts in autumn. Since the wind-

ward region cools off more rapidly, the first

frosts will occur there.

Oceans have, of course, more effect than

lakes in preventing extreme ranges of tem-

perature. The western coast of the United

States has a much milder climate in the winter

than the eastern coast, which is covered by
the same winds. The tempered winds from

the ocean prevent the western coast from

getting cold. The eastern coast, however, gets

its westerly winds from the land instead of

from the water. The land in the central part

of the continent cools the westerly winds so

that by the time they reach the eastern coast

they are very cold. Also, the ocean winds pre-

vent the western coast from getting intensely

hot in the summer, while the land-heated

winds blowing toward the eastern coast bring

much higher temperatures to that region.

Part of the mildness of the North Pacific

coast is traceable to the warm Japan Current.

Ocean currents have a direct effect on the cli-

mate of a country only if the prevailing winds

blow from the water to the land.

Ocean Currents. Since warm water is lighter

than cold water, warm water rises, while cold

water sinks. The water in the polar regions

Currents of the North Pacific
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cools and sinks to the ocean bottom, where it

moves along toward the equator. Here it rises

to take the place of the light, warm surface

water, which drifts toward the poles, where it

is cooled and sinks. In general, then, the sur-

face water of the ocean is drifting toward the

poles, while the water at the ocean bottom is

moving toward the equator. But the move-"

ments of the ocean currents are not so simple

as this description implies, because they are

deflected by the continents and by the action

of the earth’s rotation.

In the Pacific Ocean the warm water along

the equator moves in a westerly direction.

When this current strikes Asia and southern

China, part of it turns northward and drifts

past Japan, giving to those islands a compara-

tively mild climate. This Japan Current next

moves eastward across the Pacific until it

strikes the coast of western America, where it

moves southward until it reaches Mexico
;
then

it turns westward and is warmed again before

it starts north on its next trip past Japan.

This current is of special importance to us, for

the climate along our western coast is exceed-

ingly mild because the prevailing westerly

winds are thus warmed by the warm ocean

current before they start across our country.

A similar warm stream is found in the

North Atlantic Ocean. The region along the

Gulf coast of the United States owes much of

its delightful climate to the Gulf Stream.

When the water of the Atlantic Ocean along

the equator is warmed, part of it moves in a

The Gulf Stream. What are the effects of this ocean current?

r
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northwesterly direction around the upper end

of South America to the Gulf of Mexico. A
portion of this stream then turns northward

and travels along the coast at a considerable

distance from the shore. This current has only

a moderate effect on the states along the

Atlantic coast because the prevailing winds

flow from the land out over the ocean. The
Gulf Stream then continues across the At-

lantic until it strikes the British Isles and

Norway. If it were not for the warm winds

from the Gulf Stream, the north coast of

Europe would be almost uninhabitable. A
glance at a map of this region will show that

much of Europe is far north of the United

States; yet along its shore regions it has a

moderate climate.

Tides. We have been thrilled to read of the

old sailing ships "waiting for the turn of the

tide before putting out to sea.” Does it not

seem strange that such a mighty phenomenon

as the daily ebb and flow of the ocean tides

depends on the moon? Indeed, the moon
appears so small and so far away that it seems

hardly possible that it could affect the earth.

In reality, it is large enough and near enough

for its gravitational pull to draw toward it the

water on the side of the earth which faces it.

Since this attraction has less effect on the

more distant water on the opposite side of the

earth, a second "bulge” of water is produced

there.

As the earth rotates, these peaks of water

move around the earth. Two high tides and

two low tides reach to each point on a coast

for every complete rotation of the earth. We
must remember that the moon travels about

the earth once a month in the same direction as

that of the earth’s rotation. Hence the actual

time during which the moon produces two high

tides and two low tides is 24 hours and 52

minutes. The interval between successive

high tides is thus 12 hours and 26 minutes.

There are factors which tend to modify this

simple description, but we shall be able to go

fishing or swimming at the proper times if we
remember this approximate schedule.

Exact calculations for the times and

heights of tides are complex, but ingenious

tide-calculating machines have been devised

and are now used by many governments as a

service to navigators.

In addition to these tides produced by the

moon (lunar tides), there are tides produced

by the gravitational attraction of the sun. The
sun is so distant that solar tides are not usu-

ally significant. When, however, the moon’s

attraction and the sun’s attraction are in the

same line, unusually high tides (spring tides)

result. When the sun and moon pull at

approximately a right angle to each other,

then the smallest high tides result. These are

the so-called neap tides.

Because of coastal configurations, tides in

some localities may reach astounding heights,

but the average in the Temperate Zones varies

between three and six feet, as measured from

low water to high water. In spite of this small

rise and fall, a few successful tide mills have

been in operation for many years, particularly
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in western Europe. One large project to

make use of tidal energy was seriously con-

sidered by the United States government, and

complete plans were submitted for an installa-

tion on the coast of Maine. Later the project

was abandoned. We should bear in mind,

however, that the mighty tides may someday

become an important source of energy by

which man may be made less dependent on

other less permanent sources of energy, such

as coal and oil.

STUDY GUIDE

1. What is the meteorological cycle? the

hydrosphere?

2. Distinguish between surface water and

ground water.

3. What is the water table?

4. Why are oceans salt?

5. What effects have large bodies of water

upon climate?

6. Describe the effects of ocean currents.

7. Explain the production of tides.

Place and Time

Place. How may we designate positions on

this sphere of rock and water which we call

the earth? How may we determine direc-

tions? We are all familiar with the land-

marks, the roads, and the villages near our

homes; we do not find it difficult to get from

one place to another as long as we remain

amid these well-known surroundings. But
most of us would have trouble explaining how
a ship’s officer or transoceanic seaplane pilot

can find his way over the vast reaches of

empty ocean, where each wave and cloud looks

quite like every other and there are no con-

venient signposts or traffic officers to direct us.

Yet for hundreds of years there has been a
system by which navigators have been able to

bring their ships, cargoes, and passengers safe

to port across the widest ocean. The develop-

ment of navigation has been one of the impor-

tant factors in the rapid spread of civilization

over the earth in the last five hundred years.

Strangely, the most difficult part of navi-

gation consists not in finding out how to go

somewhere, but rather in finding out where

you are. If a navigator can but locate the

point where his ship is on the broad surface of

the sea, he will be able to depart from that

point in such a direction as to bring his ship

to port.

Latitude and Longitude. Points on the earth

may be indicated on a map or chart, which

represents on a plane surface the position,

direction, and distances of places on the

spherical surface of the globe.

On any surface a point may be located by
specifying two lines which intersect at the

point. As an example, if you were asked to

meet your cousin at the intersection of Sixth

and Main Streets, you would have a fairly

good idea of where to go. Or in mathematics,

as you may remember, the point x = 2>, y = S

can be located simply by counting to the right

of the starting point a distance of 3 spaces

along the x axis and from there counting up 5

squares in a direction parallel to the y axis.

In this case we merely specify that the point

is located at the intersection of the line x=^Z
and the line y = 5. In describing the position

of his ship at sea the navigator does nothing

more
;
he simply states that it is located at the

intersection of two lines at right angles to

each other.

How designate the two lines? About four

hundred years ago, an astronomer, Frisius, set

up a system of co-ordinates, or imaginary lines,

on the surface of our planet so that the desig-

nation of any point would be no more com-
plicated than in our simple a:-and-y problem.

His system was essentially the same as that

in use today. Latitude and longitude are the

terms used to designate the two sets of lines.

For the measurement of latitude, lines

parallel to the earth’s equator extend com-
pletely around the earth. On a widely used
type of map devised in 1568 by Gerhard Mer-
cator, a pupil of Frisius, these parallels of

latitude, together with the equator, appear as

horizontal lines.

But our chart requires also vertical lines.

The problem of choosing a starting point for

these vertical lines, called meridians, gave the



Three fourths of the earth’s surface is water. This would be a trackless waste

if man had not found means for mapping it and for determining

direction upon it

early navigators considerable difficulty. Each

felt that his own nation should be honored by
being chosen for the location of this zero

meridian. For many years each navigator

used charts on which longitude was measured

from his own national capital. Of course this

made it difficult for mariners to exchange in-

formation. Finally nearly all countries ac-

cepted as the zero meridian the m.eridian

which passes through the Royal Observatory

at Greenwich, England.

Both latitude and longitude are measured

in degrees, each degree being 3^ of a com-

plete circle. The distance in latitude between

the equator and the north pole is one quarter

of a complete circle, or 90°. Similarly, if we
were to sail halfway around the earth from

Greenwich, we should go from 0° to 180° of

longitude. To locate our ship, therefore, we
must specify two distances in degrees: the

latitude, north or south of the equator, and

the longitude, east or west of Greenwich.



Early Navigation. Few topics are more in-

teresting than the history of the earlyvoyagers

whose courage and resourcefulness led to the

discovery of new lands and the establishment

of great empires. These intrepid adventurers

broadened the horizons of all mankind as they

left the familiar coastal waters of the Old

World and, in the face of ignorance and super-

stition, piloted their tiny vessels through the

threats and dangers of uncharted seas.

But these brave explorers would have ac-

complished little if they had not combined

their courage with the true spirit of the inves-

tigator. This is the spirit of "Go and find

out,” the essential attitude of all who would

extend the knowledge of mankind. Civiliza-

tion owes a debt of gratitude to the explorers

and men of science who have combined this

spirit with true bravery.

We can imagine how the science of naviga-

tion began in the distant ages when a few of

the bravest men sailed ever farther from the

sheltering shores of familiar lands. Lured by
favorable winds or driven by the force of

sudden gales, these early adventurers sailed

beyond sight of the coasts to which they had

been bound for so many years. At some early

time man must have learned to rely upon the

guideposts of the sky.

Direction. Very early man must have ob-

served the uniform nightly motion of the stars

or the seasonal variation of the sun’s altitude

above the horizon. We are able to learn from

remains of the distant past that the Egyptians

made careful astronomical observations for

the construction, over seven thousand years

ago, of one of the great pyramids. This

gigantic structure, one of the seven wonders

of the world, has a long entrance shaft which

is parallel to the earth’s axis, indicating that

the builders had located the North, or Pole,

Star, which was then Thuban instead of our

familiar Polaris of today.

Here was a fixed star, from which direc-

tions could be determined. It pointed north;

in the opposite direction was south. The place

where the sun rose was east; where it set was
jvest. It was long, however, before astronomy

was applied to a reasonably exact determina-

tion of latitude and longitude. Many crude

devices were used in early voyages, but none

were entirely satisfactory.

In the fifteenth century the compass, as a

direction-finder, became an important aid to

the navigator. About the year 1713 two im-

portant and highly accurate navigation in-

struments, the sextant and the chronometer,

were invented. The sextant is used to measure

the angle of elevation above the horizon of

the sun, a star, or the moon. The chronometer

is simply a remarkably accurate clock, by

which the navigator is always able to tell what

time it is at Greenwich.

To Determine Latitude. Since the earth’s

axis points at Polaris, our North Star, the

angle between our horizon and Polaris is

equal to our latitude. A person at the north

pole would see Polaris directly overhead, the

latitude being 90°; on the other hand, if he

were on the equator, the North Star would

appear just on the horizon, the angle of eleva-

tion, and therefore the latitude, being 0°.

Thus the navigator can determine his lati-

tude merely by observing the altitude, or

angle above the horizon, of Polaris. Latitude

may also be determined by observing the alti-

tude of the sun above the horizon as it reaches

its highest point. In this case it is necessary

to correct the observed altitude by the amount
which the sun is north or south of the equator

on the day of the observation.

To Determine Longitude. We have learned

that the 360 degrees around the earth is

divided into 180 degrees west of Greenwich

and 180 degrees east of Greenwich. In a

twenty-four-hour day the sun appears to

travel completely around the earth, so that

each hour it covers 1 5 degrees. By consulting

a chronometer at the time when the sun

reaches its highest point of the day, a naviga-

tor can observe the difference in time between

noon on his ship, called local apparent noon,

and noon at Greenwich. After making minor

corrections, the longitude calculation becomes
a matter of simple arithmetic, since each hour

of time difference is equal to 15 degrees of



longitude. Thus our navigator knows that if

his local apparent noon occurs later than noon

at Greenwich, his longitude is west; if earlier

his longitude is east.

Time. The sun is not only our guide in

determining position; it is also our time-

keeper. The eastward rotation of the earth

results in the apparent westward motion of

sun and moon and stars. The motion of the

sun, with its accompanying alternation of

daylight and darkness, must have been among
the earliest conscious experiences of man.

Later he learned to divide this natural period

of time, the day, into convenient hours. To
the Babylonians we owe the division into

twenty-four hours of equal length.

The apparent solar day is the time required

for the sun to return to the meridian. This is

sundial time. Since the length of such a day

varies somewhat throughout the year, we use

in our mechanical timekeeping the mean solar

day, which is an average of the slightly vari-

able true days.

The hour is one twenty-fourth of this mean
solar day. The hour is divided into sixty

minutes and each minute into sixty seconds.

The time at any place is the number of

hours since noon, the moment when the sun

appears at the highest point in its path across

the sky. This local time, of course, differs

from place to place. To the west of us it is

earlier, while to the east of us it is later. Thus,

when it is noon where we live, the sun has not

yet reached the zenith at points west but has

already passed the zenith at points east.

Frequent and necessary communication

has made the use of local time impracticable.

For example, it would be awkward, even dan-

gerous, to arrange train schedules using such

a variable measure. Therefore, for conven-

ience, the earth has been marked off in

an east-to-west direction into twenty-four

standard-time belts. Each belt is 15 degrees

wide, a degree being 1/360 of a circle. The
time within each belt is that of the meridian

bisecting it. When we pass westward from

one time belt into the next, we move back

our watch one hour; but when we move east-

ward into a new time belt, we move our watch

forward one hour.

The United States covers so long a distance

from east to west that it has four time belts

(see map, p. 90) . Thus New York is on East-

ern time, Chicago is on Central time, Denver

is on Rocky Mountain time, and San Fran-

cisco is on Pacific time. People in each of

these belts keep their clocks one hour ahead

of those in the time belt to the west of them.

The Eastern time belt is that of the 75th

meridian and is sometimes called the plus-

5

zone, since Greenwich is 5 hours ahead of

this area.

Incidentally, this difference between time

belts has great significance for radio broad-

casting, since it makes necessary the rebroad-

casting of certain popular programs so as to

have them on the air at the proper times in

more than one time belt.

In order conveniently to make use of an

extra hour of daylight, many communities
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By standard time it is one hour earlier as you pass westward from one time belt

to the next. In what time belt do you live?

turn their clocks forward by one hour when

summer comes. This gives daylight-saving

time. If your community operates on daylight-

saving time during the summer, the same

effect results as if you moved into the next

time belt east of you.

Measuring Time. One of the early methods

of keeping time consisted in burning a grass

rope. The rope was made so that it would

burn entirely in one day. To tell the time of

day from this crude device a person had to

estimate how much of the rope had been

burned, and from this he could decide about

how much of the day had already passed.

For example, if the rope was one-fourth

burned and it had been lighted at six o’clock

in the morning, the time was about twelve

o’clock noon.

Another more common device was an hour-
glass, in which a given amount of sand or

water ran from one dish through a small open-

ing to another in a given length of time. Small,

three-minute sandglasses are now found in

the kitchens of some homes where it is not

convenient to watch a clock in order to tell

if the breakfast eggs have boiled long enough.

Sundials, now used only as garden orna-

ments, were at one time the most accurate

timekeeping instruments. They were useful

when the sun was shining, but, of course, at

night or on cloudy days they were of no value.

The first clocks were crude wooden-
wheeled affairs. They were operated by
weights which hung from cords wound around

cylinders. The pull of the weights on the

cylinders turned the crude wooden cogwheels,

which in turn operated the hands of the clock.

One of the first great improvements in the

manufacture of clocks was the replacement

of the weights by springs. Other improve-

ments were the manufacture of metal cog-

wheels to replace the old wooden ones and
the replacement of metal bearings by ston<5

or jewel bearings.



The latest improvement in clocks is the

use of electric power to operate them. Some

electric timekeepers are the regular type of

clock with a small motor attached in such a

way that the spring is kept wound con-

tinuously.

Other electric clocks contain what is called

a synchronous electric motor. This type of

clock has no spring or balance wheel. It oper-

ates on alternating electric current, the alter-

nations being exactly the same at all times.

STUDY GUIDE

1. What is meant by latitude? How is it

determined?

2. What is meant by longitude? How is it

determined?

3. How did early navigators find their way?

4. What inventions have made modern

navigation possible?

5. What is the apparent solar day? the

mean solar day?

6. Distinguish local time, standard time,

and daylight-saving time.

7. What are the time belts of North

America?

IMPORTANT THINGS IN THIS CHAPTER

The crust of the earth consists of rock

covered by soil.

Rocks are classified according to their

origin as igneous or sedimentary. If they sub-

sequently are modified by heat and pressure,

they are called metamorphic.

Rock is broken down into stones, gravel,

sand, silt, and clay. The last three make up

soil.

A fertile soil is a nation’s fundamental

resource.

Soil is destroyed by wind erosion and water

erosion. Also, a fruitful soil may be worn out

by loss or exhaustion of its essential sub-

stances.

Floods may result in areas where the land

has become eroded-

Conservation measures are necessary to

prevent further destruction.

Beneath the surface of the earth man finds

valuable resources in coal, petroleum, and

other mineral deposits.

About three fourths of the earth’s surface

is covered by water.

Large bodies of water modify climate.

The daily tides result from the attraction of

the moon.

Position on the earth is indicated by lati-

tude and longitude.

Time is measured by the rotation of the

earth, or the apparent motion of the sun.

AFTER YOU FINISH THIS CHAPTER

1. Describe the rock formations character-

istic of your state or region.

2. Consult an elementary book on agricul-

ture and then report on the nature of some of

the typical soils.

3. Read and report about the quarrying of

stone and its use as a structural material.

Name some structure or structures built of

the different kinds of rocks and list the dif-

ferent kinds.

4. Describe some recent destructive floods

in the United States. What measures are be-

ing taken to prevent such floods?

5. Read about the mining of coal. What
measures are necessary to conserve this fuel?

6. Read about the development of the

petroleum industry in the United States. How
are oil wells drilled? How is oil transported

from the wells?

LEISURE-TIME ACTIVITIES

1. Collect rock samples. Identify them

from their appearance.

2. Make a scrapbook of pictures and news

accounts showing results of erosion and meas-

ures of prevention.

3. Make a world map showing fuel and

mineral resources. Compare the resources in

the United States with those of other lands.
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5 • ATMOSPHERE AND CLIMATE

The Atmosphere

Importance of Our Atmosphere. We place

little value on things which are commonly

found all around us. These things are free;

this leads us to hold them in low regard. For

example, if we were asked to name two things

which are free, we should probably say,

^'Water and air.”

But water is not always free, as you may
learn from farmers who depend upon irriga-

tion for the raising of crops in dry areas, or

from residents of certain towns in arid sec-

tions to which the entire water supply must

be carried by railroad tank cars. The owners

and operators of ocean vessels also have rea-

son to bear in mind the market price of fresh

water in each of the ports visited by their

ships.

On the other hand, we are fairly safe in as-

suming that air is free to all of us. Let this

not, however, lead us to regard air as some-

thing of little value. Apart from the fact that

air is vitally necessary to both plant and ani-

mal life, our atmosphere is particularly fitted

to our needs in other interesting ways. The
sun sends us an amount of light and heat

which enables us to live comfortably in the

wide, temperate areas of our earth. It also

sends other radiations which could easily be

disastrous if we were not protected from them

by our miles-thick blanket of atmosphere.

In fact, scientists have estimated that the sud-

den reduction of this thick layer of air by as

much as 10 per cent would result in such far-

reaching changes as to make human life

eventually impossible.

Characteristics of the Atmosphere. Above
the earth’s surface of rock and water extends

this blanket of air, the atmosphere. For over

a century chemists have known that the air

Robert Yarnall Richie

Plotting a weather map so that accurate forecasts can be

made for air liners
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is a mixture of gases, chiefly oxygen and nitro-

gen. About one fifth is oxygen and four fifths

nitrogen. With these are small amounts of

such inert gases as argon and neon, together

with variable small amounts of carbon dioxide

and water vapor.

Combustion, or burning, is brought about

by oxygen, as we shall see in a later unit. Most
important of all, it is this gas which takes

part in respiration and thus makes life pos-

sible.

The characteristics of the atmosphere are

not the same throughout. You may remember
newspaper reports of balloons which reached

such great altitudes that they actually left

behind the lower portion of the atmosphere,

the troposphere, with its winds and clouds.

At altitudes greater than about seven miles,

the balloons reached a region, the strato-

sphere, where there are no rain clouds; the

air movements are horizontal, and the tem-

perature does not change as the altitude

increases.

You may have wondered why scientists

risk their lives and spend great sums of

money in order to rise in a balloon to such

unprecedented heights. These ascensions

into the stratosphere are no mere publicity

stunts. On the contrary, these scientists

are engaged in the endless search for more

and better knowledge of our earth and our

atmosphere.

Such adventures are of practical value.

Huge passenger airplanes are able to fly

more efficiently and with greater speed and

comfort for the passengers if they are de-

signed to operate at great heights. Such

flying has been called overweather flying,

which indicates that by flying very high the

pilot will be able to surmount the storms

and unfavorable winds which otherwise are

at least inconvenient. The reduced air pres-

sure at such altitudes requires that both

motors and passenger cabins be supercharged

with air under pressure.



Another use for information about condi-

tions at these extreme altitudes is in the fore-

casting of weather. Recently developed

methods, of increasing reliability, are largely

dependent on obtaining information from

great heights.

Extent of the Atmosphere. Have you ever

observed that air is compressible? If you put

your thumb tightly over the end of the tube

of a tire pump, you can observe that there is

a "springy” action of the piston as you push

it dov/n, indicating that the air contained in

the closed cylinder can be compressed, or

made more dense, merely by applying some

sort of pressure to it.

Perhaps you have observed, while swim-

ming under water, that the deeper you dive

the greater the pressure on your eardrums.

Since we are, in effect, living at the bottom of

the many-miles-deep sea of air, we must be

subjected to a certain amount of pressure,

owing to our depth in this medium. Also, since

air can be compressed, it is clear that the air at

higher altitude will be less compressed, or less

dense. It is this decrease in density that limits

the height to which a balloon can ascend or an

airplane climb, even with the new variable-

pitch propellers, which are especially designed

to be adaptable to different pressures of air.

Since our atmosphere is not uniformly dis-

tributed in a vertical direction, it is difficult

for us to say just how far above us it extends.

It tends to "taper off” into space as the mole-

cules of oxygen and nitrogen become ever far-

ther apart, and finally, perhaps 500 miles

above the earth, there are no gas molecules

at all, so that there is a complete vacuum.
Even no farther than 100 miles from the

earth there is little more than a trace of air.

Careful experiments have shown that a

column of air one inch square and extending

from the earth’s surface up to the distant

outer limit of our atmosphere weighs about 1

5

pounds.* If you care to do some simple arith-

metic with large numbers, you can find out

approximately how many tons of air we have
surrounding our earth. Remember that the

area of the earth is approximately 200,000,000

square miles, and that we have 15 pounds of

air for every square inch of it.

During the First World War some chemists

worked out a process for producing nitrogen

products needed for explosives. The process

used nitrogen from the air. One writer ex-

pressed a fear that this process might even-

tually deprive the earth of an adequate atmos-

phere.

If, however, you have worked out the

problem above, you will appreciate how small

a fraction of the atmosphere could ever be

used for such a purpose. But the writer also

neglected to consider the fact that in the ex-

plosion of the nitrogen products, all the nitro-

gen molecules would be returned to the atmos-

phere.

You have probably had at least one occa-

sion to observe the way in which atmospheric

pressure changes with altitude. Perhaps

while riding in an automobile you have gone

down a long hill, so that you thus increased

your depth in this vast ocean of air which

covers us all; or possibly you live in a city

where you occasionally ride an elevator up
or down in a tall office building. If you make
any such rapid change in your altitude, you
will observe that your eardrums become sensi-

tive to the resulting change in the atmospheric

pressure and a "stuffy” feeling results, much
as if your ears had been plugged with cotton.

This unpleasant sensation can be relieved

merely by swallowing, which serves to open
momentarily an inner passage so that the in-

ternal pressure on the eardrums becomes the

same as the outer atmospheric pressure. Air-

plane passengers and pilots are slightly an-

noyed by sudden changes in altitude, and
they often use chewing gum to promote
routine swallowing, thus preventing this

minor inconvenience.

At sea level the normal atmospheric pres-

sure is about 1 5 pounds per square inch. Since

we are used to this pressure, and because our

internal pressure is normally equal to it, we
are not aware of it except when it is rapidly

changed. Hence it may be difficult to realize

that this amount of pressure is equal to that



Equipment for supercharging a human being. Note this aviator’s oxygen and rebreathing

apparatus and the rubber lifesaver around his neck and the parachute straps

which one would experience by diving to a

depth of over 30 feet in fresh water. In a later

chapter we shall learn how man has devised

some interesting methods of making use of at-

mospheric pressure.

Air Currents. Like the Gulf Stream and the

Japan Current, the currents in our atmos-

phere are largely the result of changing tem-

perature and the rotation of the earth.

By feeling the temperature of the air above

and below a hot radiator, you can prove to

yourself that warm air rises. Like most other

substances, air expands when warmed, so that

one pound of warm air occupies more space

than one pound of cold air. Since warm air is

less dense than colder air, it rises and its place

is taken by colder air. Furnaces, stoves, fire-

places, and hot-air heating systems all make
use of this principle. On a very large scale our

earth also uses this principle and provides us

with a general circulation of air.

In a similar fashion, the air near the equa-

tor is strongly heated and rises. It then

spreads out toward the poles. Thus in the

equatorial region there is a zone of relatively

low pressure around the earth. This is the re-:

gion of equatorial calms, or doldrums.

About 30° north of the equator and 30"^

south of the equator there are zones of de-

scending air and thus of relatively high pres-

sure. These are the so-called horse latitudes.

From the horse latitudes air blows northward

and southward, giving rise to the westerlies

and the trade winds.



Of course the actual situation is far more

complicated because of local conditions of the

land areas, which cause many changes in the

wind currents. The rotation of the earth also

causes the winds to swerve from a straight

path to a curved path. In the Northern Hemi-

sphere winds curve to the right, while in the

Southern Hemisphere they turn to the left.

Prevailing Westerlies. In the northern part

of the world and in a similar section of the

Southern Hemisphere (see map) there is a

region where the winds blow from the west

most of the time. These winds are called the

prevailing westerlies. The rotation of the

earth prevents winds from flowing directly

toward the poles and causes them to move
from west to east instead. In the Northern

Hemisphere they blow from the southwest,

while in the Southern Hemisphere they blow

from the northwest. These wind paths are

quite definite over the open spaces of the

oceans, but on land many factors interfere

with them.

When sailing ships, in the old days, used

to carry wheat from Australia to Europe, they

would follow the westerly winds eastward

from the harbor of sailing. Then, when the

ships were returning, they would sail east

around Africa to Australia. Thus they made a

complete trip around the world in order to

take advantage of the westerly winds.

These westerly winds in our hemisphere are

important to us, for they cross Canada and

the northern part of the United States. This



is the wind zone within which occur the

storms, or cyclones (lows) and anticyclones

(highs) (p. 100), characteristic of our cli-

mate. It is sometimes called the storm belt.

A number of years ago we were able to get

a rather accurate check on the speed of the

westerly winds in the Northern Hemisphere.

When the great volcano Krakatoa, near the

Malay Peninsula, suddenly erupted, it blew

into the air thousands of tons of dust and

smoke. This dust was so fine that its finest

particles were many months in settling back

to earth. The westerly winds caught this dust

and blew it toward America. By the time it

reached our continent, it was too fine and scat-

tered to be seen, but it was still thick enough

to cause very brilliant sunsets wherever it

appeared. Since the color of sunsets is influ-

enced greatly by dust particles in the air, it

was possible for the scientists to follow the

westerly winds as they traveled with their

load of dust around the world. These brilliant

sunsets traveled eastward across America,

across the Atlantic Ocean, then to Europe,

and finally across Asia to their starting point.

Thereafter no one, not even the most skep-

tical, could doubt that the westerly winds

form a continuous band around our globe.

Trade Winds. We have seen how, in the

region of the equator, the air rises, and fairly

constant winds blow toward it. These winds

are called trade winds. In the Northern

Hemisphere they blow from the northeast; in

the Southern Hemisphere, from the southeast.

As we have learned, air expands when it

becomes hot, and so warm air can absorb a

greater amount of moisture than cool air can.

The trade winds blow from cool to warm re-

gions, and therefore are usually drying winds,

because their ability to absorb moisture is

increased as they approach the equator. They
are likely to make a desert of any lowlands

over which they blow. However, if they rise

over high mountains, they may be cooled so

as to cause rainfall.

In the summer the trade-wind belt moves

north a few degrees
;
then in the winter it goes

south again. This wind movement is a familiar

occurrence to people who live along the coast

of California. In the spring they look for the

sudden arrival of the trade winds, with their

cooling breezes; then in the fall the trade

winds move south, so that their absence in the

winter results in a comparatively warm
climate in California during that season.

STUDY GUIDE

1. What are the chief components of the

air?

2. How far does the atmosphere extend?

3. What are the characteristics of each

layer of the atmosphere?

4. What is air pressure? What is its aver-

age amount?

5. How are air currents produced? De-
scribe the chief air currents.

Weather

Weather-Forecasting. You have probably

heard the well-known remark that ''every-

body talks a lot about the weather, but

nobody does anything about it.” The manu-

facturers of heating and air-conditioning

equipment, building insulation, and weather

strip have used this quotation in their adver-

tisements for many years, usually in an effort

to show that they have something which will

make the extremes of weather more comfort-

able for us as long as we stay indoors.

These are important developments in the

field of applied science. The increasing use of

inexpensive and efficient air-conditioning

equipment may eventually make possible the

industrial and agricultural development of

rich tropical areas which have remained dense

jungles merely because man could not live

comfortably in the steaming-hot climate. An
interesting industrial use of air-conditioning

is found in the deepest hole in the world, a

South African gold mine, which is so deep

that the earth’s internal heat would make it

impossible for men to work if it were not air-

conditioned. Paper factories, textile mills,

breweries, and printing establishments are

other examples of the many industries which



Fog-dispersing equipment designed by research workers at the Massachusetts Institute of Technology.

Chemicals in a fine spray cause fog to condense. Its use might be suitable for an airfield

require careful control of atmospheric condi-

tions within their walls.

The weather out of doors, however, is not

subject to man’s control. We have seen pic-

tures of primitive efforts in this direction,

such as the annual rain-making ceremonies

of some of our Western Indian tribes. These

Indians claim remarkable success in produc-

ing rain in this way each year, but weather-

observers tell us that it has always rained

in that region in that season anyway, and

would continue to do so regardless of the

tourist-attracting ceremonies.

One of the few successful attempts at the

actual physical control of a weather condi-

tion is that of the small-scale fog-dispersing

procedure recently developed by scientists at

the Massachusetts Institute of Technology.

By means of a chemical spray it has been

found possible to disperse a fog over a por-

tion of an airplane landing field. There have

also been attempts to produce rain by the

scattering of Dry Ice particles from air-

planes, We must realize, however, that the

forces which produce our weather conditions

are so great as to defy man’s efforts to alter

them over anything more than a small area

and for a short period of time.

But if man cannot provide for himself the

kind of weather he wants, at least he can

obtain fairly reliable advance information, so

that he may be prepared for the weather

which is coming; and an accurate weather-

forecasting service has become tremendously

important to farmers, shippers, and transpor-

tation companies, and to the millions of ordi-

nary citizens who want to know whether or

not to carry an umbrella each morning. His-

tory is full of examples of the need and fre-

quent lack of such an advance knowledge of

coming weather conditions. Battles, fortunes,

and political elections have been won or lost

by the influence of weather, and for thousands

of years man has been searching for reliable

ways of forecasting it.

With this long-felt need for information

it is not surprising that some of the older

methods of predicting the weather were more





A high

picturesque than accurate. For example, the

old verse about ''red sky at morning” is a

generalization of little practical value. Many
"gadgets,” such as the pair of Swiss dolls

which pivot in and out of a tiny house and the

cardboard donkey with a piece of string for

a tail, are capable of telling us only what the

conditions are at the time of observation, not

what they will be in the near future.

For over sixty years the United States

Weather Bureau has been gathering accurate

information from which daily forecasts are

prepared. These observations are received

regularly from over three hundred land sta-

tions, and from many ships which have been

especially designated to observe and report

on weather conditions in their vicinity. The

first use of this information is in the plotting

of a weather map (see map, p. 99). This map
shows lines which join points of equal atmos-

pheric pressure, isobars. These lines locate

areas of high and low pressure. On this

map equal-temperature lines (isotherms) join

points having zero temperature and freez-

ing temperature. Lines on the map also

show warm, cold, occluded, and stationary

fronts.

Highs and Lows. Sometimes the air pres-

sure decreases rapidly over a certain region.

Then air rushes in from ail directions to fill

up this low-pressure area. This spot is marked

as a low on the weather maps. As the air rises

from this low, it is cooled and its moisture

condenses to form rain or snow, which is

A low
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normally associated with a low-pressure area.

This is our familiar storm. If such a low forms

in the northwestern part of the United States,

the westerly winds usually carry the storm

eastward across the continent. A weather-

observer can check the number of miles the

storm travels each day, and be able to predict

when it will reach a particular community.

When a cool spot develops in the North-

west, the air becomes heavy and sinks. The
pressure increases, and the weather map
would show this spot as a high. The heavy air

flows out in all directions from the center of

this high-pressure region. Since the air in

such a region is usually dry, a northwestern

high is generally accompanied by clear, cold

weather in the wintertime and by relatively

cool weather in the summertime; but a high

situated in the southern area of the country

is likely to result in hot weather.

In the Northern Hemisphere the winds

move in a counterclockwise direction around

a low, but in a clockwise direction around a

high. In the Southern Hemisphere the direc-

tions are the reverse of these. The counter-

clockwise flow of wind around a lov/ is called

a cyclone; the clockwise flow around a high

is an anticyclone.

By observing the daily weather maps for a

season, one can see how the lows are followed

by highs only to be replaced by lows. These

disturbances follow each other across the

northern part of the United States in a general

west-to-east direction. Many of the lows be-

gin off the coast of Alaska and travel with

the westerly winds across our continent. By
using reports from ships at sea it is possible

to locate these storms far out in the Pacific.

From the weather map, together with

years of experience in predicting probable

changes, the Weather Bureau officials are

able to issue forecast bulletins for each

large region of the United States, and we
can obtain from the radio and newspapers a

remarkably accurate estimate of our weather

for the next twenty-four hours. Of course

there are occasionally local conditions which

develop in contradiction to the forecast; and

Robert Yarnail Richie

Meteorologists at La Guardia Field releasing a balloon

to detect air currents a mile and more above the earth

if our picnic or ball game is ^'rained out,” in

spite of our confidence in the official forecast,

we are likely to feel badly about it. We should

remember, however, that such an experience

is exceptional, since the Weather Bureau has

an accuracy record of about 88 per cent over

the past sixty years, and the officials of that

organization are constantly improving their

techniques of observation and interpretation.

As an example of these improved methods,

observations are now obtained regularly from

remarkably high altitudes by the use of

"sounding balloons.” Each of the balloons

carries a complete miniature weather-

observation station and an automatic short-

wave radio transmitter with power supply

and antenna. The rubber balloons are filled

with hydrogen gas until they are about 5 feet

in diameter at the start, though they expand

rapidly upon entering the altitudes where the

atmospheric pressure on the outside of them

is greatly reduced. In fact, a flight is usually

over only when a balloon finally bursts. But

each minute during the ascension, as long as

its batteries last, it broadcasts mechanically

timed signals indicating temperature, baro-
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The Denver Post

This photograph of a waterspout shows the characteristic

appearance of a tornado and how at sea the center of

low pressure causes a "spout” of water and spray

metric pressure, and humidity. The wind di-

rections and velocities in the upper altitudes

are also obtained at the same time by ob-

serving the balloon through a telescope or

following its signals by means of a radio

direction-finder.

These important upper-air observations are

carried out daily at as many points on land

and sea as can be maintained by available

funds. Fortunately, the public is beginning

to appreciate the services of our Weather

Bureau; we should help by supporting it at

every opportunity.

Weather Fronts. Largely as a result of re-

cent progress in the field of aviation, a greatly

improved method of interpreting weather

data has been developed. The usual infor-

mation regarding the highs and lows on the

weather map is now supplemented by a care-

ful consideration of the behavior of the at-

mosphere in the regions between the great

masses of cold and warm air as they travel

across the country. These regions are known

as weather fronts; the conditions along these

fronts are a result of the mixing of the ad-

jacent air masses. There are three general

sources of air masses: arctic, polar, and

tropical. These air masses may have their

origin over oceans or over land and will ac-

quire characteristics from the regions over

which they travel. Air masses from the north

will be cold while those from the south will

be hot. They will pick up moisture from the

ocean or will remain dry while passing over

land.

If one of these air masses is colder than

the land over which it passes, the air in con-

tact with the ground will be warmed. The

warm air will become lighter and rise up

through the cold air. On the other hand, if

the air is warmer than the surface, it will be

cooled below. This cooled layer will get

heavier and stick close to the surface, usually

producing haze or fog. The general motion

of these air masses is usually in an easterly

direction across the United States, at an

average rate of about 500 to 700 miles per

day. The cold air masses move somewhat

faster than the warm.

When a cold mass meets a warm one they

tend to form a boundary or "front” between

them. Since the cold air is heavier, it will

slide under the warm air in the form of a thin

wedge. Conversely, if a warm mass meets a

cold one, the lighter warm air slides up over

the cold mass. The warm air will be cooled

as it rises, and since it is likely to contain a

large amount of water vapor, the cooling will

produce heavy clouds and rain. Sometimes

the warm air may extend for several hundred
miles along the upper surface of the cold

mass. The heavy cold air keeps forcing the

light warm air upwards until the warm mass
may be over five miles high. At this altitude

the condensing moisture will often freeze into

wisps of cirrus clouds. Thus cirrus clouds

are frequently a warning of an approaching
storm. Likewise, a falling barometer foretells

stormy weather because the warm air above
has less weight than the cold air it replaces.



The fronts are named according to the rela-

tive motion of the air masses. If a warm mass

replaces a cold one, the boundary is known

as a "warm front.” On the other hand, a cold

mass replacing a warm one produces a "cold

front.”

The slope of a cold front is usually steeper

than that of a warm front, and the front

moves faster. Unlike the warm front, the

cold air may rush in unexpectedly and com-

pletely change the weather in a few hours.

In this case the cold air runs under the

warm portion and lifts it quickly into the

cold zones above. This sudden cooling of the

warm air produces line squalls and heavy

rains. Then, when the cold front moves on,

the weather clears just as rapidly as the

storm came. It is generally not the long,

gradual process more common to warm
fronts.

Occluded Fronts. Sometimes a cold air mass

slides along the edge of a warm mass instead

of striking it head on. Under these conditions

the cold air is likely to veer into the warm
zone. This results in a whirling motion in

which a portion of the warm mass is sur-

rounded or separated from the rest. It is

then suddenly lifted up by the heavy, rapidly

moving cold air. Such an action usually

results in sudden cooling of the isolated

warm air, accompanied by a quick down-

pour of rain.

Colors are sometimes used to help tell the

story on a weather map. A warm front is

shown by a red line; a cold front by a

blue line; an occluded front by a purple

one; while a warm or cold front which is

not moving is shown by a series of red and

blue dashes.

Tornadoes. Large, slow-moving lows, tech-

nically called cyclones, should not be con-

fused with the small, high-speed tornadoes

which sometimes occur in the Mississippi

Valley. The lows which originate off the coast

of Alaska and travel across the United States

are always several hundred miles in diameter.

Their movements, although circular, as in a

tornado, are always comparatively slow, and

they generally bring heavy rains or snows,

but they do not damage buildings or uproot

trees. It is almost impossible to find a day

when there is not at least one low somewhere

in the United States. On the other hand, there

are seldom more than a few tornadoes in this

country each year.

A tornado looks like a long funnel-shaped

cloud, usually about 1000 feet in diameter at

the upper end and sometimes only a few feet

in width where it touches the earth. It ap-

pears to be an "overgrown whirlwind.” The
wind near the funnel is traveling at such ter-

rific speed that few buildings can survive its

force. The enormous speed of the wind in

some tornadoes has been great enough to pick

up straw and whirl it so fast that pieces of

the straw have been blown through boards

or have stuck into the sides of buildings. It

seems incredible that so light an object as

a straw could penetrate wood, but this pene-

trating power is due to the great momentum
which is acquired by an object as its speed

increases.

The air rushes into the funnel of the tor-

nado with a rapid whirling motion and rises

so fast that the center of the funnel is a partial

vacuum. The vacuum is not caused alone by
the rapidly rising air but is also the result of

centrifugal force. The air in the funnel is

whirling so fast that it is thrown away from

the center of the funnel, leaving the partial

vacuum. This vacuum has a remarkable

effect upon buildings which are in the path

of the funnel. They seem to explode. The
reason for this is that the tornado removes

the air pressure from around the building and

the air inside pushes out so hard, trying to

fill the vacuum, that the building flies apart

as if it were destroyed by an explosion. As

the air rises in the tornado, it is cooled, so

that rain usually falls near by. Tornadoes

are usually short-lived; indeed, they seldom

last more than an hour or so. Often they do

not travel more than fifty miles before their

energy is used up.

Tornadoes occur at sea, as well as on land;

these are called waterspouts. Dangerous as



they are, they do not cause as heavy loss of

life and property as do the land tornadoes or

the violent tropical storms—the hurricanes of

the West Indies and the typhoons of the East

Indies.

The Barometer. We have discussed the

effects of variation in atmospheric pressure.

How is the pressure measured? Galileo

(1564-1642) is one of the greatest scientists

of all time. Often he had disagreed with the

two-thousand-year-old teachings of Aristotle,

the great Greek philosopher, whose long vol-

umes on history, philosophy, art, law, and

science had been considered authoritative for

almost two thousand years. In common with

nearly all the scientists up to the time of

Galileo, Aristotle failed to see the need for

practical experiments with which to verify the

scientific beliefs which he proposed. Thus,

without "trying it out,” Aristotle reasoned

that there could be no such thing as a vacuum,

for, in his opinion, "nature abhors a vacuum.”

Galileo was skeptical of this assumption.

Finally he was able to demonstrate, by means
of a simple suction pump, that nature takes a

more lenient view toward a vacuum
;
his pump

failed to raise water more than 32 feet. Thus
Galileo actually measured the weight of a

column of air as equal to the weight of a bal-

ancing column of water of the same cross sec-

tion but 32 feet high.

Using the investigations of Galileo, Tor-
ricelli, his pupil, was able to construct a
mercury barometer with which to measure the

pressure of the atmosphere. Learning of

these investigations, the French scientist

Pascal used a barometer of this type for the

measurement of changes in altitude. In these

experiments he found that the mercury
column, which was about 30 inches high at

sea level, decreased in height about 1 inch for

each 1000 feet of increase in altitude.

You can construct such a barometer for

yourself. Seal one end of a glass tube about 3

feet long and fill it with mercury; then place

your finger over the open end and stand the

tube mouth downward in a dish of mercury.
The air pressure on the mercury in the dish

will hold up the mercury in the tube at a level

of about 30 inches above the dish.

As the air pressure increases, the column

of mercury will rise in the tube. When a high-

pressure area is passing over your home, your

barometer will be high; when a low-pressure

area is approaching your locality, the barome-

ter will drop. Usually the barometer falls for

a day or two before the stormy part of the low

reaches any locality. Consequently the ba-

rometer is one of the surest means by which

weather can be forecast. Of course the ac-

curacy of a forecast will be much greater if the

barometric pressure at a number of other

localities is known; but even one barometer

is far better than none at all, and a falling

barometer always causes mariners to look for

an approaching storm.

An interesting early barometer was con-

structed about 1650 by Otto von Guericke,

mayor of Magdeburg, Germany. This barom-

eter was a long glass water tube, the top of

which projected above the roof of Von
Guericke’s house like a chimney. A small

wooden duck floated on the surface of the

water inside the tube, so

that in fair weather, when
the barometric pressure

was high, this duck ap-

peared above the level of

the roof; but when the

barometer fell with an ap-

proaching storm, the duck

was out of sight. Although

his barometer was very

useful in predicting the

weather, some of his neigh-

bors thought Von Guericke

was crazy. Today we re-

member his name because

he was one of the first to

understand the action of

atmospheric presure and

to demonstrate it to others.

Before the mercury

barometer became com-
mon, mariners used to

carry a "storm glass” with High pressure
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An aneroid barometer, showing the dial indicating atmospheric pressure in terms of millimeters

and inches of a mercury column. At the right the barometer is shown with its case removed

them. This glass instrument looked some-

what like a small teakettle. The liquid in the

neck of this glass would rise when a storm

was coming, but sink lower when good

weather was approaching. Since the mercury

tube is fragile and awkward to move, there

has been developed a small portable clocklike

instrument which is known as the aneroid ba-

rometer. This instrument is not easily injured

by ordinary movement or jars. It consists of

a small disk-shaped box made of thin metal,

from which some of the air has been pumped,

the opening being then sealed. When the out-

side pressure increases, the air pushes the

sides of the box in a little
;
then when the pres-

sure drops, the sides bulge out slightly. Since

the sides of the box are connected to an in-

dicator needle by means of a set of levers and

gears, a small change in atmospheric pres-

sure will move this needle a considerable dis-

tance across a graduated dial.

The Altimeter. Because the air pressure

decreases as one rises above the earth’s sur-

face, it is possible for an airplane pilot to use

an aneroid barometer to measure his altitude.

When used in this way, the aneroid instru-

ment is known as an altimeter. The altimeter

records the elevation in feet above sea level,

as determined by air pressure, and does not,

as many people think, tell how far the air-

plane is above the ground.

Suppose you started out in an airplane from

sea level and flew to a height of 5000 feet, ac-

cording to the altimeter. If at that instant you
were flying over a mountain 4500 feet high,

you would be only 500 feet above the ground.

Altimeters, however, can be set for any given

altitude. For example, an airplane may rise

from an airport which is at an elevation of

3000 feet. Before leaving the airport the pilot

would set his altimeter back to zero; then if

he were to rise until the meter read 1000 feet

he would be 1000 feet above the ground at

that airport. There is, however, another type

of altimeter which indicates the actual height

of the plane above the ground by measuring

the time it takes a sound wave to travel down
to the ground and back to the plane (see

illustration, p. 106).

Flying, however, brings to the pilot many
problems other than that of altitude. One of

the most important of these is the weather

and the types of clouds which accompany

storms.

Clouds. Cloud formations are not only a

fascinating form of beauty, but also fairly

accurate indicators of the kind of weather we
may expect.



It used to be rather difficult to get many
people interested in forecasting the weather.

They had the habit of taking the weather just

as it came, without evidencing much curiosity

about it. But since the airplane has come into

use, it is exceedingly important for an aviator

to be able to recognize approaching changes

in the weather. This is especially true for

pilots who have to make long daily flights

across our continent. Consequently all pilots

must make an intensive study of cloud forma-

tions and the types of weather they indicate.

Many pilots start out in perfectly clear

weather; then they see thunderclouds in front

of them. If they know which way the thun-

derstorm will probably travel and how bad

the storm is, it is a fairly easy matter for them

to know how to fly around the storm and to

avoid danger with as little loss of time as

possible.

There are many kinds of clouds, and we
often see several types of them in the sky at

once. We will mention here only the more

familiar or distinct t5q)es and discuss the

weather that usually follows them. All avia-

tors must be familiar with these particular

types of clouds.

Fog. When air near the ground is suddenly

cooled, some of the water vapor will condense

into fine droplets. These droplets are too fine

to settle as rain
;
so this fine mist is called fog.

The term jog applies only to this mist when
it is close to the ground. If this mist should

form high above the ground, as it generally

does, it is called a cloud. In other words,

clouds are simply fog which is high in the sky.

Cumulus Clouds. Cumulus clouds are the

easiest to recognize, for they are massive and
billowy, with rounded tops and flat bases.

Often they take fantastic shapes, like huge
castles in the air with many rounded domes.

They are caused by warm air currents

which rise rapidly until they reach an eleva-

tion where the temperature is cool enough to

condense their moisture. The lower edge of

these cumulus clouds is level because, below a

Time to be off. Note the terrain-detector, to determine elevation

above the ground (not above sea level)
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certain elevation, it is too warm for the mois-

ture to be condensed into a fog. If you study

a cumulus cloud, you can see that the top of

it is a bubbling, surging mass of vapor which

is white above and black underneath.

Cumulus clouds are called thunderclouds

because they are so often accompanied by

thundershowers and lightning. Usually these

storms are rather limited in size, and so it is

often possible for the pilot of a fast airplane

to fly around them. The bases of cumulus

clouds are between 2000 and 4000 feet up,

while the top of the mass may be from 10,000

to 15,000 feet higher. Commonly they are

about a mile thick.

Nimbus Clouds. Any cloud from which

rain is falling is called a nimbus cloud. If

rain falls from a cumulus cloud, it should be

called cumulo-nimbus. These rain-bringing

clouds usually have a dark mass and ragged

edges. They lie closest of all to the earth.

Cirrus Clouds. These delicate and exceed-

ingly beautiful clouds look like thin wisps or

tufts of white hair blown about in the sky.

Composed of minute ice crystals which are

carried along by the wind, these clouds are

the highest in the heavens. Usually they are

from 2 to 7 miles above the earth, where the

temperature is from 25° to 100° below zero.

They seem to hang quietly in the air, yet they

often are moving from 80 to 200 miles an

hour. Making their appearance usually at

the end of a period of fair weather, they are

often our first warning of an approaching

storm.

Stratus Clouds. These usually low-hanging,

dark clouds occur in parallel streamers, or

bands, across the sky. Indeed, any clouds

formed in parallel bands are stratus clouds.

For example, cumulo-stratus means a series

of cumulus clouds in parallel rows, while cirro-

stratus means cirrus clouds in parallel rows.

Often the cirro-stratus clouds follow the

cirrus clouds across the sky. In this case they

are generally forerunners of stormy weather.

A pretty formation, they are one of the easiest

to recognize. Because they look like the back

of a mackerel, sailors call them a mackerel

sky. Mariners recognize them as omens of

high winds and an approaching storm, espe-

cially if they are associated with other cirrus

clouds. When cirro-stratus clouds float by
alone, entirely unrelated to other clouds, they

are messengers of happy weather.

The alto-cumulus clouds are similar in ap-

pearance to the cirro-cumulus, but they differ

in that they float lower down, usually within

2 or 3 miles of the earth. They are formed of

water particles instead of ice crystals as in

the case of the cirro-cumulus clouds. They
also are warnings of high winds and storms,

especially if they accompany cirrus clouds.

Strato-cumulus Clouds. These dark, gray

clouds, which are seldom more than a mile

high, appear as large lumpy rolls, usually

covering the whole sky. They are often incor-

rectly looked upon as storm clouds, because

they are so threatening in appearance and

usually cause a chilly, gloomy day. Their ap-

pearance is deceiving, however, because really

they tell us that the storm is over and that we
can look for clearing skies.

Humidity and Precipitation. Do you remem-

ber that uncomfortable humid and windless

day last summer when you sat on your porch

with a pitcher of iced lemonade? Perhaps

you were too hot to notice it at the time, but

if you think back, you will probably remem-

ber that the pitcher was "fogged” on the out-

side and that it gradually became so wet that

the droplets were large enough to run down
the side. Possibly you wondered where the

water came from.

Rain comes from the clouds which are

formed in the air; in fact, it is possible that

even on the same day that you sat on your

porch with your cool pitcher, the small fleecy

clouds gradually grew taller and thicker with

high cottony tops and smooth dark under-

sides. Probably the radio was bothered more

and more by crackles of static, as the sky

grew darker.

There may have been a few far-off grum-

blings of thunder and a flash or two of light-

ning before the first big warm drops came

splashing down on the street. When the rain



Wet-bulb and dry-bulb thermometer

starts like that on a still, hot day, it usually

comes down hard for a few minutes, pelting

the trees and bushes, flooding the gutters, and

sending people into strange doorways to wait

for a minute or two until it has passed.

What caused it all ? Could it have anything

to do with the dew on the outside of your

pitcher of lemonade? The air, particularly

on this sultry day, contained a large quantity

of water vapor. Now water vapor is really

water which has been evaporated from rivers,

lakes, and oceans; and this water can remain

suspended and invisible in the air only as long

as there is not too much of it. Furthermore,

the amount of water which can be carried

about in this way depends on the temperature

of the atmosphere—the higher the tempera-

ture, the greater the amount of v/ater. Hence,
on a day when the air contains nearly as much
water vapor as it can,—or is near the satura-

tion point,—a reduction in the temperature

may bring about a precipitation of the excess

water, since the air can no longer contain it.

This is what happened when the moist air

near the cooled surface of your lemonade

pitcher became cool. The air at 90° could

carry as much as an ounce of water in every

cubic yard; yet when cooled near the surface

of the pitcher to 50°, it could hold only a third

of an ounce, and the excess was precipitated

on the pitcher.

On a much larger scale the same process

took place in the sky as the warm, moist air

rose from the hot fields and streets high into

the cool upper atmosphere, where airplane

pilots have to dress like Eskimos. The rising

air became cool, and you saw the ascending

currents precipitate moisture high in the sky,

first in the white, billowing upper folds of the

clouds, where the droplets were no more than

tiny fog particles; and then, as the growing

drops became too heavy for the air currents to

sustain, the dark streamers of rain broke loose

from the lower edges of the clouds and came

spattering to earth.

The Hygrometer. The relative humidity

(or moisture content) of the air is one of the

observations used by weather-forecasters,

since an increase in humidity, together with a

decrease in temperature, is bound to result in

some sort of precipitation. The instrument

used to measure humidity is called a hygrom-

eter.

You have probably observed how slowly

the laundry dries on a humid, or "sticky,”

day. Humidity determines the rate at which

water will evaporate into the air; the lower

the humidity, the more rapid will be the

evaporation, and vice versa. Because the

evaporation of any liquid exerts a cooling

effect on the surface of the liquid, the weather-

observers can calculate relative humidity

from the difference between the temperatures

indicated by a wet-bulb and a dry-bulb ther-

mometer.

The wet-bulb thermometer has a damp
wick around its bulb. If the thermometers

were to read the same, this would indicate that
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no water was evaporating from the wick

around the wet-bulb thermometer, and hence

that the air was saturated with water. In this

case the humidity would be 100 per cent.

Normally, however, the humidity is much less,

and the thermometers may differ by as much

as 10° or 15°, indicating a humidity which

usually varies between 35 per cent and 60

per cent.

Girls may complain that damp weather

takes the curl out of their hair. Based upon

this common phenomenon, a less accurate

but more convenient form of hygrometer

makes use of a stretched hair which has

the characteristic of changing its length

with a change in humidity. This change in

length is indicated by a needle on a dial.

This and other similar instruments are used

in many homes and in official weather ob-

servation stations.

Rainfall Caused by Prevailing Winds. By far

the greater part of the world’s rainfall is deter-

mined by the prevailing winds. On the map
below, which shows mountain ranges and the

directions of the prevailing winds, one can

point out the regions of heavy rainfall. These

would be on the sides of the mountain ranges

from which the prevailing winds came, or the

windward sides. On the other, or leeward,

sides there would be bare, arid desert lands.

Let us consider the rainfall of South Amer-

ica. The northern part of this continent lies in

the trade-wind belt, in which the winds blow

from the southeast. The southern part lies in

the region of the westerlies and receives its

winds from the northwest. In the northern

part of the country there are heavy rains east

of the Andes, while their western slopes are

dry. Farther south the condition is reversed;

there heavy rains fall on the western slopes of

the Andes, but little rain falls on the eastern

slopes.

Arid regions are as easily accounted for in

the United States. The westerly winds blow

Prevailing winds control most of the rainfall in the United States
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in from the Pacific Ocean across Washington

and Oregon. The western slopes of the Cas-

cade Range have heavy rainfall, while to the

east of them are arid regions. Then as these

winds rise over the Rockies, they are cooled

still more, so that they shed more water. East

of the Rockies we again find dry lands. These

regions are not so extensive as they would be

if it were not for the winds which blow in from

the Gulf of Mexico. These Gulf winds, heavily

laden with moisture, are warmed as they

travel across the Mississippi Valley, and as a

result they rise above the surface of the earth.

This elevation cools them, and they lose their

water. Much of the Mississippi region has

plenty of moisture for farming, whereas it

would be extremely dry if it had to depend

upon the westerlies for its rain.

STUDY GUIDE

1 . What are the chief instruments used in

weather-forecasting? What do they measure

and how?

2. What are highs and lows?

3. Describe the various types of clouds.

4. What is meant by humidity and pre-

cipitation? How is rainfall caused?

5. What are the three general sources of

air masses?

6. What type of air mass will often pro-

duce haze or fog?

7. About how fast do air masses travel?

8. What causes cirrus clouds?

9. In what way does a falling barometer

usually foretell a storm?

10. Which has the steeper front, a warm
front or a cold one?

1 1 . What color is used on a weather map
to indicate an occluded front?

Climate

What Is Climate ? Suppose that you live in

a region in which the early days of May are

usually perfect for a baseball game. On a Sat-

urday in early May your cousin arrived from

his home in a distant state, and you had ar-

ranged with your team to let him take left

field, in place of your regular player, who had

sprained an ankle a few days ago. It would

have been a big day for your cousin, who is

usually fairly reliable at the bat, if something

had not happened. Friday afternoon the sky

began to get cloudy and dark. The wind be-

came cooler, and at suppertime a chilly drizzle

of rain was coming down steadily as if it

meant to rain for a week. And so on Saturday

there was no ball game. Probably your cousin

explained how he felt about the climate in

your state. Was climate the wrong word?

Perhaps you could have explained by say-

ing that the climate was favorable in your

region, but that the weather was pretty bad

that week end. The word climate describes

how the seasons vary, how cold it was last

winter and the winter before; how early in

the spring the ground is usually ready for

plowing; how hot it gets in the summer; how
much rainfall you have over a period of years

;

and particularly how all these things change

from year to year. This is your climate.

You can tell what the weather is by looking

out of the window, and you can learn what the

weather will probably be tomorrow by read-

ing the forecast in the newspaper or by listen-

ing to your radio; but climate is a sort of

long-term, average weather. Thus you could

say that your climate was temperate, even if

the day on which you said it was a very cold

day.

Zones and Seasons. What determines the

kind of climate you have? First of all the sun,

which sends us our light and heat, seems to

be generous with some latitudes on earth and

remarkably stingy with respect to other por-

tions. The yearly variations in the amount of

light and heat which the sun sends to our own
region result in our familiar seasonal changes.

These variations are due to the position and

motion of the earth, for the earth is not spin-

ning upright. It is leaning sideways with

respect to its path around the sun. When the

earth is on one side of the sun, the north pole

is tipped about 23^° toward the sun; and

when the earth is on the opposite side of the



sun, the pole is tipped about 23^° away from

the sun (see page 21).

Thus latitude plays an important part in

determining our climate, but there are also

many other factors which are important in

this respect. In the last chapter we learned

how the circulation of prevailing ocean cur-

rents, particularly the warm Gulf Stream and

the Japan Current, give temperate climates to

lands which would otherwise be much colder

and less desirable as a home for man. Surely

the prevailing winds, which bring humid air

from the oceans, exert a great influence on

our climate, and we have seen how the position

of high mountain ranges along coastal regions

brings heavy rainfall to the land on the wind-

ward side of the ranges and causes a dry

climate on the leeward side-. The rotation of

the earth determines the regular progression

of areas of high and low pressure, with their

accompanying storms. It has also been

pointed out that, owing to the greater heat-

retaining capacity of water, as compared with

land, islands and coastal regions tend to ex-

perience less pronounced daily and seasonal

variations of temperature.

You have probably seen pictures of high

mountains the tops of which are snow-covered

the year round. If you were to climb such a

mountain, you would find that as you as-

cended, the trees became smaller and smaller

until there were only a few bushes. Above
this region, known as the timber line, you
would find the vegetation becoming more
scattered until finally you would have climbed

onto bare rocks and ice. Thus by increasing

your altitude you would fiave entered a region

of an increasingly cold climate where our
common forms of plant life cannot survive.

Thus altitude affects climate.

If we think back over some of the things

that we have learned in this chapter, we shall

find that climate is determined by many fac-

tors. Of course no climate can be the result

of any one of these factors, and most regions

have a climate which is the result of the ac-

tion of several of them; but for convenience

in reviewing them we may enumerate seven

climate-determining influences. These are

(1) latitude; (2) ocean currents; (3) pre-

vailing winds; (4) mountain barriers;

(5) storms; (6) land and water
; (7) altitude.

Scientists, who like to classify everything,

have named three main types of regional cli-

mates according to the kinds of factors which

are of the greatest influence in determining

them. Thus we have continental, marine,

and mountain climates. As you might sup-

pose, the geographical features of the land are

the most important in producing the conti-

nental climate, a marine climate is one which
is mainly influenced by the ocean, and the

mountain climate is largely the result of high

altitude.

The following are examples of these three

types of climate: the predominantly dry re-

gions of our southern Plains states have a con-

tinental climate, which results mainly from
the geographical features of the land; the

islands of Japan have a marine climate, due
to the warm ocean current which surrounds

them; and the climate of the mountain and
plateau regions around Idaho is mainly the

result of the high altitude of that region.

Here, again, we must realize that there are

almost no portions of the world of which we
can say that the climate has a single charac-

teristic or is the result of any single factor,

since climate, like nearly all other natural

phenomena, is determined by the interaction

of a great many forces, the final effect of

which is to establish the conditions to which
men must adapt themselves if they are to live

happily in this world; for

Whether it’s cold or whether it’s hot,

We must have weather—whether or not.

STUDY GUIDE

1. Distinguish between weather and
climate.

2 . What are the characteristics of the

seasons? How are they produced?
3. What is meant by climatic zones?
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The Mojave Desert; the result of an unfavorable climate

Heat and moisture have given to this Amazonian jungle an abundant vegetation
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Place

Warmed
by Ocean

Currents

Cooled

by Ocean

Currents

* Ocean

Currents

Have
Little

Effect

Ocean

Currents

Bring

Rainfall

Ocean

Currents

Do Not

Bring

Rainfall

Western coast of the United States

Eastern coast of the United States

Chile

Argentina

Western Australia

North Central Africa .....
Western Greenland

Norway
Eastern Asia . . .

Southern Alaska

IMPORTANT THINGS IN THIS CHAPTER AFTER YOU FINISH THIS CHAPTER

Above the earth’s surface extends for over

a hundred miles a gaseous covering, the at-

mosphere.

There are two layers of the atmosphere

—

the troposphere (the stormy layer) and the

stratosphere (the stormless layer of constant

temperature).

The air is a mixture of gases, about f
nitrogen and

-J-
oxygen, together with small

amounts of other gases, such as argon, neon,

carbon dioxide, and water vapor.

The pressure of the atmosphere is about

15 pounds on every square inch of the earth’s

surface.

Warm air rises and cold air sinks, thus

producing a flow of air over the earth. The
direction of the winds is influenced by the

rotation of the earth.

Storms are produced by the flow of air from

areas of high pressure into areas of low pres-

sure. The pressure of the atmosphere is meas-

ured by the barometer.

Clouds are of many types and furnish some

suggestions in weather-forecasting.

Humidity, measured by the hygrometer, is

the amount of moisture in the air. Precipita-

tion as rain or snow results when saturation is

reached.

Climate is the average, or long-term,

weather in any region.

1 . Read about the early explorations of the

stratosphere. What is the present knowledge

of the stratosphere?

2. Prepare a report (a) on present theories

regarding the causation of storms and (6) on

progress in long-range forecasting.

3. On a world map show the directions of

the prevailing winds. Show also the climatic

belts.

4. Study the effect of ocean currents on

temperature and rainfall. Examine a map
showing the ocean currents of the world.

Then complete the table above. Do not write

in the book.

5. From textbooks on meteorology or phys-

ical geography or from articles in an encyclo-

pedia, secure additional details about differ-

ent types of storms, their causes and effects.

Be able to answer such questions as the fol-

lowing: (a) In which direction would a storm
in southern California be likely to travel?

(6) Do Alaska storms often reach states bor-

dering on the Gulf of Mexico? (c) What
cities of the United States might expect storms

from either a northerly or a westerly direc-

tion? {d) Do storms commonly travel in an
easterly direction in any part of the United
States? {e) Which parts of the United States

are most frequently visited by storms? (/) Do
the storm paths shown on a map imply that

storms never travel in other than the paths
shown? (g) Which parts of the United States



fear the storms which come from a southerly

direction? {h) Suppose that there is a heavy

storm at Helena, Montana; name the cities

that may expect to be visited by this storm.

(/) When there is a storm at Denver, Colo-

rado, what cities may expect this storm in a

few days? (;) From which direction would

Chicago people look for approaching storms?

{k) Do storms ever move up the Atlantic

coast from Florida to Maine?

LEISURE-TIME ACTIVITIES

1. By observing changes in temperature,

pressure, humidity, wind direction, and cloud

formations, attempt to predict the weather

during a number of days. Compare your pre-

dictions with the actual weather.

2. Examine the weather maps for a week.

Compare them with the weather forecasts as

given in your local newspaper.

3. Make and calibrate a barometer.

4. Keep a daily record of barometric pres-

sures for a month. Opposite the figure for

each day write the weather for that day.

5. Visit a local airport and examine an

altimeter. Make a diagram of an altimeter

and write a report on its operation.

6. List daily for a week the types of clouds

in your sky.
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115





UNIT THREE

Physics That All Should Know

In the preceding two units we have made a survey of the out-

standing phenomena described by astronomy, geology, and mete-

orology. From these sciences we have derived a consistent picture

of the physical universe.

Because the earth is our environment, attention has been

centered on the structure of the earth and the forces which have

shaped and are reshaping it. A further understanding of this en-

vironment and an ability to solve its problems, master its forces,

and make use of its resources require a more detailed analysis of

those forces.

One of the most important of the sciences is physics, which

reveals the relationship between such fundamentals of the physi-

cal world as force and mass and energy. These and other topics

we shall study within this unit.

A vast amount of data has been accumulated in the study of

physics. It has therefore been customary for students to devote

their attention in turn to fairly well-marked areas, or divisions, of

the subject. We may well begin with a study of mechanics,

which is concerned with force and motion, and with the properties

in general of solids, liquids, and gases. We may then turn suc-

cessively to a study of heat, sound, light, and electricity.

A knowledge of physics gives satisfaction as one becomes con-

scious of the structure of knowledge which has been built up and

reflects upon the triumphs which physicists have won in their

steady progress.

But, in addition to an appreciation of the pure science of

physics, we need to have a broad view of its innumerable appli-

cations if we are to understand at all the Machine Age, in which

we live. Daily we are brought into contact with innumerable de-

vices of factory and of home which involve principles of physics.

Beyond its technical usefulness and its contribution to a more

complete knowledge, physics provides a background for other

studies. We shall be aware of this in the next unit, where we

make a survey of the more important aspects of chemistry. Like-

wise physics is the basis of the engineering sciences and con-

tributes to the biological, or life, sciences, including medicine.

Thus in a very real sense physics may be considered the founda-

tion science.
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6 • HOW AND WHY WE MEASURE THINGS

Classifying and Measuring

Classifying Knowledge, On a rainy after-

noon you spend the time with a packet of

stamps, sorting them according to countries

and going through your collection to see

which stamps are new and which are dupli-

cates to be traded with other collectors. As

you mount each new stamp neatly in the

space where it belongs, you think how con-

veniently your album is organized to keep

things in their proper places.

Because our study of science is divided into

separate units, chapters, and topics, you must

have realized that scientists, like stamp-

collectors, try to classify their knowledge by

placing each fact in its proper pigeonhole.

Similar forces and materials are grouped to-

gether; related phenomena are studied at one

time. Thus we have astronomy, the study of

the heavenly bodies, while geology is con-

I

cerned with the structure of the earth and

I

meteorology with weather and climate.

I Chemistry deals with the different kinds of

substances, while physics deals with matter

in general and with forces and energy.

For convenience each science may be fur-

ther divided. Thus we have subdivisions, or

branches, of the sciences, each with its

specialists. For example, physics is com-

monly divided into the study of mechanics,

heat, sound, light, and electricity. This classi-

fication becomes increasingly necessary as the

frontiers of knowledge advance and the

wealth or complexity of material increases.

But a suitable classification is not always

easily secured. Nature is of one piece. All

classification is artificial, merely a conven-

ience serving the purpose of investigation or

understanding. In the realm of science it is

often difficult to decide just where certain

The practical application of physics is second nature to these

men assembling a two-cycle Diesel engine

(Richie for Fortune magazine)

topics belong. Many of them seem to overlap

into two or three convenient groupings. For

some there seems to be no special place at all.

Then, too, there are always the complications

brought about by our changing ideas. Since

scientists are constantly searching for more
accurate information, they often find it neces-

sary to say, "Well, we must have been wrong
about that, but at least we know better now
—and we may know still better tomorrow.”

How We Learn in Science. Let us imagine

that somehowwe were able to go on a trip back

into the Dark Ages. Although our visit would

be interesting and we should have some first-

hand experience with simpler ways of living,

we should feel very much out of place. We
might even get into difficulties.

For example,what might we do if we needed

to know the answer to a simple question of

fact, such as this:

Do heavy objects jail jaster than light

objects?

If we were to ask our neighbors, they would

probably suggest that we forget the whole

matter. If we insisted that we needed an

answer, we should be advised to go and ask

the local authorities. Now this would appear

to be a perfectly reasonable idea—except

that the authorities themselves would not be

able to give us the correct answer. No one

would think to suggest that we might drop a

large stone and a small pebble from the near-

est bridge and see which would first strike

the water. Perhaps that is one reason why
those ages were called dark, because few

seemed to think it worth while to ask new

questions and to seek by experimentation for

the answers.

How different today! If you want to know

the best climbing adjustment for the elevators

on your model airplane, you may first consult

books on the subject, but before long you will

be out in a field, trying adjustments for your-

self and learning from experience. And this
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is how we learn science—by suggesting a

question or problem, by consulting available

sources of information, by proposing a solu-

tion, and by verifying the proposed solution

by means of careful experimentation.

Measurement. But science involves more

than description, classification, and experi-

mentation. It aims to give an exact mathe-

matical expression of its results. This re-

quires measurement. One of the notable dif-

ferences between science and other fields of

knowledge is that the conclusions of scientists

are based upon figures, while conclusions in

subjects such as history, art, or literature

often must be founded upon opinions instead

of demonstrated facts and accurate measure-

ments.

Because measurement is thus of funda-

mental importance in the field of science, we
must become acquainted with some of the com-
mon systems and methods of measurement.

The scientific mind does not blindly accept the

statement of authority, but seeks the answer

to a question by experimentation

Measurements are, of course, used not only

in science. In the home we measure the size

of rooms when buying rugs or linoleum and

window sizes when buying curtains; and we
measure the proper amounts of different in-

gredients when we are cooking. When on a

motor trip we measure the distance traveled;

we measure our speed, and we measure the

amount of gasoline used. The architect puts

accurate measurements on his plans. Carpen-

ters use the measurements shown on plans in

order to build a house with the proper dimen-

sions. The grocer measures and weighs the

goods that he sells to us. We measure so many
things in our daily lives that it is necessary

for each of us to understand the common units

of measurement. No one person will regularly

use all the different units of measurement,

but he is likely to meet them at any time and
should, therefore, be familiar with them.

Early Methods of Measuring. Measurement
has developed slowly and gradually from the

time of primitive man. When he first realized

the necessity of estimating the size of various

objects encountered in his daily life, one thing

in his environment served at all times and in

all places as a standard, and that was his own
body. Since then people of all countries have
used the parts of their bodies as standards of

measurement.

Even today we use our fingers, hands, fists,

feet, forearms, and legs for this purpose. The
farmer, in describing the size of a horse, says

that it is a certain number of hands high. A
fisherman compares the length of his fish with

the distance he can extend his fingers, called

a span. A dressmaker may estimate the

length of a piece of cloth in yards by stretch-

ing it from the tip of her thumb, when her

arm is extended sideways, to the tip of her

nose. The average man, by lengthening his

stride slightly, takes a step about 3 feet long;

so when we wish to measure a distance of

several feet on the ground, as a referee may
do on a football field, we count the number of

steps it takes to go that distance and multiply

that number by 3 to get the measurement in

feet.
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In ancient times a method of measuring

areas of land was derived from the customary

manner of plowing with a yoke of oxen. The
farmer would plow his first furrow in a long

straight line, until the oxen became winded

and needed to stop for breath before turning

around to start the return trip. This first fur-

row, then, was a ^'furrow long” (later called

a furlong)
;
and although its length depended

on both the kindness of the farmer and the

stamina of his oxen, it somehow averaged

about one eighth of our present mile. Thus,

as early as the ninth century, the furlong be-

came established as a unit of length.

The farmer also had a long slender stick

with which he directed his yoke of oxen
;
this

stock, or "rod,” became a standard of length

for the measurement of shorter distances than

the furlong. The farmer of those times found

that in a single day he could conveniently

plow an area which was one furrow long and

four rods wide. This area is known as an acre,

and even today we use it for the measurement

of land.

Our present units of weight also have an

interesting history. Here, again, man derived

his early units from his own body. For thou-

sands of years man has used a unit of weight

roughly equivalent to our modern pound,

merely because his muscles can conveniently

retain the sensation of such a weight and thus

enable him to estimate the weights of other

objects. To weigh grain and other foods there

has been a unit of about 60 pounds (our

modern bushel) since the days of ancient

Greece. In those times the talent, of about 58

pounds, was the weight which a man could

carry to market on his back. Thus we find

the strength of the average man determining

the early units of weight, from which our

present system of weight has gradually

evolved.

STUDY GUIDE

1. What is the purpose of classification?

2. What is the content of the following

sciences: astronomy, geology, meteorology,

physics, and chemistry?

3. How does the scientific mind go about

finding the correct answer to a question?

4. What are some purposes of measure-

ment?

5. Describe some early methods of meas-

uring.



Length

Establishing a Standard of Length. For the

scientist, no less than for the average person,

the fundamental measurements are those of

length, weight, and time. From measures of

length can be derived those of area and

volume.

Units of length have been derived from

many sources. The foot was first used in

Greece. This unit of length was said to have

been taken from the foot of Hercules. In

England, before the year 1101, the yard was

equal to 39.6 of the present inches. In that

year Henry I reduced the yard to a length

equal to that of his own arm. Many attempts

were made to establish a standard yard so

that, if one measure were lost, destroyed, or

defaced, it could be replaced by reference to

some invariable natural standard.

English Units of Length. From the accepted

standard yard we have obtained all our Eng-

lish units of length: ^ yard is equal to 1 foot’,

yard is equal to 1 inch\ 5^ yards are equal

to 1 rod] 220 yards are equal to 1 furlong; and

1760 yards are equal to 1 A table of the

English units of length and their abbrevia-

tions will be found in the Appendix.

Establishment of the Metric System by France.

On account of variations, the government of

France, in the year 1790, appointed a commis-

sion to establish a standard unit of length.

This commission decided to measure the

quadrant of the meridian which passed

through Paris (see diagram) and agreed that

io.ooo.ooq Q^ quadrantwould be the stand-

ard unit of length. This measurement would

never vary, for the quadrant of a meridian is

one fourth of the length of a line which circles

the earth and passes through both the north

and the south pole. In about seven years the

measurement of this distance was completed,

and from this measurement was established

the standard meter. A platinum-iridium bar

was prepared, and two scratches were made
on its surface, one meter apart. However,

since the French commission completed this

measurement, it has been found that some

slight errors were made. As a result, the

length obtained was not exactly a ten-

millionth part of the quadrant. Therefore the

standard meter is merely the distance between

two scratches on a certain bar of platinum-

iridium when its temperature is 0° centigrade.

This bar is kept in the International Bureau

of Weights and Measures in France.

Congress has the power to fix the stand-

ards of weights and measures in the United

States. George Washington, Thomas Jeffer-

son, and others attempted to have Congress

adopt a standard unit of length, but it was not

until 1891 that Congress passed a law making

the meter our official standard unit. By this

time the people of the United States had ac-

Meter stick
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One centimeter equals 0.3957 inch;

ten centimeters equal 3.937 inches,

or nearly four inches

10 centimeters (1 decimeter)

One inch equals 2.54 centimeters,

or about 2^ centimeters

1 inch

cepted the yard as a standard and had been

using it for many years. The yard, which is

the popular standard in the United States at

the present time, is now, by act of Congress,

§f§y of the copy of the meter kept at the

Bureau of Standards in Washington.

Metric Units of Length. From the standard

meter we have obtained all our metric units

of length. In dividing the meter into smaller

units or multiplying meters to get larger units,

10 has been used in all cases. In other words,

in order to find the next smaller unit of length

in the metric system, the meter is divided into

10 parts; to get the second smaller unit we
divide the meter by 10 X 10, or 100. In order

to get the next larger unit of length of the

metric system, the meter is multiplied by 10;

the second larger unit is obtained by multi-

plying the meter by 10 X 10, or 100. In this

manner multiples 1,000,000 times as long as

the meter and submultiples .000001 as long as

the meter are obtained and used.

The naming of the multiples and submul-

tiples is accomplished by putting Greek and

Latin prefixes before the word meter.

For example, a metric measurement with

the prefix deca- means that the unit has been

multiplied by 10; the prefix hecto- means

that the unit has been multiplied by 100.

The following table gives the prefixes and

their meanings:

deca- = multiplied by 10

hecto- = multiplied by 100

kilo- = multiplied by 1000

mega- = multiplied by 1,000,000

deci- = divided by 10

centi- = divided by 100

milli- = divided by 1000

micro- = divided by 1,000,000

Units thus derived from the meter are as

follows:

1 kilometer (km) = 1000 meters (m)
1 hectometer (hm) = 100 meters

1 decameter (dkm) = 10 meters

1 centimeter (cm) = .01 meter

1 millimeter (mm) = .001 meter

1 micron (m) = .000001 meter

Some of these have been found useful for

many purposes, while others are used only in

a few specialized sciences and industries. A
table of the metric units of length may be

found in the Appendix.

For converting measurements of length

given in metric units to measurements in our

more familiar English units, we need only

remember that 1 meter equals 39.37 inches.

It is also convenient to remember that 1 inch

equals 2.54 centimeters and 1 mile equals 1.6

kilometers.

Measurement of Surfaces. For the measure^

ment of surfaces, it is customary to use

squares as units. The sizes of these squares

are expressed by giving the length of one of

the sides and preceding it with the word

square. In the illustration below there are

twenty-four squares, each being 1 inch

square. We have square feet, square inches,

square meters, square centimeters, square

miles, and similar measures. Tables of Eng-

lish and metric units of area will be found in

the Appendix.

The units of one system may be converted

into the units of the other system thus

:

1 square inch (in.^) = 6.452 square centimeters (cm^)

1 square meter (m^) = 10.764 square feet (ft^) or

1.196 square yards (yd“)
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Measurement of Volume. The volume of an

object, or the amount of space it occupies, is

usually measured by the unit cube. This is

generally expressed by giving the length of

one of the sides preceded by the word cubic.

The illustration above shows twelve ice cubes,

each measuring about 1 cubic inch. We have

cubic feet, cubic inches, cubic meters, cubic

centimeters, and similar measures. Tables of

English and metric units of volume will be

found in the Appendix.

To convert units of volume in one system

to units of the other system, conversion figures

must be known, the more important of which

are

1 cubic inch (in.^) = 16.387 cubic centimeters (cm®)

1 cubic meter (m®) =35.314 cubic feet (ft®) or 1.308

cubic yards (yd®)

Measurement of Capacity. Capacity is the

amount held by a vessel, as quarts or liters.

In the metric system liquid and dry sub-

stances are measured with the same units.

The liter is the unit of capacity. A liter is the

volume occupied by the mass of 1 kilogram

of pure water at a temperature of 4° C. The

liter is subdivided on a decimal basis into

tenths, hundredths, and thousandths of a

liter. Its multiples are also on the decimal

basis, giving us 10-liter and 100-liter units.

A complete table of the units of this system

will be found in the Appendix.

The English system of measuring capacity

is the result of many years of unorganized

growth during which many standards have

been used. At one time in the history of meas-

urement there was a different standard unit of

capacity for measuring nearly every type of

liquid or loose dry substance. There have

been measures for each kind of grain, for

many kinds of liquids (as wine, oil, and water),

and for such things as potatoes and coal.

Our present standards of capacity are the

bushel, which is equal to 1.244 cubic feet, and

the gallon, which is equal to 231 cubic inches.

These standards have been passed down
through the centuries to us, and they are now
used as standards of capacity in the United

States. Multiples and submultiples of these

standards, including the barrel, quart, pint,

and peck, are still in use. A table of these

terms will be found in the Appendix.

The figures commonly used to convert

measures of the English system to those of the

metric system, or vice versa, are

1 liter (1) = .9081 dry quart (dry qt) or 1.0568 liquid

quarts

1 gallon (gal) = 3.78533 liters

Simplicity of the Metric System. An impor-

tant advantage of the metric system is that

any given quantity is expressed in terms of

one unit. The English system requires us to

use a mixture of separate units, progressing

from large to small and usually ending in a

fraction. In the English system the length

of your school building might be expressed as

a mixture of yards, feet, inches, and a frac-

tion of an inch. In the metric system a given

distance is not expressed as 28 kilometers, 7

hectometers, 5 decameters, and 2 meters, but

as 28.752 kilometers. Similarly, 54 centi-

meters and 19 millimeters are expressed as

54.19 centimeters.

The term hectometer is seldom used except

in calculations for the firing of large-caliber

guns in the army and navy. Usually we speak

of 100 meters or a certain number of hundreds

of meters rather than use the term hectometer.

Another term rarely used is decimeter. This

unit of length is too short to compare with our

English foot and too long to compare with the

inch. Lengths greater than a centimeter and

less than a meter are usually measured in

centimeters or decimal parts of a meter. For

example, 7 decimeters and 3 centimeters

would be written either 73 centimeters or .73

meter.
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U. S. Bureau of Standards

National standard kilograms preserved at the Bureau of Standards,

Washington, D.C.

In order to change a given measurement

from one unit to another within the metric

system, it is necessary simply to shift the

decimal point to the right or left. For ex-

ample, to change 763 centimeters to meters,

we shift the decimal point two places to the

left, making the measurement read 7.63

meters. A number of examples of this method

of changing units of length are given below:

Centimeters to millimeters: 73.4 cm = 734 mm
Meters to millimeters : 1.3 m = 1300 mm
Meters to kilometers: 973 m = .973 km
Millimeters to centimeters: 347 mm = 34.7 cm
Meters to centimeters: 3.2 m = 320 cm
Kilometers to meters : .47 1 km = 47 1 m

This method of changing the size of units

in the metric system is used in measurements

of weight, volume, area, and capacity, as well

as length.

The people of the United States are accus-

tomed to the English system of measurement,

but there can be no doubt in the mind of any

person who knows both the English and the

metric system about which system is the

easier to use. An example will illustrate this.

Suppose that you wish to find the number
of inches in the length of a board which

measures 3 yards, 2 feet, and 7 inches. You
would have to multiply 3 by 36, then multiply

2 by 12, then add these two products, and

finally add 7, to get the total number of

inches in your board. This problem involves

two multiplications and the addition of three

numbers: 3 X 36 = 108, 2 X 12 = 24, and

108 + 24-1-7 = 139, the length of the board

in inches. In the metric system, to find the

number of centimeters in a length of 3 meters,

2 decimeters, and 7 centimeters, it is neces-

sary only to set down the figures and place

the decimal point after the unit which is de-

sired, thus: 327 centimeters, 32.7 decimeters,

or 3.2 7 meters. A few moments devoted to the

study of the two problems above will give a
fair idea of the comparative ease of using the

English and the metric system. To the per-

son who has never used the metric system of

measurements the English system seems to

be entirely satisfactory, but to those who
know both it seems strange that the English

system has been used by progressive countries

for so long.

Certain countries, however, have been us-

ing the English system so long that every-

thing is measured in that system, and it would

require years of labor and enormous expense

to change to the metric system. Let us im-

agine what would happen if Congress should

pass a law stating that, by the end of a certain

period of years, all measurements in the

United States had to be made in the metric

system. The entire area of the surface of the

land, which is now measured in sections and

acres, would have to be calculated in square

kilometers and square decameters. All ma-
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Measuring with a micrometer.
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chines for making bolts and screws would

have to be made over or entirely replaced by

machines that make metric-standard bolts

and screws; a few of the old machines would

have to be retained to make repair parts for

machines already in use by the public. All the

people would have to learn the metric system

of measurements. This in itself would not be

hard, but for a long time it would result in an

enormous amount of confusion, because

people who were accustomed to using English

measurements would still think in these terms,

even though they were compelled to use metric

measurements.

Perhaps the best method of getting the

English-speaking people to use the metric

system is the method now in use. A very

gradual change from the English to the metric

system is going on. Few people probably

realize that many automobile spark plugs are

made with metric-standard threads or that

nearly all delicate scientific instruments are

made according to metric standards. It is in-

teresting to note that surveyors use a curious

variation of the English system in order to

obtain the advantages of a decimal relation-

ship in the measurement of length. They

measure distances in feet and in "inches”

which are actually larger than our common
inch, being one tenth instead of one twelfth

of a foot. In this decimal system the area of

a piece of land may be obtained much more

easily than would otherwise be possible in the

English system.

The metric system is used in most scientific

work. The number andvariety of other uses are

increasing. Although we, of the present gen-

eration, may never see this system used com-

monly in the United States, it seems probable

that it will eventually be used by all countries.

Unusual Measuring Instruments. We are all

familiar with the more common instruments

for measuring length, such as the foot rule,

yardstick, and tape measure, but the more

unfamiliar measuring instruments are seldom

seen by the average person. Vernier scales

and micrometer calipers are used in industry

to measure small lengths very accurately.

Thus, some of the bearings of automobile en-

gines are measured with micrometer calipers

to the nearest ten thousandth of an inch.

Another remarkable length-measuring in-

strument is light. Scientists have found that

light travels through space at a definite speed,

so that, as we have seen, the distance that it

travels in a year, a light-year, may be used

to measure the distances between heavenly

bodies. When we realize that light speeds

through space about 186,000 miles every

second, we can appreciate that the light-year

is our longest unit of length measurement.

But it may surprise us to learn that light is

also used at the extreme opposite end of our

scale of magnitudes; for the lengths of light

waves of certain colors are used for the ac-

curate determination of distances which are

so small that man cannot devise any other

method of measuring them. For example, the

thickness of oil films on water and the tiny

distance which you might bend a steel rail by
the pressure of one finger can be accurately

measured by means of light waves.
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STUDY GUIDE

1. When and where was the metric sys-

tem devised? Explain the value of the metric

system.

2. What is the standard of length in the

metric system? What are some metric units

of length?

3. What is the standard of length in the

English system ? What are some English units

of length?

4. How may a measure of length in the

metric system be converted into the English

system? How may a measure of length in

the English system be converted into the

metric system?

Weigkt

Early Standards of Weight. When man first

began to use pieces of metal, precious stones,

and other objects of value, he needed some

standard of weight. In the ruins of ancient

cities and in the records of ancient history, we
find many indications that standards of

weight were used. The Egyptians, Babylo-

nians, Greeks, Romans, and other peoples had

their standards of weight. From time to time

standards of weight have been lost or de-

stroyed, or changed by law.

The United States standard of weight, the

avoirdupois pound, was originally used in

France. Gradually this standard of weight

became common in England. When the

American colonies were established, the

pound was used as their standard. The
avoirdupois pound, as we use it today for

weighing light objects, is divided into 16

ounces. The unit of weight for weighing very

heavy objects and loads is the ton, which is

equal to 2000 pounds. In weighing precious

metals the troy pound is used. This standard,

which is about four fifths as heavy as the

avoirdupois pound, is divided into 12 ounces.

In this scale still other standards of lower de-

nominations of weight, such as carat and

grain, are used to weigh such valuable sub-

stances as diamonds, other precious stones,

and drugs. A table of English weights is

given in the Appendix.

Metric System of Weight. In weight meas-

urement, as well as in length measurement,

the simple and convenient metric system is

used by the people of European countries, by
scientists, and by workers in certain special-

ized industries. As a convenient, reliable, and
easily obtainable standard, the metric system

of weight measurement is based on the weight

of a definite volume of water. The unit of this

system is the gram, which is the weight of a

cube of water measuring 1 centimeter on each

side at the temperature of 4° C. One thou-

sand grams is equal to 1 kilogram (see illus-

tration, p. 123). This weight, which is used

in measuring small masses, is equal to about

2.2 avoirdupois pounds. For measuring the

weight of very large masses the metric ton,

which is equal to 1000 kilograms, is used. In

some scientific work the gram is too large a

unit to use, and so it has been divided into

smaller units. One one-thousandth of a gram

is called a milligram.

In converting measurements from the Eng-

lish to the metric system or from the metric

to the English system, it is necessary to know

Minute weights can be exactly measured on these

precision balances

Richie for Geophysical Service, Inc.



certain conversion figures. The following

figures are all that are necessary for this pur-

pose:

1 kilogram (kg) =2.2 pounds (lb)

1 ounce (oz) =28.35 (grams) (g)

1 ton (t) =907.185 kilograms

The Beam Balance. The first instruments

used in measuring weights were balances.

These at first were crudely fashioned and

poorly made, but today we have balances so

delicate that they can measure the weight of

a pencil mark on a piece of paper. In using

a balance, the object to be

weighed is placed on one of

the pans and enough weights

are put on the other pan to

counterbalance exactly the

weight of the object. By
using weights of different

sizes, very accurate measure-

ments can be obtained with

this instrument.

The Spring Balance. The
spring balance is another

type of weighing instrument.

It is commonly used in the

kitchen. It consists of a

spring enclosed in a case, a

pointer, a ring from which

the instrument may be sus-

pended, a hook from which

the object to be weighed is hung, and a scale

divided into pounds and ounces or grams and

kilograms. To be weighed on a spring bal-

ance, the object must first be hung from the

hook. This causes the spring to stretch and

the pointer to move down over the scale. The
position of the pointer on the scale indicates

the weight of the object.

These instruments are not very accurate or

reliable because the bar which attaches the

hook to the spring rubs on the case and pre-

vents the spring from being stretched as much
as it should be with a given weight. Another

reason for the inaccuracy of a spring balance

is that a coil spring gradually becomes weak-

ened with use. The result is that objects

apparently weigh more than they actually do.

Spring balances are used only where rough

measurements of weight are required. Fre-

quently we see the words "No Springs

—

Honest Weight” printed on the scales used by
grocers and butchers. This means simply that

the weighing device in use is not a spring

balance, which might in time become inaccu-

rate because of the weakening of the spring.

The Platform Scale. When coal is delivered

to your house, it has been weighed on the

weighing scale, or platform scale, a variation

of the simple beam balance which is used ex-

tensively in weighing materials. This instru-

ment consists of a balance in which a system

of levers is used in such a way that a given

mass of material can be counterbalanced with
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only a small fractional part of the weight of

the mass. There are a great many different

kinds of weighing instruments, but they all

embody either the spring principle or the

counterbalance principle.

STUDY GUIDE

1. What were some early standards of

weight?

2. What is the standard of weight in the

metric system?

3. How may a weight given in the metric

system be changed into the English system?

How may a weight given in the English sys-

tem be changed into the metric system?

AFTER YOU FINISH THIS CHAPTER

1. Explain why it is necessary to have

standard units for all kinds of measurement.

2. Measure in inches the length of a num-
ber of objects in the classroom and convert

the measurements into metric units. Simi-

larly measure a number of lengths in metric

units and convert to English units.

3. Measure the lengths and calculate the

areas of several surfaces both in English and

in metric units.

4. Calculate the volume of some containers

and the number of liters which they can hold.

5. Convert the weights of a number of com-

mon objects from English units to metric units.

IMPORTANT THINGS IN THIS CHAPTER

The basis of science is classifying and

measuring.

Primitive man used his body as a standard

for many measurements. Some of the primi-

tive methods of measurement are still used.

The French government in 1790 appointed

a commission to measure the quadrant of a

meridian and to take lo.oo^o.oFo of that dis-

tance as the standard unit of length. It is

called a meter.

In the metric system of measurements the

divisions of any class of measurements are

named by adding prefixes to the name of the

standard unit. Thus milli-, used as a prefix to

meter, means toVo of a meter. The prefix

centi- means yjo 5
means 1000 times as

great. One reason why the metric system is

simpler to use than the English is that a given

length in the metric system is written in terms

of one unit.

English units of length can be changed to

metric units, or metric units can be changed

to English units, by either multiplying or

dividing by the proper conversion figures.

The metric unit of length is the meter. It

is equal to 39.37 inches.

The metric unit of weight is the gram; and

1000 grams are equal to 1 kilogram, while

1 kilogram is equal to 2.2 pounds.

LEISURE-TIME ACTIVITIES

1. Consult an encyclopedia to learn some-

thing about the history of British measure-

ments of length and weight.

2. Make a measuring device for measuring

the amount of air your lungs will hold.

Cylinders are weighed before and after liquefied gas

is put in. These scales thus weigh the gas with

extreme accuracy

Klchle for Mathieson Alkali Works



7 • MECHANICS OF SOLIDS. LIQUIDS
AND GASES

Matter and Motion

What Is Matter? We are all familiar with

matter as what we see and touch. The scien-

tist defines it as that which occupies space

and has weight. Thus we measure it in those

fundamental units described in the previous

chapter.

By mass we simply mean the amount of

matter in a body. Weight is the pull of grav-

ity on a body. The mass does not vary with a

change in location on the earth’s surface, but

the weight does. Weight varies with latitude

and altitude.

If a body is weighed at the equator and

again at the north pole, it will be found to

weigh more at the pole. The whirling of the

earth on its axis has resulted in a flattening

at the poles. The distance of an object from

the center of the earth, toward which all

objects are attracted by the force of gravity,

is thus somewhat less in the direction of the

poles. This variation is so slight that it is

usually ignored. There is one interesting ex-

ception. The Alaskan gold-mining companies

are required to sell the precious metal accord-

ing to the weight at Washington instead of the

somewhat greater weight which it has in

Alaska.

Similarly, if a body is weighed at sea level

and again on the top of a high mountain, it

will be found to weigh more at sea level than

on the mountaintop. At sea level it is nearer

to the center of the earth and is therefore more

strongly attracted.

This attraction of a body to the earth,

gravity (or terrestrial gravitation), illustrates

a fundamental property of matter. Every bit

of matter in the universe attracts every other

bit with a force of gravitation which is pro-

portional to their masses and which decreases

rapidly as the distance between them in-

creases. This principle was given exact mathe-

matical expression by Sir Isaac Newton, one

of the greatest physicists of all time, in what

has been called Newton’s law of universal

gravitation.

Motion. Any portion of matter, that is, any

object, may change its position; this change

is motion. The rate at which motion takes

place is the speed of the object. Speed is ex-

pressed as the ratio of distance covered to the

time which elapses Thus we may speak

of a speed of 60 miles an hour.

Sometimes we distinguish between speed

and velocity. When we do so, we use the

word velocity to include not only a rate but

a direction. Thus we might speak of a train

as traveling 60 miles an hour northward; that

would be its velocity.

Uniform motion is that which is constant

in rate and direction. But not all motion, as

we are well aware, is uniform. An object may
increase in speed, or it may be retarded; it

may be turned from a straight path.

Motion which does change in rate is said to

be accelerated. Acceleration is measured? by
the change in velocity — divided by
the time during which the acceleration takes

place. For example, if an object traveling at

the rate of 20 feet per second comes to rest in

10 seconds, we say that it has a negative ac-

celeration of 2 feet per second per second. If

the object started from rest and in 10 seconds
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reached a speed of 20 feet per second, then it

would be said to have a positive acceleration

(usually called only acceleration) of 2 feet

per second per second.

What Is Force As we shall see in more de-

tail in the following paragraphs, a moving

object must be acted upon, as by a brake, to

bring it to rest; or an object at rest must be

given some kind of "push” to place it in mo-

tion. In other words, as the physicist says,

force is required.

Force is that which gives to any mass an

acceleration. This is usually expressed in an

abbreviated form, as f = m X a. In this equa-

tion / is the force, m is the mass, and a is the

acceleration. Such equations, with letters in-

dicating the measurements to be substituted,

are customarily used in the study of the

physical sciences.

Mechanics. The study of forces—how they

act and how they may be used, how they are

measured and what are their relationships—

•

is called mechanics. This is the fundamental

branch of physics, a knowledge of which is

essential for an adequate understanding of

the other branches. In this chapter we shall

consider the mechanics of the three so-called

states of matter—solids, liquids, and gases.

STUDY GUIDE

1. Define matter, motion, and force.

2. Distinguish between mass and weight.

3. Distinguish between speed and velocity.

How is each expressed?

4. Distinguish between uniform motion

and accelerated motion. How is acceleration

expressed?

5. What is mechanics?

Forces

Measurement of Forces. The force with

which we are most familiar is that of gravity

—the attraction exerted on any material by

the earth. This attraction, as we have seen,

is known as weight. But not all forces are

weights.

A dragging effort, for example, is a force.

If you have pulled a sled on a day when there

was not quite enough snow, you have observed

that the bare patches were harder to cross.

You may well have wondered how many
pounds you were pulling. If you had attached

a spring balance to the sled, you could have

found out how many pounds were required to

drag it either over the snow or over the bare

patches.

Weight units may thus be used for the

measurement of forces, regardless of the

directions in which the forces may be exerted

or from what actions they may result. The
steadily applied force needed to push a sharp-

ened stick into the ground or to push a heavy

desk across the floor could be measured (in

pounds) merely by exerting the force against

the platform of a common bathroom scale,

while pulls in any direction may be measured

by the convenient spring balance.

Graphic Representation of Forces. A force

is exerted on something. If the force is un-

opposed, motion will result. If the force is

balanced by a sufficient resistance or a force

in the other direction, no motion will result.

Thus you might push on an automobile with

a force of 35 pounds without moving it, but,

nevertheless, you would be exerting a force.

Similarly, the wind exerts a force on the side

of your school building, though, aside from,

the rattling of a few windows, no appreciable

motion results. When we have forces in ac-

tion but producing no motion, we call the
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p +
10 grams of force

A

H 1 ! ^—H
1 1 1 1 h f 1 •P

14 pounds of force

B i»*-i i-i*

5 grams

c

condition static, a word which means motion-

less or in equilibrium. A study of static con-

ditions is useful in connection with bridges,

dams, tall buildings, and other motionless

structures.

A knowledge of forces is necessary for an

understanding of those simple machines

which, when properly combined, become air-

planes, locomotives, steam shovels, and many
other useful moving implements. All these

seemingly complicated devices make use of

materials, forces, and distances which are

related in accordance with a few simple

principles.

Before we study these principles, let us see

how forces can be conveniently represented

on paper. By making a diagram of a force or

a set of forces we can determine the relation-

ship of forces to each other without mathe-

matical difficulties.

A straight line drawn from the point of

the application of a force may be used to rep-

resent a force. The size of the force in such

a diagram is indicated by the length of the

line. Diagram A on this page represents a

force of 10 grams acting in an easterly direc-

tion on a point P. In this diagram, 1 centi-

meter of length represents a force of 1 gram.

Any convenient unit of length may be used to

indicate a unit of force.

Diagram B represents a force of 14 pounds
acting in a westerly direction on the point P.

In this diagram ^ inch is used to represent a
pound of force. In the diagram C we have
two forces: one force of 5 grams acts in an
easterly direction on point P, and another
force of 10 grams acts in a northerly direction

on the same point. In this diagram a 3-

millimeter unit of length is used to represent

a gram of force.

The size of the unit used in a diagram de-

pends on the available space. The same-

sized unit must, however, be used in all parts

of the same diagram. A complete representa-

tion of a force must include its size, direction,

and point of application.

Combinations of Forces. Two or more forces

may combine with each other in a number of

ways. When they act in the same direction

or in directly opposed directions, they are said

to be parallel forces, since the lines which rep-

resent them in our force diagrams are parallel.

A tug of war is a simple example of two

parallel forces. In this instance, the two

forces are pulls, directly opposed to each

other, and the net effect is the difference be-

tween them, the stronger team deciding the

direction in which the motion takes place.

When a team of horses is pulling a plow,

both horses are pulling in one direction, and

the ground through which the plow is being

pulled is pushing in the opposite direction

against the plow. The combined pull of the

two horses must be great enough to overcome

the force of the ground on the plow, or the

plow will not move.

The result of a 10-pound force acting

toward the north and a 5-pound force acting
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southward on a point P (diagram A on this

page) is a force of 5 pounds acting north, be-

A ..

10 lb

P

5lb

10 lb
5 lb

201b ..121b

cause 10 pounds — 5 pounds = 5 pounds, and

the greater force is acting northward. When a

10-pound and a 5-pound force are acting to

the north on an object X (diagram B), and a

12-pound and a 20-pound force are acting to

the south on the same object, there will be a

resulting force of 17 pounds acting south.

This is true because (12 pounds + 20 pounds)

— (10 pounds + 5 pounds) = 17 pounds, and

the greater sum of forces is acting south.

When two or more forces are acting on a

point and the directions of all the forces are

parallel, the resulting force will be equal to

the sum of all forces in one direction sub-

tracted from the sum of all forces in the

opposite direction. The direction of the re-

sulting force will be the same as the direction

of the larger force or sum of forces.

When parallel forces are acting on an object

in opposite directions but not at the same

point, the object is turned. Such forces can be

balanced only by parallel forces which tend

to turn the object in the opposite direction.

Resultant. Imagine two boys pushing a box.

One of the boys is pushing in a northerly

direction with a force of 100 pounds. The
other boy is pushing in a westerly direction

with a force of 50 pounds. If the box were not

too heavy, it would move. But it would not

move in either a northerly or a westerly direc-

tion. It would move in a direction between

north and west, but nearer the northerly di-

rection (see diagram below). The resultant

of two or more forces acting on a point is that

single force which would have the same effect

as the two or more forces acting together.

To determine the resultant of two forces

acting on a single point but in different direc-

tions, it is convenient to represent each force

by a line whose direction is the same as that

of the force, and whose length is proportional

to the size of the force. In diagram A on page

134, forces of 20 grams and 10 grams are

shown as acting in northerly and westerly

directions, respectively, on the point P. The
resultant of these two forces may be simply

found by completing the parallelogram

ACBP, of which the two given forces form

two adjacent sides. When this is done, the
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diagonal drawn from the point P to C repre-

sents, in both magnitude and direction, the

resultant of the two given forces.

It happens that the two given forces in this

example are at right angles to each other, but

the same procedure may be used to determine

the resultant of any two nonparallel forces, as

shown by the parallelograms of diagrams B,

C, and D. Here, again, the resultant is the

single force which would produce the same

effect as the two given forces acting together.

When a number of forces act on a point,

the resultant may be similarly determined.

By using the resultant of two forces as one

side of a new parallelogram and another force

as the adjacent side, a new resultant may be

determined. Continuing the process, we reach

a final diagonal which is the resultant of all

the forces.

An example of two nonparallel forces pro-

ducing a resultant in a desired direction is

found in the operation of the '^electric mules’'

which pull a ship through the locks of the

Panama Canal (see illustration, p. 135). The
forces acting along the cables tend to pull

the ship toward opposite sides of the locks,

but together they produce a single resultant

in the desired direction.

Equilibrant. If the ship of the preceding

paragraph were to reverse its propeller, so as

to pull backward just hard enough to stop the

electric mules, it would then be exerting 5

third force, which would be equal and oppo-

site to the resultant of the first two forces.

Such a force, equal and opposite to the re-

sultant, is called an equilibrant, since it

equalizes, or balances, the resultant.

The resultant of forces will produce motion

unless it is opposed by an equilibrant. The
diagrams below show forces with their result-

ants and equilibrants indicated.

Components of a Force. When a boy pulls a

sled along the ground, a part of the force he

applies to the end of the rope tends to lift the

sled; the remaining part of the force moves

the sled along the ground. That part of the

force which pulls the sled along the ground

is alone effective in accomplishing what he

desires. The remainder of the force which he

exerts is lost in making the task of pulling

the sled more convenient. In order to direct

all his efforts to moving the sled, he would

have to hold the rope in such a position that

it would be parallel with the ground.

We may define the component of a force

in a given direction as the one portion of the

force effective in that direction.

The diagram on page 135 shows, in a

graphic manner, the force exerted by the boy.
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the horizontal component of the force, and

the upward component of the force which

is exerted in making the task more con-

venient. We find many examples in life where

a greater force than is actually necessary

is used in accomplishing a given task because

of the effort to make the task more con-

venient. A few such examples are the pushing

of a lawn-mower, the towing of a canal barge,

and the sweeping of the floor.

Finding the components of a force is illus-

trated by the diagram at the right above. The
force exerted by the tractor D in pulling a
canal barge ^ is 10 tons. The line represent-

ing the force exerted along the rope is divided

into 10 parts so that of the length will

graphically represent 1 ton of force. A paral-

lelogram is then constructed with its side AB
parallel to the canal. Then the line AB is

divided into parts equal to the divisions on the

line of the force. The number of divisions of

the line AB equals the number of tons of force

in the component, which tends to move the

barge along the canal. The other component,

AC, pulls the barge toward the side of the

canal.

Equilibrium. A chair standing on the

ground has the force of gravity acting on it

in a downward direction; but the surface of

the earth is pushing up on the chair with a

force equal to the force of gravity on the chair.

Here are two equal forces acting on a body in

Can you sketch the parallelogram of forces that shows how the electric

mules pull this ship through the Panama Canal?
Robert Tamall Richie
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opposite directions. Each force neutralizes

the effect of the other.

Any force or group of forces acting on a

body either produces motion or tends to pro-

duce motion. When a force is neutralized by

an opposite force, there will, of course, be

no motion. If an object remains stationary

in one position, all the forces acting upon it

must be balanced. Under these conditions an

object is said to be in equilihrium.

Center of Gravity. Sometimes it is neces-

sary to consider where the force of gravity

acts on an object. As a block of wood lies

upon the ground (diagram A above), there is

a mutual attraction between the earth and

every particle of wood in the block. All these

forces act in the same direction. The sum of

all these forces is, of course, equal to the

weight of the block. When we pick up a block

of wood, we are conscious of one force only;

the forces existing between the earth and the

separate particles of wood seem to be com-

bined into one large force. These forces also

seem to act at one point in the center of the

block. If we try to place the block on a very

small surface, like the head of a nail (dia-

grams B and C), there is only one position

where it will remain balanced. In this posi-

tion the balancing point of the block is di-

rectly above the nailhead. This point within

the block is called its center of gravity. In

other words, the center of gravity of an object

is the point where all its weight seems to be

concentrated.

Stability. We all know from experience that

it is easier to tip a box over when it is standing

on its end than it is to tip it onto its end when

it is lying on its side. In tipping a box to its

end, the center of gravity has to be raised a

greater distance than it does when the box is

tipped from its end to its side. A study of the

diagrams below will make this clear. The
curved line represents the path taken by

the centers of gravity while the boxes were

being tipped over. The distance between X
and F in both diagrams represents the dis-

tance that the center of gravity had to be

raised in tipping the box over.

From these diagrams we can understand

that an increase in the size of the base of an

object, or the lowering of its center of gravity,

increases its stability. A perpendicular line

extending from the center of gravity of a

stable object to the ground always falls within

the area of its base (diagram A on page 137).

A practical application of this principle is

shown in recent changes in automobile con-

struction. Twenty years ago automobiles
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were built with high wheels and a high center

of gravity. Today, in order to prevent them

from turning over easily, they are being built

with low wheels and a low center of gravity.

Among the everyday objects about us are

many examples of things made in shapes

which will give them great stability; among

them are teakettles, automobiles, chemistry

flasks, bottles, stools, stoves, and chairs. In

fact, most objects either have a wide base or

have their weight concentrated near the base

to give them greater stability.

An egg standing on its end, a cone standing

on its point, and a prism resting on one edge

are examples of objects which are not stable

(diagram B above). A slight displacement of

any one of these objects causes their centers

of gravity to be lowered. Of course the force

of gravity is acting on all objects at all times.

If the center of gravity of an object can be

moved closer to the earth without first raising

the object, it is unstable. A slight force on any

of these objects in any but an exactly perpen-

dicular direction will cause them to move so

that a perpendicular line drawn from the cen-

ter of gravity to the earth will not fall within

the area of the base. When an object is in

this position, the force of gravity will cause

it to roll over to a position where its center

of gravity is as near to the earth as possible.

A ball, or a cylinder lying on its side, has

its center of gravity as close to the earth as

possible (diagram C). Since the rolling of

these objects does not change the distance be-

tween their centers of gravity and the earth,

they are said to have neutral equilibrium. All

objects having circular outlines in at least one

direction can be placed in positions of neutral

equilibrium.

STUDY GUIDE

1. Describe the action of various forces.

2. How may the resultant of forces be de^

termined?

3. What is an equilibrant?

4. When is an object in equilibrium?

5. When does an object have stability?

6. What is a static condition?

7. State the law of universal gravitation.

Dynamics

Laws of Motion. We have seen that when

forces are balanced, there is no motion. But

obviously not all conditions are thus static.

Motion does take place, and this means that



torces are unopposed or unbalanced. These

dynamic conditions are usually the most im-

portant ones we meet with in physics. That

branch of mechanics which studies the prob-

lems of unbalanced forces and the motion

which results is known as dynamics.

Basic to any knowledge of dynamics is an

understanding of Newton’s three laws of mo-

tion. Hardly less important is some famili-

arity with the common terms and fundamental

concepts by which the principles of dynamics

are explained. In the following paragraphs

we shall describe the leading ideas in this

branch of mechanics.

First Law of Motion—Inertia. We lurch for-

ward when an automobile suddenly stops,

and we are jerked backward against the

cushions when it starts suddenly. If we should

jump from a fast-moving car, we should

have to run a few steps and slow down grad-

ually in order to avoid falling. The flywheel

on a single-cylinder gasoline engine keeps it

running smoothly, even though the explosion

in the cylinder is pushing on the piston only

one fourth of the time. A perfectly balanced

wheel will remain stationary on its axle until

it is given a push, but after it starts rotating,

if not disturbed, it will continue to rotate

until the friction on the axle and the friction

of the air against it cause it to stop. Each of

these is an example of the inertia of objects

in motion.

Inertia of rest can be demonstrated by
placing a round ball on a card which in turn

is placed over the mouth of a bottle. When

the card is suddenly

snapped off in a hori-

zontal direction, the ball

will remain in position

on top of the bottle.

Newton’s first law oj

motion states that every

body continues in a state

of rest or of uniform motion in a straight line

unless it is acted upon by some outside force.

It may seem at times as if objects start or

stop moving through their own energy, but

a careful check will always show that some

force is acting on these objects. In itself

matter has the ability neither to move nor

to stop moving. Inertia, or resistance to a

change in motion, is a property of all matter.

It is proportional to the mass of an object.

The Gyroscope. An interesting example of

inertia may be found in gyroscopes. A special

instrument has been developed to reduce the

rolling of ships at sea, to keep airplanes on

their courses, and to form the principal part

of a new type of compass. This piece of ap-

paratus is a gyroscopic top, which consists of

a heavy wheel set in a frame in such a way
that the wheel can rotate at one speed and the

frame can rotate at another speed, while the

whole mechanism rests on a pedestal.

A gyroscopic top will remain on top of a

pedestal like that shown in diagram A on

page 139 as long as the heavy wheel is rotat-

ing rapidly. The wheel has enough energy of

motion to overcome the force of gravity. As
soon as the wheel slows down to a point where
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its energy is less than the gravitational attrac-

tion, the top will fall from its pedestal.

If this gyroscopic top is suspended in such

a way that the axle is pointing directly toward

you, while the wheel is turning in a clockwise

direction, it will resist any movement of its

axle. If the end of the axle pointing toward

you is pushed in an upward direction, the axle

will move to the right. A downward force on

the end of the axle results in a movement to

the left (see .B). A push to the right results

in an upward movement of the axle, and a

push to the left results in a downward move-

ment (see C).

This action of a gyroscope makes possible

its use to maintain the stability of various

objects. Large gyroscopic wheels placed in

frames are fastened solidly in the holds of

ships (see illustration, p. 138), the wheels

being rotated rapidly by electric motors. The
gyroscope is like a spinning top in the hold

of the ship. It may be tipped either forward

or backward but not to one side. Let us sup-

pose that the gyroscope is spinning in a clock-

wise direction. Then if a wave starts to roll

the ship to the left, the gyroscope is auto-

matically tipped forward. By this pushing

to the right it will overcome the force of the

wave, which would otherwise roll the ship to

the left. Similarly, if the wave starts to roll

the ship to the right, the gyroscope is tipped

backward and thus prevents the roll. The

tipping device on this apparatus makes it

possible for a comparatively small gyroscope

to control a huge ship. When compared with

a ship, the gyroscope is small; yet it is

actually so heavy that it takes about thirty

hours to start it from rest and bring it up to

normal speed.

Gyroscopes are also sometimes used to con-

trol airplanes and ships. In an airplane the

"gyro pilot” is not used for taking off or land-

ing, but once the plane has attained the de-

sired altitude, it is possible for the pilot to set

his course and allow this ingenious device to

control his direction of flight. If the plane

should tip in any direction or turn from the

specified course, the gyroscope would start a

small electric motor which would operate the

controls so as to bring the plane back into the

proper position.

Gyroscopic compasses do not depend on

magnetism for their operation. These com-

passes are set so that they point in the de-

sired direction, and then a heavy wheel is set

in motion and spun rapidly by an electric

motor. The shaft, or axle, of this heavy wheel

is parallel to the earth’s axis, and the inertia

of the wheel keeps the compass pointing in

that direction. Gyroscopic compasses are

now being used extensively in airplanes and

ships because they are not affected by the

presence of iron or magnets which may be

near them.



Sperry Gyroscope Company

This giant gyroscope helps

to stabilize one of the large

Atlantic liners. What are

other uses of the

gyroscope?

Centrifugal and Centripetal Forces. When a

rapidly turning bicycle wheel touches some

mud or water, the particles are thrown off

in the directions shown by the drawing on

page 141. In the same manner mud flies off

a whirling automobile wheel. In certain

amusement parks there is a device which

demonstrates this same tendency in striking

fashion. This is a large disk, perhaps fifteen

or twenty feet in diameter, which may be

made to rotate like the turntable of a phono-

graph. People are persuaded to sit on this

disk, which is then started in motion. As soon

as it reaches a reasonable speed, the people

are irresistibly pushed outward away from the

center of the disk and tossed off around the

edges, just like the mud flying from the

bicycle wheel.

The tendency of the parts of a whirling

object to continue their motion in a straight

line is another example of inertia. A man rid-

ing in an automobile going around a curve is

forced against the side of the machine next

to the outside of the curve. The side of the

machine in turn pushes on his body with a

force sufficient to hold him on the seat. The

first force is an example of centrifugal force;

the second, of centripetal force.

When a ball is suspended by means of a

string, as shown on page 141, and whirled

around rapidly, the ball will pull on the string

in a direction away from the center of rota-

tion. The string has to pull in a direction

toward the center of rotation with a force

equal to the pull of the ball in order to keep

the ball from moving in the direction in which

it is pulling. The pull of the ball on the string

is a centrifugal force, and the pull of the string

on the ball is a centripetal force.

The parts of any whirling body tend to

move away from the center around which they

are whirling in a direction tangential to the

circular path in which they are rotating. If

the centripetal forces which hold the object
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in one piece are strong enough, the parts will

remain in place. If, however, these forces are

not strong enough, the parts will move away

from the center of rotation in exactly the

same manner as mud flies off a whirling auto-

mobile tire. The amount of centrifugal force in

the parts of any whirling body is proportional

to the square of the speed of rotation. If, for

example, the speed of rotation is tripled, the

centrifugal force will be multiplied ninefold.

Second Law of Motion—Acceleration. New-

ton’s second law oj motion deals with the rate

of change in velocity, or acceleration. We
know from experience that if we push very

hard on a movable object, it will go faster

than if we push lightly. We also know that it

will move in the general direction of the push-

ing. In other words, acceleration is directly

proportional to the force which produces it,

and the change in motion takes place in the

direction in which the force acts. In the dis-

cussion of force (p. 131) this principle was

expressed as j = mXa.
An engine used to turn the machinery of

a mill may, when it is first started, turn the

flywheel of a certain machine at the rate of 10

revolutions per second (rps). If the engine

continues to add speed to the rotation of the

wheel, we say that the wheel is being acceler-

ated. If at the end of each 10 seconds the fly-

wheel is turning 20 revolutions per minute

(rpm) faster than it was at the end of the

previous 10-second period, we say that the

wheel is being uniformly accelerated. It

gains 20 revolutions per minute during each

10 seconds of time, or 2 revolutions per minute

per second.

A more common example of acceleration is

found in the operation of an automobile.

When the accelerator pedal is pressed down,

the speed of the automobile is increased, and

at the end of each second its speed is greater

than at the end of the previous second.

Momentum and Impulse. The product of

mass (m) and velocity (z>) is called the mo-

mentum. The greater the momentum, the

greater the force which must have been

applied to secure it and the greater the force

which must be applied to stop it.

Sometimes we need to consider the time (^)

during which a force is applied. The product

/ X ^ is called the impulse. Impulse equals mo-

mentum, or ft — mv.

Third Law of Motion—Action and Inter-

action. When a man pushes against an object,

the object also pushes against the man. The

force of gravity pulls a body down against a

table, and the table pushes up against the

body. An engine pulls in one direction on a

string of cars, but the cars pull in the opposite

direction with an equal force. As a sprinter

runs, he pushes against the ground, while the

ground pushes against his feet. Numerous ex-

amples prove that any force is opposed by an

equal and opposite force, or that to every

action there is an equal and opposite reaction.



The third law of motion given to us by-

Newton tells us that any force in nature is

always accompanied by a second force which

acts in opposition to the first force and is equal

in size to the first force.

Falling Bodies. Many problems in physics

involve some consideration of the behavior of

bodies which, attracted by the force of grav-

ity, fall freely toward the earth. We are all

familiar with the fact that a freely falling

object will increase its velocity until it strikes

the earth. Surely none of us would have much
trouble in catching a baseball tossed from the

roof of a house, but a well-known major-

league catcher had considerable difficulty in

stopping a ball dropped from the Washington

Monument (555 feet high) because it had

acquired a velocity of about 100 miles per

hour.

Any object falling freely through the air

tends to increase its speed each second by a

velocity of approximately 32 feet per second.

In other words, the acceleration produced by

the force of gravity is 32 feet per second per

second.

Any object which speeds up (accelerates)

or slows down (decelerates) at a uniform rate

behaves in accordance with three simple equa-

tions: v = aXt; V = \/2 as; s = ^ af. We
will use the familiar units of the English

system in which v = the velocity of the object

in feet per second, a = the uniform rate of ac-

celeration, t = the elapsed time in seconds,

and s = the distance of fall.

Remembering that a = 32 feet per second,

you can calculate the height of a cliff, for

example, if it takes a stone three seconds to

reach the bottom. From the third equation

the distance traveled by the stone would be

j i af^ or ^ X 32 X 9 = 144 feet.

At high velocities the resistance of the air

modifies these equations greatly; in fact, there

is a maximum speed at which any object may
fall freely through the air, regardless of how
long it has been falling. This velocity depends

on the shape and relative density of the object.

Air resistance causes objects of low density,

such as a basketball, to fall much more slowly

than objects of higher density, such as stones

or bullets.

The streamlining of an object greatly re-

duces air resistance and causes it to fall more
rapidly. Thus an airplane diving straight

toward the earth may attain a speed of over

800 feet per second,—faster than a bullet

from a .45-caliber pistol,—but a pilot making
a delayed parachute jump cannot drop faster

than about 180 feet per second. Aerial bombs
are streamlined so that they will fall with

maximum velocity.

You may observe that our three equations

do not take into account the weight of the

falling object. Have you tried dropping the

stone and the pebble in order to answer the

question which bothered Galileo so many
years ago?

If a ball is thrown horizontally and another

ball is dropped vertically at the same instant

from the roof of a building, both balls will

reach the ground at exactly the same time.



The ball thrown horizontally has two forces

acting upon it, namely, gravity and the force

which was applied to the ball by the thrower.

The result is that the ball moves in a hori-

zontal direction until the resistance of the air

stops it, and it moves toward the ground until

the ground stops it. The resultant path taken

by a ball thrown from a building in this man-

ner is shown in the diagram on page 142.

When two or more forces act on a body at the

same time, each force produces its own change

in velocity independently of all other forces.

STUDY GUIDE

1. Describe some effects of inertia.

2. State the three laws of motion.

3. Describe the action and applications of

a gyroscope.

4. Distinguish between centrifugal and

centripetal forces.

5. What is momentum? impulse?

6. What are the fundamental equations for

solving the problems of falling bodies?

Work and Power

Work Defined. We have learned that forces

may be exerted without producing motion.

From the point of view of a physicist, no work

is done. If, however, forces result in motion,

we say that work is done.

Here we find that a common term has been

given by science a somewhat more limited

meaning than that to which we have been ac-

customed. We ordinarily think of work as

exertion of any kind. A man attempting to

lift a two-ton safe exerts himself considerably.

He exerts a great deal of force, but from the

scientific viewpoint he does no work unless he

actually moves the safe. In order to accom-

plish work, a force must be exerted and must

result in movement over a measurable dis-

tance. The amount of work done by a force

acting on an object is equal to the amount of

the force multiplied by the distance the object

is moved.

Units of Work. Since work involves both

force and distance, it is natural for us to ex-

pect that the units in which work is measured

must express both force and distance. A unit

of work can be expressed by any unit of force

exerted over any unit of distance. Thus the

more commonly used units of work are the

gram-centimeter and the kilogram-meter in

the metric system, and the foot-pound in the

English system. This last is the amount of

work which is done by exerting a force of one

Dound over a distance of one foot.
A

Obviously, it is desirable to use large units

for the measurement of large quantities and

small units for specifying small quantities.

Thus we find it convenient to express the

weight of a load of coal in tons instead of

ounces, the capacity of a tank car in gallons

instead of teaspoons, and the length of your

pencil in inches instead of miles. The striking

energy (capacity to do work) of the large

projectiles fired from our battleships is meas-

ured in foot-tons. In contrast to this large

unit, a radio engineer who wished to describe

the energy received by the average radio an-

tenna devised a unit equal to the amount of

work done by a fly in walking one inch up a

windowpane. Incidentally, he calculated that

one "fly-inch” of energy (in electrical form)

would be sufficient to carry programs from

the broadcasting station to your radio for

more than a week.

Measurement of Work. The work done

when an object is raised vertically is equal to

the product of the weight of the object and

the distance moved. For example, the work
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accomplished in lifting a 10-pound weight

through a vertical distance of 3 feet is equal

to 3 feet X 10 pounds, or 30 foot-pouAds.

The total weight of an object is used in

computing work only when it is moved ver-

tically. When, however, a man pushes a 50-

pound box across the floor, he does not use a

SO-pound force. He uses only enough force to

overcome the friction between the box and the

floor, which may be only 10 pounds. If the

man pushed the box IS feet, he would do 15

feet X 10 pounds, or 1 50 foot-pounds, of work.

Sometimes objects are carried up a flight

of stairs or rolled up an incline in order to

raise them a greater distance from the earth

(see illustration, p. 145). In work of this kind

the vertical distance is considered rather than

the length of the stairway or incline. In order

to find out how much work is necessary to roll

a 500-pound barrel up a 20-foot plank and

into a truck 4 feet high, it is necessary only

to multiply 500 pounds by 4 feet. The
length of the plank does not enter into the

problem at all, though it does make the work

easier to perform.

Definition of Power. In comparing the en-

gines of automobiles we sometimes say that

one is more powerful than another because it

will carry a larger load or go up a steeper hill

than the other one will. This is a misuse of

the term powerful, because the element of

time is not considered in the comparison. If

one engine pulls a larger load uphill in a

shorter time than another engine does, then

the first engine is indeed the more powerful.

Problems dealing with work involve both dis-

tance and motion, but the element of time is

not considered. In problems dealing with

power all three of these factors are consid-

ered. The force exerted, the distance moved,

and the time required to do the work must

be known before the amount of power used

by an engine in performing a certain task

can be computed. Power may be defined as

the amount of work done in a given unit of

time. It is the rate of work.

One might consider a sailboat under three

different conditions: first, when the boat is

anchored and the wind is blowing against the

sail; second, when the boat is not anchored

and the wind is blowing against the sail hard

enough to move the boat from one position to

another; and third, when the boat is not an-

chored and the wind is blowing against the

sail, causing the boat to move through the

water at the rate of 10 miles an hour. In the

first case the boat does not move, and the wind

merely exerts a force against the sail; no work
is done. In the second case the boat moves

from one place to another, so that the wind

is doing work. In the third case the boat

moves a definite distance in a given time, and

so here, if we know the force with which the



wind is pushing against the sail, we have suf-

ficient data to enable us to calculate the power

of the wind that is pushing the boat.

Units of Power. When steam engines were

first used, their power was compared with the

power of horses because the first engines were

used for work which had formerly been done

by horses. One inventor of the steam engine,

James Watt, performed a number of experi-

ments with horses to determine the actual

power of the average horse. He found that a

horse could do about 33,000 foot-pounds of

work per minute. That is, a horse could lift

a 1000-pound weight 33 feet per minute.

Ever since this unit of 33,000 foot-pounds per

minute, or 550 foot-pounds per second, was

first determined by Watt, it has been used to

indicate the amount of power an engine of

any kind can produce. The horses that Watt

experimented with must have been particu-

larly powerful, because the average horse to-

day can exert only about J horsepower over

a period of several hours. The average horse-

power of a man is about y horsepower.

In the metric system the units of power are

the watt and the kilowatt. A watt is approxi-

mately the power necessary to lift 1 liter of

water 1 meter high in 1 second. The kilowatt

is 1000 times greater than the watt. There are

746 watts in 1 horsepower. Consequently,

when power measured in the English system

is changed to the metric system, the number

of horsepower is multiplied by 746.

Computing Power. Power is equal to the

amount of work done divided by the time re-

quired to do it. The horsepower of an engine

is equal to the amount of work in foot-pounds

done each minute divided by 33,000, or the

amount of work done each second divided by

550. Written as a formula, where F repre-

sents force, D represents distance, and T rep-

resents time, horsepower is expressed thus:

hp =
^ 33,000 X T (min) 550 X T (sec)

Wheels and an inclined plane reduce man’s work. Here carbon is being

loaded for shipment
Robert Yarnall Richie
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As a simple application of this formula, let

us calculate the horsepower required to raise

a loaded elevator having a total weight of

1650 pounds at a rate of 240 feet per minute.

It is convenient to assume that a definite

length of time (T) will elapse and then find

the distance (D) which corresponds to this

time. For this problem, we may allow the

elevator to rise for 1 second; the distance will

then be 4 feet (—\ . We then have
\60/

In this problem we have assumed that there is

no friction and that the elevator rises at a

uniform speed.

STUDY GUIDE

1 . Distinguish between work and power.

2. What are the common units of work?

of power?

3 . How may power be computed ?

Energy

What Is Energy? We have all been urged

to eat something in order that we might have

more energy. Certainly there are times when
each of us feels that a little more energy might

be useful. For, in whatever form we may en-

counter it, energy is the capacity to do work.

The food that we eat contains chemical

energy which is made available in the tissues

of our bodies. This chemicaF energy may be

transformed into mechanical energy by our

muscles. It is then quite evident to us that

this energy is the capacity to do work. Chemi-

cal energy is also possessed by coal, oil, or

other fuels, and this energy may be released

by the burning of the fuels and may be con-

verted into other forms of energy through the

use of suitable devices—called engines.

The wind has the ability to turn a windmill

or move a boat through the water. Flowing
water will turn a water wheel. An engine fly-

wheel will keep the engine turning over

smoothly. A weight may be pushed off the

table and, if properly controlled, will do useful

work while falling. These are but a few of the

many conditions under which we may demon-

strate that energy is the capacity to do work.

Conservation of Energy. There are many
forms of energy, perhaps the most commonly

encountered being heat, light, sound, and me^

chanical energy. Other forms are electricity,

radio waves, chemical energy, and various

less obvious forms, such as X rays and cosmic

rays. The most interesting characteristic of

these forms of energy is the way in which they

change from one form to another.

Sometimes it may seem to us that energy

is destroyed when it is used to do work. For

example, when a man uses muscular (me-

chanical) energy in driving a nail into a board,

it may seem as if that energy no longer ex-

isted. Scientists tell us, however, that energy

can be neither created nor destroyed. In any

case of an apparent creation or destruction of

energy, a careful investigation will disclose

that the energy has merely changed into some
other form of energy. Most of the energy

used by the man in driving the nail was con-

verted into heat, and this is the most common
destiny of mechanical energy.

The law that energy cannot be created or

destroyed is known as the law of the conser-

vation of energy.

Potential Energy. The weight of a pile-

driver has energy which may be obtained by
allowing the weight to drop upon a pile and

thus drive it into the ground. A compressed

spring will do work when released; hence it

possesses energy. In each of these examples

the energy was due to the position of the

object. The pile-driver weight would do no

work if it were resting on the ground, and the

spring would have no energy if it had not been

compressed. Energy which is possessed by an

object because of its position is called poten-

tial energy.

Kinetic Energy. An army-rifle bullet has

energy enough to go through a deer; a stone,

when thrown forcibly against a board, will

make a dent in it; and a ball thrown against

a sidewalk will bounce. If an object has
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energy because it is in motion, it is said to

have kinetic energy. A rifle bullet, after it

leaves the muzzle of the gun, has kinetic en-

ergy because it is capable of doing work.

Any object that hits another while in motion

does work, and the work is derived from the

movement of the first object. Any object in

motion has kinetic energy, which will do work

against any force that resists it.

Objects having potential energy can do no

work until the energy has been changed to

kinetic energy. The weight of a pile-driver

does no work until it moves downward and

strikes against the end of a pile. A com-

pressed spring can do no work until it is re-

leased and moves, thus having its potential

energy changed to kinetic energy.

Transformation of Energy. From this dis-

cussion of types of energy you realize that an

object suspended above the earth has poten-

tial energy. If released, it will fall to the

earth
;
and as it is falling, it will gain in speed

until it strikes the ground. At the instant it

strikes the ground, the object has no potential

energy at all; but on account of the speed it

has acquired in falling, it has kinetic energy.

Thus the potential energy which the object

had when suspended was transformed into

kinetic energy.

Let us consider a ball thrown vertically into

the air (see diagram, p. 148). When it leaves

the hand, it has kinetic energy. As it goes up
in the air, its velocity decreases constantly

until finally the ball stops. At the instant

when it stops, it has lost all its velocity and

kinetic energy, but because of its position in

the air it has potential energy. In this case

kinetic energy was transformed into potential

energy.

The transformation of energy in both these

examples does not involve a sudden shift from

one kind of energy to the other; it is a gradual

change. The potential energy of the sus-

On this water front of New York Harbor, piles are

being driven for the construction of a pier. What

transformations of energy are shown.^ (Photograph

from Ewing Galloway)



pended object was gradually-

changed to kinetic energy as

the object fell to the earth, and

the kinetic energy of the ball

was transformed to potential

energy gradually as the ball

traveled up into the air. This

example makes use of only the

two common forms of mechani-

cal energy—the energies of posi-

tion and motion. During the

entire set of changes the total

amount of energy, potential and

kinetic, remains unchanged.

There are countless useful

applications of man’s ingenuity

in producing and utilizing the

changes of energy from one

form to another. Many of our

convenient laborsaving devices

operate principally through

those conversions of energy

from one form to another which

can be made directly to serve

us. For example, the operation

of modern refrigeration and air-

cooling devices can be analyzed

in terms of energy transforma-

tions. Today we accomplish

swift transportation by land,

sea, and air through the use of

engines which are fundamen-

tally nothing more than complex devices for

the transformation of the chemical energy of

a fuel into heat energy and thence into the

mechanical energy of motion.

Perhaps we are about to learn how to

obtain and utilize the most abundant of all

the forms of energy—the vast storehouse of

energy which is locked within the structure

of every tiny atom. Although this atomic

energy can now be obtained from certain very

scarce and costly materials, there are many
problems to be solved before it can be ob-

tained from cheaper substances. Other prob-

lems are concerned with the means by which

the energy can be controlled and converted

into useful form, such as heat or electricity.
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STUDY GUIDE

1. Define energy. Describe

various forms of energy.

2. State the law of the con-

servation of energy.

3. Distinguish between poten-

tial energy and kinetic energy.

Solids

States of Matter. We are all

familiar with the fact that mat-

ter may be found as a solid, a

liquid, or a gas. These three

conditions are called states of

matter.

A solid, such as a piece of

w'ood, occupies a definite vol-

ume and has a definite shape.

A given amount of liquid, such

as water, also occupies a fixed

volume, but, unlike a solid, it

flows and thus takes the shape

of its container. A gas, such as

oxygen, also is a fluid but dis-

perses throughout a closed con-

tainer or from an open container

spreads out into space. There-

fore a gas has neither a fixed

shape nor volume.

One state of matter may be

converted into another by add-

ing or withdrawing heat. If the temperature

of a solid is sufficiently raised, the melting

point will be reached. The substance will

change into its liquid state, provided that the

substance has not broken down into other

substances as a result of the heat. A further

increase in temperature will raise the liquid

to its boiling point, where it is converted into

the gaseous state. By sufficient cooling, a gas

may be changed into a liquid, and a liquid into

a solid.

Structure of Matter. The fact that the addi-

tion or subtraction of heat energy changes

matter from one state to another suggests that

the real difference between one state and an-

other consists in a difference of energy con-



tent. This is exactly what scientists now be-

lieve. They picture all matter as consisting of

minute particles, called molecules. They con-

ceive of these molecules as in rapid motion, but

each moving only a minute distance before it

strikes another molecule and rebounds.

In a solid the molecules are so closely

packed that the path between them is the

smallest possible. The molecules may even be

so closely arranged that their component

parts, the atoms, may together form a more

or less rigid, latticelike arrangement. This

is probably true in the case of solids which

form crystals (crystalline substances). Other

solids (amorphous substances), however,

show evidence that the molecules do sepa-

rately exist and have a certain amount of

kinetic energy, the energy of motion.

In the case of liquids, which may flow

sluggishly, as molasses, or may be quite

mobile, as water, the average distance be-

tween the molecules must be distinctly greater

and their momentum greater.

Gases represent the state of matter having

the longest average path between molecules

and the highest degree of kinetic energy.

This modern picture of the structure of

matter is known as the kinetic-molecular

theory. It gives the most satisfactory picture

to explain the diverse behavior, which we have

observed and measured, of solids, liquids, and

gases.

Properties of Solids. The appearance of a

substance or the manner in which it acts is

known as its property. It is impossible to

discuss briefly all the properties common to

solids. We shall have to content ourselves

with mentioning a few of the most important

characteristics.

Molecular structure suggests that the in-

dividual particles in any solid may strongly

attract each other. Their degree of nearness

to each other is evidence of this attraction,

which prevents the substance from falling to

pieces as individual molecules. This "holding

together” we call cohesion. Of course not all

Loading blocks of ice which have been cut from a pond in Maine.

What states of matter are shown?
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Brass wire is made by drawing this ductile metal through dies. It is possible

to reduce it to hairlike wire many miles long

solid substances have an equal degree of

cohesion. Some may be torn apart or ground

up with little difficulty; others, however, are

disintegrated only by extreme measures. The
former substances are said to have a low

tenacity, and the latter a high tenacity.

An opposite property to tenacity is duc-

tility. By this we mean that a substance may
be pulled out into a wire. Such metals as

copper and silver are relatively ductile. A
similar property is malleability. This merely

means that a substance may be rolled into

thin sheets, as, for example, gold, which is

highly malleable.

It is important to distinguish adhesion

from cohesion. The latter term refers, as we
have seen, to the holding together of the par-

ticles in any one substance. Adhesion, how-
ever, is a surface phenomenon and refers only

to the close attachment between the surfaces

of two substances. For example, we may
speak of the adhesion between a piece of

paper and glue.

We are all aware that there is a difference

in the hardness of solids. Some, like rubber

and jelly, are extremely soft, while others,

like glass and steel, are hard. It has been

possible to devise a generally recognized scale

of hardness, according to which the hardness

of any substance may be expressed by its

ability to scratch substances of a lower

numerical value, whereas it will not itself be

scratched by substances lower in the scale.

On such a scale diamond has a value of 10,

while chalk has a value of 1.

One of the most important properties of a

solid is its elasticity. Every substance sub-

jected to stress, by a force, undergoes a cer-
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tain amount of distortion, or strain. When
the stress is removed, the substance may
quickly and easily revert to its original shape

and volume. Such a substance we say is elas-

tic, and the phenomenon we call elasticity.

Different substances vary in the extent of

their elasticity, and for each there is a point

of strain from which it will not recover. This

is known as its limit of elasticity.

Density. One of the most important prop-

erties of any solid is its compactness, or

density. Equal volumes of different sub-

stances have different weights, or equal

weights of different substances occupy differ-

ent volumes. A pound of feathers is much
larger in volume than a pound of lead.

Density is expressed by the ratio between

weight and volume. The volume of a regular

solid may perhaps be calculated from its meas-

urements. We may determine the volume of

an irregular solid by measuring the overflow

of water when the irregular solid is immersed

in a container completely full of water.

For purposes of comparison it has been

found convenient to relate the density of any

substance to the density of an equal volume

of water. This figure is known as the specific

gravity. Thus, if the specific gravity of a

solid is 6, we are to understand that any

volume of the substance weighs 6 times as

much as an equal volume of water.

For purposes of calculation it is helpful tc

remember that the density of water is 62.4

pounds per cubic foot, or 1 gram per cubic

centimeter. A cubic foot of gold, having a

specific gravity of 19.3, weighs 1204 pounds.

Friction. In studying the laws of motion,

we learned that the inertia of a body keeps it

at rest or in motion unless the body is acted

upon by a force. It is within the experience

of each of us, however, that moving bodies on

this earth soon come to rest. What is the force

which stops them? The answer is friction.

Friction is the resistance which one sub-

stance offers to the passage of another sub-
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stance. When one solid moves across the

surface of another, the force of friction slows

down the moving object. Liquids and gases

also offer resistance to the passage of objects

through them. If friction is to be overcome,

continued force must be applied to the moving

object.

The amount of friction is dependent upon

the nature of the surfaces and the pressure

of one upon the other. As is well known,

rough surfaces offer greater resistance than

smooth, and a heavy object meets with greater

resistance than a light one. In order to reduce

the friction between moving parts of machin-

ery, we use a lubricating oil, which spreads a

thin film between the metal parts. The fric-

tion between the metal and the oil is much
less than the friction between the two metals.

Frequently scientists and engineers dis-

tinguish between starting friction, sliding fric-

tion, and rolling friction. The friction which

must be overcome in starting a body in motion

is greater than the so-called sliding friction

between two surfaces which are already slid-

ing across each other. Rolling friction, found

when a wheel or ball rolls across another sur-

face, is still less. Use is made of this when

moving parts of machinery are mounted on

ball bearings.

Friction results in a loss of energy by the

moving body. Kinetic energy is converted

into heat. In the case of machines, as we shall

see in the next chapter, this loss may prove

serious, resulting in a decrease of efficiency

and making necessary the application of more

energy to secure a certain output than would

otherwise be required.

STUDY GUIDE

1. In what respects do the three states of

matter differ from each other?

2. Describe the kinetic-molecular theory.

3. Name the properties of some common
substances.

4. Define cohesion, adhesion, tenacity,

ductility, malleability, hardness, elasticity,

limit of elasticity. Give examples of each.

5. What is density? How is it expressed?

6. What is the meaning of specific gravity?

7. What are the different kinds of friction?

Liquids

Liquids in Motion. Liquids, like solids, are

put in motion only by the action of some force.

This force may be a pump, or it may be the

force of gravity, as when water is pulled from

a high level on the surface of the earth to a

lower level. Such falling water has the capac-

ity to do work. Its potential energy, due to

position, is changed into kinetic energy, the

amount of which is dependent upon the weight

of water falling and the height of fall. The
falls of great rivers have been harnessed so

that the energy of rapidly moving water may
be converted by water wheels or by turbines

into electrical energy. These falls are among
man’s valuable natural resources.

Not all moving liquid is so spectacular as

moving water or moves so freely. Some
liquids move sluggishly. The internal re-

sistance to free flow we call viscosity. Thus

we speak of the high viscosity of molasses

or say that it is viscous. Viscosity is some-

times spoken of as internal friction, the fric-

tion of the molecules against each other.

Pressure in Liquids. But what about force

applied to liquids held within a container so

that flow is impossible? Unlike gases, liquids

are highly incompressible; their volume does

not diminish appreciably even under very

considerable forces. We find that a force

applied to a liquid is transmitted undimin-

ished to every equal area of the containing

vessel. A force of 15 pounds exerted on each

square inch of a piston will be transmitted to

every square inch of the cyclinder. A force

applied to a unit of area is called a pressure.

This principle of the transmission of pres-

sure to equal areas is known as Pascal’s law.

Application of this law is found in such de-

vices as the hydraulic press and the hydraulic

elevator, of which mention will be made ip

the next chapter.
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, Buoyancy. It is common knowledge that

some objects sink in a liquid, such as water,

I while other objects float. The explanation is

;
simple. Any solid body immersed in a liquid

will tend to be pushed up by a force that

is equal to the volume of the object times the

density of the liquid which it displaces. This

lifting effect is called buoyancy. If the weight

of the object is greater than the buoyant

effect, of course the object will sink; but if,

on the other hand, the object weighs less than

the buoyant effect, then the unbalanced pres-

sure will cause the object to float.

A floating body displaces its weight of the

liquid. It will sink into the liquid until the

buoyant effect of the liquid just equals the

weight. This principle was long ago discov-

ered by the Greek scientist Archimedes.

It is needless to point out that applications

of Archimedes’ principle are to be seen in all

kinds of ships. A steel boat, for example, will

not sink, though steel is denser than water,

because it is so shaped that the displaced

water balances both ship and cargo.

Specific Gravity of Liquids. There are a

number of methods available for determining

the density or, by comparison with water,

the specific gravity of a liquid. These include

direct determination of weight and volume

and also methods making use of Archimedes’

principle. One of the most common methods,

and most frequently used technically, is de-

termination by a hydrometer.

A hydrometer is an instrument consisting

of a bulb and a graduated stem. The instru-

ment floats in a liquid contained in a cylin-

der, and the mark on the stem at the level

to which the instrument sinks gives the

specific gravity.

A hydrometer with a scale especially de-

vised for indicating the amount of butterfat

in milk is used by milk-inspectors and by

dairies. A hydrometer is also used when one

wishes to determine the specific gravity of

sulfuric acid in a storage battery in order to

determine whether the battery needs re-

charging.

Surface Tension. The cohesion of solid par-

ticles has already been mentioned. Obviously,

in the case of liquids, cohesion is greatly

diminished. We do see, however, evidences

of it in the case of soap bubbles and also in

the general tendency of water to fall in drops.

Inasmuch as the surface molecules of a

liquid are acted upon by the molecules be-

neath the surface, there is tension on the sur-

face film. This we call surface tension. The

results of it may be noticed very readily by

the slightly curved surface of a liquid in a

tube of small bore, a so-called capillary tube.

If the liquid is one which wets the wall of the

capillary tube, we find that the liquid is pulled

upward on the surface of the tube, giving it a

U shape. On the other hand, if the liquid is

one which does not wet the sides of the tube

(such a liquid as mercury), then the liquid

next to the tube is lower and at the middle

is higher. In other words, we have an in-

verted U-shaped surface. (See diagram,

p. 154.)

Use of the hydrometer; measuring the specific gravity

of the acid in a storage battery to see if it needs

to be charged

Willard Stnrasre Battery Company



If the bore of a tube is very small or if any

two surfaces are close together, then a liquid

may rise between the surfaces for a consid-

erable distance. This is called capillarity. It

is through the phenomenon of capillarity that

water may rise from the water table up

through closely packed soil. Capillarity also

probably performs some function in the rise

of sap through trees.

STUDY GUIDE

1. What energy conversion takes place

when falling water is used to move water

wheels or turbines? What determines the

amount of energy?

2. State Pascal’s law.

3. Explain the cause of buoyancy. State

Archimedes’ principle.

4. Describe the use of a hydrometer.

5. What is surface tension? capillarity?

Gases

Compressibility. As we have already noted,

one of the most significant facts about gases

is the relatively large average distance be-

tween their molecules. The molecules spread

out, or diffuse, in all directions. Similarly, if

contained in a closed space, as within a cylin-

der, they may be compressed, or pushed to-

gether.

As discovered by Boyle in the seventeenth

century, there is a fixed relationship between

the pressure applied to a gas and the volume
resulting. If the pressure is doubled, say from

15 pounds per square inch to 30 pounds per

square inch, then the volume is halved. Such

a relationship, in which an increase in one fac-

tor results in a proportional decrease in an-

other, is said to be an inverse relationship,

and the two quantities are said to be inversely

proportional to each other. Thus Boyle’s law

may be expressed as follows: The volume of a

gas is inversely proportional to its pressure.

In the application of this law it is important

to remember that the temperature throughout

the change must remain the same.

If the temperature of a gas changes, there

is a change in the volume. An increase in tem-

perature increases the kinetic energy of the

molecules; they vibrate more rapidly, and

either the volume increases, or, if the volume

remains the same, the pressure increases.

Similarly a decrease in temperature reduces

the volume. These relationships have been ex-

pressed mathematically in the law of Charles.

Boyle’s law and Charles’s law are some-

times referred to as the gas laws.

Weight of Air. It was early observed that

water could be pumped up through a pipe, by

the ordinary lift pump, to a height not greater

than 32 feet. As we have learned (p. 104),

the explanation of this was given by the

Italian scientist Torricelli, in the seventeenth

century. He showed that the water column

secured by pumping was made possible only

by the pressure of the air. In other words,

balancing columns of water and air resulted.

The air column at sea level exerts a pressure

of approximately 1 5 pounds per square inch.

This pressure will, of course, sustain only

smaller columns of heavier liquids than water.

Thus it will hold up only about 76 centi-

meters, or 30 inches, of mercury.

In measuring the amount of atmospheric

pressure it is convenient to use a mercury

column. This gives us the common, or mer-

cury, barometer.

For many purposes the aneroid barometer

is even more convenient; it consists of a metal

case from which the air has been withdrawn.

The face of this evacuated, or vacuum-
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containing, case is variably pressed in by the

changing air pressure. Such bending of the

face causes a dial needle to indicate on a scale

the amount of air pressure.

While atmospheric pressure is commonly
expressed in terms of inches or centimeters of

mercury, meteorologists now frequently ex-

press it in millibars. A millibar is a thou-

sandth of a bar, and a bar is equal to 29.53

inches of mercury.

Buoyancy of Air. Just as solids immersed

in a liquid are buoyed up, so, as we should

expect, gases buoy up solids immersed in

them. The principle of Archimedes applies

here also. A body in the air, such as a balloon,

is pushed upon by the pressure of the air both

at the top and at the bottom. But the pressure

of the air at the bottom is greater by an

amount which equals the weight of the air

displaced. If the balloon, with its load, weighs

more than that, it will sink; if it weighs less,

it will rise.

Obviously the lighter the gas, the greater is

the difference between its weight and that of

an equal volume of air; therefore the greater

is the buoyancy. Hydrogen is the lightest of

all gases, but, because it is inflammable,

helium, which is not much heavier, is used in

dirigibles when available.

It is possible to cause a balloon to rise by
throwing out ballast and to cause it to sink by
allowing some of the gas to escape.

Liquefaction of Gases. As has been indi-

cated, gases may be converted into liquids by
bringing the molecules closer together through

a sufficient decrease in temperature. In

practice, to bring about this liquefaction,

pressure, which also brings the molecules close

together, is applied. But each gas must be

lowered to a certain temperature before any

pressure will be sufficient to liquefy it. This

temperature is called the critical temperature

of the gas. And the pressure which will

liquefy the gas at its critical temperature is

called the critical pressure.

Liquefied gases are frequently supplied in

steel cylinders for various industrial pur-

Richie for Clark Bros.

These compressors build up a pressure of 35,000 pounds

in the conversion of natural gas into liquid gasoline

poses. For example, chlorine gas is liquefied

for distribution to waterworks for the puri-

fication of the water.

When the pressure on liquefied gas is re-

leased, it very rapidly evaporates, and this

rapid evaporation causes an equally rapid de-

crease in temperature. In the case of liquid

carbon dioxide the drop in temperature is suf-

ficient to solidify some of the liquid carbon

dioxide, and we thus secure solid carbon di-

oxide, or "Dry Ice” (see illustration, p. 156).

STUDY GUIDE

1. Why may gases be compressed?,

2. State Boyle’s law. Explain.

3. What is the relationship between tem-

perature and the volume of gases?

4. What is the principle of the mercury

barometer? the aneroid barometer?

5. Why do balloons rise?

6. Under what conditions may gases be

liquefied?
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or solid carbon dioxide. What is

IMPORTANT THINGS IN THIS CHAPTER

Matter is that which occupies space and

has weight.

Velocity is the rate of motion in a specified

direction. Acceleration is the rate of change

in velocity.

Force is a push or a pull; it is that which

gives to a mass an acceleration. It is com-

monly measured in weight units.

Forces acting on an object are in equi-

librium when the object does not move.

The resultant of two or more forces acting

on an object is a single force which would

have the same effect as the group of forces.

The single force which is equal to the re-

sultant of a group of forces but is opposite

in direction is the equilibrant.

The effect of one force along different direc-

tions may be determined by finding that group

of forces which will give the single force as a

resultant. These forces are called the compo-

nents of the single force.

The center of gravity of an object is that

point where the attraction of the earth for the

entire body may be considered as acting.

When the center of gravity of an object is

above the base, the object is in stable equi-

librium; when it is not above the base, the

object is in unstable equilibrium. A sphere,

or a cylinder on its side, is in neutral equi-

librium.

According to the first law of motion, every

body continues in a state of rest or of uniform

motion in a straight line unless it is acted upon

by some outside force. The resistance to

change of position or of motion is known as

inertia.

According to the second law of motion,

acceleration is directly proportional to the

force applied and is inversely proportional to

the mass of the object.



According to the third law of motion, every

action, or force, is accompanied by an equal

and opposite reaction, or force.

Centrifugal force results in a tendency of

the parts of a whirling object to move away
from the center of rotation. Centripetal force

is the opposite of centrifugal force.

When motion is given to a mass, it has mo-

mentum.

A falling body increases its speed each sec-

ond by approximately 32 feet per second.

Work is equal to a force multiplied by the

distance through which it acts. Power is the

rate of work. One horsepower equals 33,000

foot-pounds per minute, or 550 foot-pounds

per second.

One horsepower equals 746 watts.

Energy is the capacity to do work. Energy

cannot be created or destroyed. Energy may
be transformed from one kind to another.

The three states of matter are solid, liquid,

and gaseous. According to the kinetic-

molecular theory, gases and liquids and many
solids consist of molecules in motion.

Pascal’s law describes the effect of pres-

sure in liquids, and Archimedes’ principle de-

scribes the effect of buoyancy.

Friction is a resistance offered by one sub-

stance to the motion of another substance.

The volume of a gas is inversely propor-

tional to pressure. The volume of a gas in-

creases with a rise in temperature and de-

creases with a fall in temperature.

Among the properties of solids are cohesion,

adhesion, ductility, malleability, hardness,

elasticity, and density.

Among the properties of hq^ds are viscos-

ity, surface tension, and capillarity.

AFTER YOU FINISH THIS CHAPTER

1

.

Represent graphically the resultant, the

equilibrant, and the component in a north-

v/esterly direction of two forces acting on a

point. One force of 10 pounds acts in a north-

erly direction, and the other force of 20

pounds acts in a westerly direction.

2. What will be the actual velocity of a

boat being rowed straight across a river, at

the rate of 4 miles per hour, if the stream is

flowing at the rate of 9 miles per hour?

3. Draw a diagram showing a 10-pound

force acting on a point in a northeasterly

direction.

4. What would be the resultant of a 50-

pound force acting east and a 20-pound force

acting west on the same object?

5. Represent graphically the component

in a northerly direction of a 100-pound force

acting in a northwesterly direction.

6. Find the exact size of the equilibrant

of two forces acting on a point, one of 10

pounds acting north and one of 5 pounds act-

ing west.

7. List examples of stable and unstable

equilibrium.

8. Describe examples of centrifugal and

centripetal force.

9. Describe how the stability of an object

may be increased.

10.

List examples of both kinetic and poten-

tial energy.

LEISURE-TIME ACTIVITIES

1 . Watch for and make a list of places

where ropes, wires, or cables are subjected

to greater strains than the forces acting on

them would produce if these forces were act-

ing parallel to the ropes, wires, or cables.

2. Make a study of different automobiles

to determine which has the greatest stability.

3. Make a diagram of the forces on a

bicycle to show how a downward force on a

pedal causes the bicycle to move forward.

4. Show how the downward pull of gravity

will cause an airplane to move forward.

5. Use a level and a yardstick to find out

how many inches your highways are banked

on curves.

6. Make a toy boat which you can stabilize

with a small gyroscope.
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8 OUR MECHANICAL HELPERS

How We Use Machines

Machines. The beauty of nature has always

made a strong appeal to man
;
yet he is more

than an admirer of nature’s wonders—he is

also a creator. His inventive genius has been

exercised in the making of many machines.

Simple at first, these tools to aid man in his

hand labor and hunting have advanced

through the centuries to the highly compli-

cated machinery produced by expert workers

today. In ancient times man did all his work

with his hands. Gradually he learned to make

and use tools and machines which enabled

him to do his work more easily and to accom-

plish tasks that would otherwise have been

impossible.

Before we can understand how to get the

most out of machines in this mechanical age,

we must learn some of the fundamental laws

upon which all machines operate. These

fundamental principles are the means which

will help us to plan additional uses for the

machines which we already have, and to de-

velop new machines for tasks which cannot

be done successfully by the old ones.

When we speak of machines, most of us

think of automobiles, airplanes, locomotives,

or other complex devices. Actually, each of

these large devices consists of a combination

of a great many smaller and simpler machines.

In order that we may observe and understand

the basic scientific laws by which all machines

must operate, we will first consider the most

elementary forms of the mechanical helpers.

These have become so much a part of our

lives that we can hardly imagine what it would

be like to be without them.

The history of civilization can be traced

down through the ages by a study of the grad-

ual increase of man’s use of machines. The
Stone Age, the Bronze Age, and the Iron Age
are our names for early periods when man
made his tools and machines of these simple

materials; but today we use these materials

and many other manufactured products with

which to build our huge and efficient ma-

chinery.

Principal Uses of Machines. A machine is

anything which is used to do work by apply-

ing force in a way useful to man. Machines

have five fundamental uses.

1. Some Increase Speed. Some machines

are built to increase speed. A bicycle enables

one to travel rapidly with no increase in the

rate of leg movements, or a knitting machine

makes it possible for a person to knit several

sweaters in one day. The common egg-beater

makes it possible for a person to beat eggs

with relatively few movements of the hand.

A similar device, using an increase of velocity,

is the small crank drill found in every home
workshop. Speed may be increased through

the use of chains and sprockets (as in the

bicycle) or by means of belts and pulleys.

2. Some Decrease Speed. Speed may be de-

creased by the use of certain machines. The
transmission of an automobile contains a

series of gear wheels which, when set in a cer-

tain way, reduce the speed of the drive shaft

in comparison with the speed of the engine.

3. Some Increase Force. Often machines

are used to increase force. A man cannot lift

a corner of even a small house without some

means of increasing, or multiplying, the force

he can exert; but by using a jackscrew he can

multiply this force so that he can lift a stone

house or other large masses. The valve in the

faucet over the kitchen sink is used to increase

force and decrease speed.

A machine that is used to increase force

always decreases speed, and similarly a ma-

chine that increases speed decreases the

Cables spinning off this electrically driven drum demon-

strate the transformation of electrical energy into

mechanical energy. The motors develop 875 horsepowe

operate a power shovel as big as a kitchen, and moveacarloa

of earth each fifty seconds. (Richie for Fortune Magazine
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amount of force. A man, when lifting an auto-

mobile with a jack, operates the jack handle

through many times the distance that the car

is raised
;
and a boy, in riding a bicycle, pushes

on the pedals with a much greater force than

would be necessary in taking a step.

4. Some Change the Direction oj Force.

Sometimes it is more convenient to apply

force in a direction opposite to that of the re-

quired motion. For example, to lift a flag to

the top of a pole it is easier to pull down on a

rope than it is to climb the pole and pull the

flag up to the top. In this case a single fixed

pulley is the machine that changes the direc-

tion of the force. Likewise it is more con-

venient to have a weight, attached to a pulley,

help to raise a dumb-waiter from the base-

ment to the kitchen than it would be for a
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person to pull it up by lifting on a rope at'

tached to it.

5. Some Change Energy jrom One Form
into Another Form. Among our natural re-

sources we find many forms of energy which

are of little value as found. For example, in

regions of mountains and hills the energy of

moving water is of little practical value to

man. These streams, however, may be used

to turn water wheels which operate electric

generators. This electrical energy is useful

because it may be transmitted over long dis-

tances and converted into other forms of

energy to serve us in many ways.

Work Equals Work. It sometimes seems as

though certain machines were creating en-

ergy, but a careful examination of these ma-
chines will always reveal some outside source



of energy. When a machine, like the washing

machine, is in operation, it is both receiving

and transmitting energy; and, according to

the law of the conservation of energy, the

amount of energy received equals the amount

transmitted by the machine plus the friction

losses.

The energy received and transmitted by a

machine is in the form of mechanical work.

Work is equal to the applied force multiplied

by the distance which the machine moves

(force X distance). The force applied to a

machine multiplied by the distance which it

moves must equal the force produced by the

machine multiplied by the distance it moves.

We may express this in the form of an equa-

In other words, effort multiplied by distance

equals resistance multiplied by distance.

For example, a man might use a lever to

lift a 1-ton stone (see diagram below). If he

applied a force of 200 pounds on the lever

handle and moved the stone a distance of

3 inches, his hands would move 30 inches,

since 30 X 200 = 3 X 2000. In terms of foot-

pounds the man has done 2.5 X 200, or 500,

foot-pounds of work on the lever. The lever,

in turn, did .25 X 2000, or 500, foot-pounds

of work.

Describing Machines. To understand ma-
chinery one needs to know some special terms

and their meanings.

Resistance. Resistance is the force which

an object exerts against any other force which

is acting on it. If a man attempts to lift a

200-pound weight, the weight exerts a re-

sistance of 200 pounds.

Effort. Effort is a force which is used to

overcome resistance. We speak of the effort

necessary to move a given weight (for ex-

ample, a piano) or the effort which a machine

must exert in order to do a given amount of

work.

Resistance Distance. This term refers to

distance through which a resistance moves
when it is acted on by an effort great enough

to move it, or, in other words, resistance dis-

tance is the distance the resistance moves.

Effort Distance. This phrase is used in

referring to the distance through which an

effort moves when it acts on a resistance which

it is capable of moving, or, in other words, it

is the distance the effort moves.

The following symbols may be used for

these four terms: resistance, R\ effort, E\

resistance distance, Sr
;
effort distance, Se.

Mechanical Advantage. This phrase is used

to refer to the number of times a machine

increases the force which is applied to it. If

by using a machine a man is able to lift a

1000-pound safe with a force of 100 pounds,

we say that the machine has a mechanical ad-

vantage of 1000 -f- 100, or 10. In other words,

the machine has multiplied the man’s force 10

times. If a jack is used to raise an automo-

bile 5 inches, and in doing this the handle

moves through a total distance of 100 inches,

the mechanical advantage of the jack is

100 5, or 20. If a 5-pound force on a pair

of shears produces a cutting force of 1 pound

at the point of the shears, the mechanical

advantage of the shears is 1 5, or .2.

At times two or more machines are coupled

together in order to do certain tasks. For ex-

ample, two separate pulley systems may be



attached together to lift a large weight. In

computing the mechanical advantage of any

combination of machines, the mechanical ad-

vantage of each machine is computed first,

and then they are multiplied together. In the

diagram above the mechanical advantage of

the upper set of pulleys is 4, and that of the

lower set of pulleys is 5. The total mechanical

advantage is therefore 4 X 5, or 20.

Efficiency. This term is used for the amount

of work which is actually done by a machine

when a given force is acting on it. It is the

percentage of the work exerted which proves

useful. The remainder of the work is wasted

by friction.

There is no machine in existence that will

do an amount of work equal to the work done

on it; that is, the work going into a machine

always exceeds the work accomplished by the

machine. Some pieces of machinery, like a

common jackscrew, have a very low effi-

ciency; 200 foot-pounds of work through a

jackscrew sometimes produces as little as 20

foot-pounds of useful work. Other machines,

like the simple lever, have a very high

efficiency because they are very nearly fric-

tionless; 20 foot-pounds of work through a
lever may produce more than 19.99 foot-

pounds of useful work.

Efficiency is measured in percentage. A
machine that will accomplish 90 foot-pounds

of work when 300 foot-pounds of work is put

into it has an efficiency of 90 -f- 300, or .30,

or 30 per cent.

In order to keep machines operating at

their highest efficiency they must be properly

cared for. Every machine has certain definite

requirements in the way of proper care, and

all of them require some care in order to keep

them operating at their best. Machines which

have moving parts, such as the bearings and

sliding joints in a sewing machine, must be

constantly lubricated. Those moving parts

which are subject to wear must be adjusted

frequently. An accumulation of rust and dirt

on a machine often reduces its efficiency.

There is almost no end to the care and adjust-

ment necessary on a highly complicated ma-
chine like an airplane or an automobile. We
all know from experience that the electrical

parts of an automobile engine must be kept

clean and dry; the water-cooling system oper-

ates better if rust is removed from it periodi-

cally; the oil in the crankcase has to be

changed at regular intervals. Even after an

automobile-owner has given all this care and

adjustment to his machine, he generally has

an expert mechanic examine it and adjust

various parts occasionally.

STUDY GUIDE

1. What is a machine?

2. Give the principal uses of machines.

3. Define resistance, effort, resistance dis-

tance, and effort distance.

4. What is the meaning of mechanical ad-

vantage? of efficiency?

5. Why do some people’s automobiles age

more quickly than those of others, even

though there may be no appreciable difference

in the number of miles that their cars are

run?
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Levers of the first class Single fixed pulley

Simple Machines

The Two Types. In general, there are only-

two types of simple machines: the lever and

the inclined plane. Included in the lever type

of simple machines we find

1. Levers of the first class

2. Levers of the second class

3. Levers of the third class

4. Pulleys

5. Wheel and axle

6. Gears

7. Sprocket wheels

8. Belt pulleys

Included in the inclined-plane type of simple

machines are

1. Gangplank or skidway

2. Screw

3. Wedge

Some machines are made of a combination

of two or more simple machines. In studying

any particular machine the student must first

determine whether it is one simple machine or

a combination of more than one kind of ma-

chine. If it does involve two or more

machines, each one must be considered sepa-

rately.

Levers. This proposition of Archimedes,

the famous Greek mathematician, serves well

to indicate the "world-moving” power of the

lever:

Give me a lever long enough

And a prop strong enough,

I can singlehanded move the world.

A lever is a rigid object arranged to turn on

a fixed support, which is called the lever’s

fulcrum {F). That part of the lever extend-

ing between the fulcrum and the point at

which the effort is applied is known as the

e§ort arm; that part which extends between

the fulcrum and the point at which the resist-

ance is placed is called the resistance arm.

In diagram A above, F is the fulcrum, R is

the resistance, E is the effort, that part of



Lever of the second class

the lever between R and F is the resistance

arm, and that part between E and F is the

effort arm. Locate these parts as they are

found in an ordinary pair of scissors.

The mechanical advantage of a lever is

computed by dividing the length of the effort

arm by the length of the resistance arm, or by

dividing the distance through which the effort

moves by the distance through which the re-

sistance moves. The mechanical advantage of

the lever shown in A on page 163 is 2 be-

cause 10-^5 = 2,or4-^2 = 2. If friction is

not considered, this mechanical advantage

(abbreviated M.A.) may be found by divid-

ing the resistance by the effort. Thus for

the lever shown in diagram B on page 163

M.A. = 100-50, or 2.

If a lever like B shown on page 163 is

used to lift a 1000-pound safe 2 feet into the

air, a force of 500 pounds will have to act on

the end of the effort arm through a distance of

4 feet. This illustrates the law of levers, which

states that the distance a lever moves a re-

sistance multiplied by the size of the resist-

ance is always equal to the distance the effort

moves multiplied by the size of the effort.

Levers of the First Class. All levers of the

first class have the fulcrum between the effort

and the resistance. Examples of levers of the

first class are pliers, shears, snips, seesaws,

pump handles, and a hammer when used to

pull nails. The illustration on page 163 shows

a hammer being used as a lever of the first

class to pull a nail.

Depending on the location of the fulcrum

in relation to the effort and the resistance, the

mechanical advantage of levers of the first

class may be either greater or less than 1.

If the effort arm is longer than the resistance

arm, the mechanical advantage is greater than

1 ;
but if the resistance arm is longer than the

effort arm, the mechanical advantage is less

than 1.

Levers of the Second Class. All levers of

the second class have their resistance between

the fulcrum and the effort. Examples of levers

of this class are wheelbarrows, nutcrackers,

and windlass handles. Study the diagram of

the wheelbarrow. The mechanical advantage

of levers of the second class is always greater

than 1 because the effort arm is always longer

than the resistance arm.

Levers of the Third Class. Levers of the

third class always have their effort between

the fulcrum and the resistance. Examples of

Levers of the third class

Fulcrum

Fulcrum
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Robert Yarnall Richie

This power-driven shovel operates on the principle of a third-class lever

such levers are shovels, brooms, garden

rakes, hoes, and fish poles. Note the positions

of the fulcrum, resistance, and effort in dia-

grams A and B on page 164. The mechanical

advantage of levers of the third class is always

less than 1 because the effort arm is always

shorter than the resistance arm.

Pulleys. A single fixed pulley, like that

shown on page 163, is simply a "continuous”

lever of the first class with resistance and

effort arms of equal length and a mechanical

advantage of 1. The distance through which

the effort and resistance of the lever can move

is limited by the length of the lever, while the

distance that the resistance and effort of the

pulley system can move is limited only by

the length of the rope used. As the rope is

pulled over it, the pulley rotates; but the

effort, resistance, and fulcrum points serve

either to make possible tasks that would
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otherwise be impracticable (like raising a flag

to the top of a flagpole) or to change the di-

rection of application of a force in order to

make work more convenient. A horse lifting

hay into a barn pulls on a rope which runs

through three single fixed pulleys, as shown

below. The horse has to pull along the

ground, but the pulleys change the direction

of the pull so that the hay is lifted up.

A single movable pulley, like that shown on

page 167, is simply a lever of the second class

with a mechanical advantage of 2. The re-

sistance arm is just one-half as long as the

effort arm. A single movable pulley, like a

single fixed pulley, is a continuous lever.

These pulleys are used for moving a resistance

through a greater distance than a lever of the

second class would be able to move the re-

sistance; but sometimes these pulleys are

used simply to make work more convenient.

Block and Tackle. A block and tackle is a

group of fixed and movable pulleys arranged

in such a way as to increase the mechanical

advantage. Two such pulley systems are

shown on this page. The block and tackle A
has a mechanical advantage of 2 because it

has a single movable pulley with a mechanical

advantage of 2 and a single fixed pulley with

a mechanical advantage of 1, and 1X2 = 2.

Block and tackle B has a mechanical advan-

tage of 5. In computing the mechanical ad-

vantage of this block and tackle, the mechan-

ical advantages of all the moving pulleys and

fixed pulleys are multiplied together, and to

this product 1 is added. Thus (2X2X1X1
XI)-}-

1

= 5. The reason for adding 1 is

that the middle rope in the diagram is sup-

porting a part of the weight, and this part

is not accounted for when the mechanical

advantages of all the pulleys are multiplied

together.

A quick way of determining the mechanical

advantage of any block and tackle is to count

the number of strands of rope supporting the

weight being lifted. This number is always

the same as the mechanical advantage of the

pulley system.

Wheel and Axle. The wheel and axle may
be considered a continuous lever of the first

class. The radius of the wheel is the effort

arm, and the radius of the axle is the resist-
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ance arm. The illustration above shows a

wheel and axle and a lever of the first class,

with equal mechanical advantages. The ropes

which attach the effort and the resistance to

the machine are wound around the wheel and

the axle in opposite directions. When a wheel

and axle is operated, the effort causes the

wheel to rotate and the rope on the wheel to be

unwound. As the wheel rotates, the axle,

which is fixed solidly to the wheel, also

rotates; but the rope is wound up on the

axle, causing the resistance, usually a weight

of some kind, to be lifted. The mechanical

advantage of a wheel and axle is computed by

using the radius of the wheel as the effort arm
and the radius of the axle as the resistance

arm.

A machine very similar to the wheel and

axle is the windlass (p. 168). A windlass has

a handle, whereas the wheel and axle has a

wheel. A windlass is often used in lifting dirt

out of a hole where a well is being dug or in

lifting a heavy object. The mechanical advan-

tage of a windlass is obtained by dividing the

length of its handle by the radius of the drum

upon which the rope is wound.

Gears. For hundreds of years gear wheels

have been used as a means of obtaining an

increase in force. At first these simple ma-

chines consisted of wooden wheels with pegs

The wheel-and-axle principle may have been used first by a prehistoric farmer.

It is still used today in a thousand and one ways
Robert Yarnall Richie



driven into their rims. Many ancient tribes in

the Far East used large wooden gears of this

type to turn bucket wheels for the purpose of

obtaining water to use in irrigating their

crops.

A little later gear wheels were made of

bronze, while today we find them made of

many different kinds of material, including

steel, paper, wood, and brass. The type of

material used in making a gear wheel is gov-

erned by the use to which the wheel is to be

put.

Gear wheels may be considered as levers

of the first class, for they work together to

produce an increase in power or an increase

in speed, or to change the direction of rota-

tion. The upper left diagram on page 169

shows two gear wheels working together and

two levers working together. The gears and

the levers have the same mechanical advan-

tage because the lengths of the levers are equal

to the diameters of the wheels. Gear wheels

are continuous levers working together. To
compute the mechanical advantage of gear

wheels, we divide the number of cogs on the

wheel which is being driven by the number of

cogs on the driving gear wheel, which is the

wheel attached to the motive power of the

machine. For example, a driving gear wheel

having 20 cogs operating a driven gear wheel

with 40 cogs would give a mechanical advan-

tage of 40 20, or 2.

If it is not convenient to count the number
of cogs on the gears, the mechanical advan-

Windlass

tage can be computed by dividing the diameter

or radius of the driven gear by the diameter

or radius of the driving gear. As is shown in

the lower right diagram on page 169, the

radius of a gear wheel is the distance from the

center of the wheel to a point one half the

length of one of the gear teeth beyond the rim

of the solid part of the gear. The diameter is,

of course, equal to twice the radius.

Gear wheels are sometimes used between

other gear wheels to transfer the energy from

one wheel to another without increasing or de-

creasing either the power or the speed. These

gears (No. 2, lower left diagram, p. 169) are

known as idler gears. In computing the me-

chanical advantage of a series of gear wheels,

all idler gears are ignored.

The use of the common gear wheel, which

we all are accustomed to see on machines, is

a very noisy method of transferring power.

As the gear wheels rotate, the cogs on the driv-

ing gear suddenly come in contact with the

cogs on the driven gear. The whole length of

the driving cog slaps against the entire length

of the driven cog, producing a grinding noise

as the cogs rapidly mesh with each other.

If you examine two large gears as they turn

slowly, you will be able to see that one tooth

does not simply push against a tooth on the

opposite gear, but slides over the surface of the

other tooth. The sliding motion is the cause

of most of the wear. If gear teeth only pushed

against the other teeth, they would not wear

out so rapidly or use so much oil.

Recently there has been developed a new
type of gear wheel which is much quieter than

the ordinary gears. This new type is called a

helical gear. It is used in automobile trans-

missions and differentials to make them turn

more quietly.

Train of Gears. A train of several gears is

sometimes used in place of two or three large

gears. So far as the mechanical advantage or

the change of speed is concerned, these trains

of gears have no advantage over one or two

larger gears, but they are Used at times to

save space, as in an automobile transmission.
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These gear trains consist of several pairs of

gears operating on each other as shown in

the upper right diagram on this page.

The operation may be explained in this

way: The gear wheel A is fastened securely

to B, and C is fastened securely to D. If a

train of gears is used to increase the mechani-

cal advantage or decrease the speed of a ma-
chine, the power is applied on the drum B to

do work applied to the axle F. There is a me-

chanical advantage between the gears A and

D, between the gears C and E, and also be-

tween the drum B and the axle F. To com-

pute the mechanical advantage of the whole

apparatus working together, we substitute the

proper figures in the following formula

:

M.A.
circumference of B cogs in D
circumference of F cogs in A

^
cogs in E
cogs in C

Automobile Transmission. In order that

automobiles may go up steep hills or travel

at varying rates on level roads, they have a

mechanism which is called a transmission.

This device consists of a metal box containing

several gear wheels on three separate shafts.

Those gear wheels which at any one time are

operating together, or which, technically

speaking, are "in mesh,” determine the speed

of the automobile in comparison with the

speed of its engine.

Two important modifications have been

made in transmissions in order to do away
with gear noise, or clashing, when a person

quickly shifts gears. One of these is known
as "synchromesh.” This type of mesh has

small automatic brakes in the transmission

which quickly bring the gears to the same

speed as that to which the driver shifts. Thus
the teeth can be brought into mesh without

clashing against each other.
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The other type of transmission is known

as "constant mesh” because the gears are al-

ways in mesh. The power is shifted from one

gear to the next by moving "dogs,” or splints,

on the shaft. A careless person can clash these

dogs, but they are not nearly so likely to make

a noise as are the gears in an old-fashioned

transmission.

Automobile Differential. The differential of

an automobile is a system of gear wheels of

special shape and design which transmits the

power from the drive shaft to the wheels,

while at the same time it allows one of the

wheels to go faster than the other. This sys-

tem of gears is necessary to prevent one tire

from slipping when the automobile turns a

corner, as it would if a solid axle were used.

The cutaway diagram below shows the

drive shaft, the drive-shaft gear, the two

axles X and Y, the ring gear with its frame,

and two of the pinion gears.

Power from the automobile engine is

applied to the drive shaft to turn it. The
drive-shaft gear turns the ring gear. The
pinion gears have their bearings in the frame

of the ring gear. Accordingly, when the ring

gear turns, the pinion gears move with it.

These gears are in mesh with the gears on the

two axles; consequently, when the ring gear

turns, the axles turn with it.

When an automobile goes around a turn in

the road, the wheels on the outside of the turn

revolve faster than those on the inside. The

gear on the end of one axle moves faster than

the one on the other axle. This is made pos-

sible by the turning of the pinion gears in their

bearings. A careful study of the diagram or a

cutaway model of a differential will help to

make this last statement clear.

The ring gear of a differential is larger than

the gear on the end of the drive shaft; conse-

quently there is always a mechanical advan-

tage between them. We sometimes hear

people speak of the "gear ratio” of an auto-

mobile. By that phrase they mean the me-

chanical advantage between the ring gear and

the drive-shaft gear in the differential.

Sprocket Wheels. In transferring power

from one part of a machine to another, it is

sometimes more convenient to use sprocket

wheels and chains rather than gear wheels.

An example of this method is found in the

bicycle (see diagram above), where sprocket

wheels and a chain are used to transfer the

power from the pedals to the rear wheel. The
chain on a sprocket-wheel system acts in ex-

actly the same manner as an idler gear in a

gear-wheel system. The mechanical advan-

tage of a sprocket-wheel system is computed

in exactly the same way as that of gear wheels.

In the bicycle the driven sprocket wheel is

smaller and hence has fewer sprockets, or

teeth, than the driving sprocket wheel, to

which the pedals are attached. The purpose

of this arrangement is to gain an increase in

speed.

Belt Pulley. In industry the belt pulley is

a common type of apparatus for transferring

power from one place within a factory to an-
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A sprocket and chain drive the hoist of a **cat line” on an oil-well drilling rig

These pulleys and V-belts transfer hundreds of horsepower from motor to compressor



other place within the same factory. Pulleys

are just as useful in the home; for example,

almost every washing machine has the motor

connected to it by means of a belt. Belt pul-

leys are made in a wide variety of shapes

and sizes. The belts are made of leather,

cloth, rubber, hemp rope, steel cable, or

other substances. The mechanical advantage

of these belt pulleys is computed from the

relative diameters of their wheels. One ad-

vantage of belt pulleys over sprocket wheels

and chains is that the direction of rotation of

the driven pulley can be changed by crossing

the belt, as is shown in diagram B on this page.

Belt pulleys are used not only to transfer

power from one place to another, but also to

increase or decrease either the force or the

speed of rotation.

Sometimes machines are equipped with sev-

eral pulleys of different sizes, all cast in one

piece. These pulleys are used to change the

speed of rotation of the machine. The illus-

tration below shows two sets of these pul-

leys, one of them attached to a motor, the

other to a wood-turning lathe. If the belt ia

placed on pulleys a and D, the lathe will turn

very fast; if on b and C, it will turn not quite

so fast. When the belt is on c and B, the lathe

will turn more slowly still; and when the belt

is on d and A
,
it will turn at its slowest speed.

When the small pulleys on the motor are at-

tached to the large pulleys on the lathe, there

is an increase in force and a decrease in speed.

Inclined Plane. Objects which are too heavy

to be lifted directly, either by hand or by

machine hoists, are raised to higher positions

by the use of inclined planes. It is thought

that the huge blocks of stone used in the con-

struction of the centuries-old Egyptian pyra-

mids were placed in their positions by being

rolled up long sloping hills of earth built for

that purpose. In our daily life we have many
examples of the inclined plane. Our carefully

graded highways are so constructed that when
we drive over them no sharp, steep hills are

encountered. An ordinary staircase or a ramp
is an inclined plane.

A simple example of the inclined plane is

the skid used by draymen in loading and un-

loading heavy objects on and from trucks.

These skids generally consist of two strong

wooden beams about 10 feet long fastened

with long steel bolts so that they are parallel

to each other and about 20 inches apart. One
end of the skid is placed on the edge of the

truck, and the other end rests on the ground.
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Inclined plane

Heavy objects can then be rolled or slid up

and down this inclined plane. An inclined

plane, like all other machines, does not de-

crease the amount of work necessary to do a

given task, but it does decrease the necessary

force and thus makes the task easier to per-

form. (See diagram above.)

The mechanical advantage of an inclined

plane is computed by dividing the length of

the plane by its height. If a 10-foot plank is

used as a skid to roll a barrel up to a 4-foot

platform, the advantage gained is 10^4, or

2.5. That is, the mechanical advantage is 2.5.

If a 16-foot plank is used, the mechanical ad-

vantage is 4. The longer the plane is in com-

parison with its height, the greater is the me-

chanical advantage of the machine.

A 12-foot skid would have twice as great

a mechanical advantage as a 6-foot skid. If

a truck were 3 feet high, the 12-foot skid

would have a mechanical advantage of

12 ^ 3, or 4, while the 6-foot skid would have

a mechanical advantage of 6 -j- 3, or 2.

When a person is constructing an inclined

plane, he has two factors to consider: (1) the

force he wishes to exert in climbing the plane

and (2) the time he wishes to take. We have

all seen places where a railroad goes over the

same hill that an automobile highway does

—

both are inclined planes. The train cannot

economically climb so steep a hill as an auto-

mobile; so the railroad winds back and forth

many times in order to get an inclined plane

with a very gradual slope, but the highway

will go over the hill by a much shorter and

steeper route.

Screw. One of the most familiar simple

machines is the screw. The wood screw,

stove bolts, machine bolts, lag screws, jack-

screws, food-grinders, screw propellers, and

micrometer-screw calipers are examples of

the various kinds of this machine. (See dia-

gram below.) The screw is simply a coiled

inclined plane. On any screw this plane is

called the screw’s thread, and the number of

threads on each inch of the screw is known as

the pitch of the screw.

The mechanical advantage of a screw

could be computed by dividing the total

length of the thread by the length of the screw,

but this method would be inconvenient. The
mechanical advantage of a screw is therefore

found by dividing the circumference of the

screw by the distance between two successive

threads. Since the threads on a screw are all

uniform, the mechanical advantage of one

thread is the same as the mechanical advan-

tage of the whole screw. The mechanical ad-

vantage of a jackscrew with a screw 5 inches

in circumference and a pitch of 4 (four

threads per inch) is 5 or 20, or the cir-

cumference of the screw divided by the dis-

tance between two of the threads.

Handles of some kind are generally used in

driving screws. Some machines are made with

a lever and a screw combined. In considering

the mechanical advantage of a screw that is

used in combination with some other machine

or tool, this machine or tool must also be con-

sidered. A jackscrew is always operated with

a lever of some kind, so that the mechanical

advantage of a jackscrew is found by dividing

the circumference of the thread by the pitch

and then multiplying this quotient by the me-

chanical advantage of the lever in use. When

Screws
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a jackscrew with a screw 4 inches in circum-

ference and a pitch of 10 is operated with a

lever having a mechanical advantage of 15,

the jackscrew has a mechanical advantage of

4 divided by and then multiplied by 15:

4 X 15 = 600. That is, the circumfer-

ence of the screw is divided by the distance

between two of its threads and then is multi-

plied by the mechanical advantage of the

lever. A quicker way to find the mechanical

advantage of a jackscrew is to divide the cir-

cumference of the circle through which the

end of the handle moves by the distance be-

tween two threads on the screw.

On account of the large amount of friction,

the efficiency of a screw is low. The work put

into any screw machine greatly exceeds the

work derived from it, but the friction is not

entirely a disadvantage, because it keeps the

screw from turning backward. When screws

or bolts are used as fastening agents in either

wooden or metallic objects, it is important to

have them stay in place after they are once

set in position.

Wedge. A wedge is another of the simpler

types of machines. It may be considered as

two inclined planes with their bases fastened

together. This can be readily understood by

studying the diagram opposite, showing two

inclined planes, A and B, fastened together

in this way. Practically all cutting and pierc-

ing tools and instruments are wedges. A few

examples of these tools and instruments are

knives, chisels, carpenters’ planes, awls, nails,

pins, and needles.

The use of a wedge is just the opposite of

the use of an inclined plane. On an inclined

plane, objects are raised by rolling or sliding

them up the plane, whereas a wedge raises

objects by being forced under them. Of

course wedges are not often used to raise

objects to a higher position. Their use is to

separate two objects. This movement, or sep-

aration, is generally only for a very short dis-

tance, as, for instance, in splitting wood.

The mechanical advantage of a wedge is

found by dividing its length by its maximum
thickness. A wedge 10 inches long and 2

inches thick has a mechanical advantage of

10 -J- 2 ,
or 5. The efficiency of a wedge is very

low because of the large amount of friction;

but here, as in the screw, friction is often

advantageous in that it keeps the wedge in

place.

STUDY GUIDE

1. List the two t
3
q)es of simple machines.

Give examples of each.

2. What are the advantages of each class

of lever?

3. How may the mechanical advantage of a

block and tackle be computed?

4. Explain the use of gears.

5. Describe (a) an automobile transmis-

sion, (6) an automobile differential.

6. How do sprocket wheels work? belt

pulleys?

7. How is the mechanical advantage of an

inclined plane, a screw, and a wedge com-

puted?

The wedge-shaped slip, in the illustration on the opposite

page, will hold the oil-well drill-pipe while another length

of pipe is screwed on. (Robert Yarnall Richie)
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Some Special Mackines

Differential Pulley. Occasionally we see in

garages, shops, automobile assembly plants,

and other similar places a pulley system that

is operated by an endless chain. These ma-

chines are called differential pulleys (see

illustration on this page). These pulley sys-

tems consist of a large and a small pulley,

fastened together and operating on the same

axle, with a single movable pulley below them.

An endless chain is threaded through the

pulleys, as is shown in the diagram. In the

surfaces of the pulleys are notches that ex-

actly fit the links of the chain. These notches

prevent the chain from slipping on the pulleys.

By a careful study of this diagram the

operation of a differential pulley can be

readily understood. Pulling down on that part

of the chain marked E would cause an up-

ward movement of parts A and B and a down-

ward movement of part C. If the large upper

pulley is 34 inches in circumference, while the

circumference of the small upper pulley is 30

inches, then a downward pull of 34 inches on

E would cause a 34-inch upward movement of

B and a 30-inch downward movement of C.

The upward and downward movements of the

parts B and C of the chain result in a shorten-

ing of the chain between the points marked X
and F. This shortening amounts to 4 inches.

We know that the mechanical advantage of

a single moving pulley is always 2, and that

the effort applied on a rope under a single

moving pulley moves twice as far as the weight

is lifted. From these facts we can determine

the distance the weight on the differential

pulley will be lifted when a downward pull is

exerted on the chain E.

A 4-inch shortening of the chain between

X and Y would raise the weight 2 inches. If

the weight is moved 2 inches while the effort

moves 34 inches, then the mechanical advan-

tage of the machine is 34 -=- 2, or 17. When the

chain on a differential pulley is pulled down
far enough to cause the upper pulleys to move
through one complete revolution, the weight

is always lifted a distance equal to half the

difference between the circumferences of the

upper two wheels. The mechanical advantage

of a differential pulley is, therefore, equal to

the circumference of the large upper pulley

divided by half the difference between the cir-

cumferences of the two upper pulleys.

On account of the weight of the steel

pulleys and chain and the friction between

the chain and the pulleys, the efficiency of a

differential pulley is not very high; but in

most commercial differential pulleys the me-
chanical advantage is so great that for certain

types of work they are much more valuable

than an ordinary block and tackle.

There are several advantages of a differen-

tial pulley over an ordinary block and tackle.

First, when a heavy object is lifted with a

differential pulley and then allowed to hang
from the pulley, it is not necessary to fasten

the chain in any way. The friction in the



pulley keeps it from turning backward and

again lowering the object. When ordinary

rope pulleys are used in the same way, the

rope has to be tied to keep the object sus-

pended in the air. Second, a block and tackle

with a mechanical advantage equal to that of

a common differential pulley would be larger

and more cumbersome than the differential

pulley. Third, a hemp rope is generally used

in pulley sets, and this is not so strong or

lasting as the steel chain of a differential

pulley. Fourth, metal differential pulleys are

suitable for use in foundries and other similar

places where ropes and common pulleys are

not suitable, because they are easily burned.

And fifth, the long rope of a block and tackle

is more unhandy to use or to store away when

not in use than is a differential pulley and its

chain.

Cranks. Frequently we find it desirable to

change a rotary motion to a back-and-forth

motion or vice versa. The flywheel of a sewing

machine has a rotary motion, but the needle

must move up and down
;
therefore a crank is

used to change this motion.

The pistons on a steam engine move back

and forth in a straight line, but their energy is

transferred to the wheels by a crank arrange-

ment which gives the wheels a rotary move-

ment. Above is a diagrammatic drawing of

the piston, piston rod, drive bar, and one

wheel of a locomotive. As the piston is forced

to the left in the cylinder, the piston rod

pushes against the drive rod, which in turn

pushes on the drive wheel at such a point that

the wheel is rotated. The push of the drive

rod is not in the same direction as that in

which the wheel moves, except for an instant;

and the push of the piston rod is never in the

same direction as that of the drive rod. This

opposition results in a lowering of the effi-

ciency of the machine.

When a crank is used to convert longi-

tudinal motion to rotary motion, the me-

chanical advantage of the machine is lowered

if the energy is applied to the wheel between

its center and its rim. But the mechanical

advantage is increased if the energy is applied

to the wheel at a point farther from the center

of the wheel than the rim. This increase is

sometimes accomplished by attaching long

handles to the wheels, as is shown below.

Cams. A cam is a raised spot on the side of

a shaft which pushes on an object to make it

move away from the shaft when it rotates. A
cross section of the cam in an automobile



engine is shown below at the left. As the cam

rotates about its center, the valve is pushed

up so that the port is opened and gas can pass

through the opening. As the high point of

the cam rotates to a position where its low

side is next to the stem of the valve, a spring

closes the valve.

Eccentrics. The eccentric is another ma-

chine used to change rotary motion into longi-

tudinal motion. Eccentrics are often found on

steam engines, where they are used to operate

the valves. The parts of a common eccentric

are shown below in the center. The shaft is

rotated by the action of the piston. As is

shown in the diagram, the disk is attached

solidly to the shaft, so that when the shaft

turns, the disk also turns. Tho rim of this

disk fits into a groove in a collar, which is

placed around the disk. To this collar is bolted

a steel rod, which extends between the valves

of the engine and the collar. As the shaft and

the disk rotate, the collar and the end of the

rod, which is fastened to it, move back and

forth and also up and down. The up-and-

down motion does not move the end of the

rod fastened to the valves, but the back-and-

forth motion opens and closes the valves of

the engine.

Worm Gear. When a large mechanical ad-

vantage is desired or when a great increase

in the velocity of a part of a machine is re-

quired, a worm gear is frequently used. The

Valve

worm gear fs one of the more elaborate gears.

It is used to get a large mechanical advantage

(as in lifting a house) or to cause a great in-

crease in speed (as in a cream-separator).

These gears are sometimes used in large power

hoists, and also to open and close canal gates

and to operate irrigation-canal gates.

Worm gears consist of a simple gear wheel

with cogs cut at a slight angle to the face of

the wheel, and a rod with large, coarse threads

which mesh with the cogs on the gear wheel.

The rod is placed at a tangent to the wheel, as

is shown in the diagram below at the right.

The threaded rod is rotated either by hand or

by some motive power, and each revolution of

the rod drives the gear wheel through a dis-

tance equal to the distance between the cogs.

To rotate the gear wheel through a complete

revolution, the rod must be rotated as many
times as there are cogs on the wheel.

The mechanical advantage of a hand-

operated worm gear, like that shown in the

diagram, is equal to the product of the length

of the handle and the number of cogs in the

gear wheel divided by the radius of the wheel.

The efficiency of a worm gear is low.

A worm gear with more than one thread is

used when the force is applied to the gear, in

which case there is always a resulting increase

in speed and a decrease in force. A truck

differential and a phonograph motor are ex-

amples of this kind of worm gear.
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The old-fashioned

overshot water wheel

has been used for hun-

dreds of years to grind

grain into meal and

flour

Brown Brothers

STUDY GUIDE

1. Describe the principle and use of the dif-

ferential pulley.

2. What is the purpose of cranks, cams, and

eccentrics?

3. What is the mechanical advantage of a

worm gear?

Liquids and Gases at Work

Water Wheels. Several types of water

wheels have been devised for man’s work.

Some of the wheels are suitable for small,

rapidly flowing streams, whereas others are

better for large, sluggish rivers.

Undershot Wheel. In localities where the

water supply is large but the fall is small (for

example, a large creek flowing slowly down a

gentle incline), an undershot wheel, which

transforms the kinetic energy of moving water

into mechanical energy, is used to furnish

power for useful work. The water of this

slowly moving stream is held in a reservoir

and allowed to pass through a small opening

against the paddles of the wheel. This causes

the water wheel to rotate and do useful work.

The faster the stream of water under the

wheel can be made to flow, the faster the

wheel will turn.

A modification of this kind of water wheel

is called a breast-type water wheel. This t
5
qDe

of wheel is a little more efficient than a simple

undershot wheel.

Overshot Wheel. The overshot water wheel

is the type in which the water runs over the

top of the wheel. In mountainous regions

where small, swift creeks flow down the hill-

sides, their current is used to turn water

wheels. The water is collected in a flume, or

trough, and conveyed to the top of the wheel,
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Undershot wheel

where it flows into cups or buckets attached

to the rim of the wheel. The pull of gravity

on these water-filled buckets rotates the

wheel. The buckets are automatically emp-

tied when they reach the bottom. These water

wheels do not need either a large volume of

water or a high water pressure. All they re-

quire is enough water to fill the buckets as

they turn around on the wheel.

The overshot water wheel does not run very

fast; it is slower than the undershot wheel.

The efficiency of these water wheels is gen-

erally between 20 and 30 per cent. If either

of these wheels is quite large, it will exert

more force than a small wheel.

Pelton Wheel. The Pelton type of water

wheel operates somewhat like the undershot

water wheel. It is most efficient in places

where a small amount of water under a very

high pressure is available. There are two

main differences between the Pelton wheel

and the undershot wheel. The paddles on the

Pelton wheel are shaped like two shallow cups

set side by side on the rim of the wheel, and

the water is directed against these paddles by
means of a nozzle. A Pelton wheel runs at a

high speed and has a rather high efficiency.

The California Historical Society has

found and put on exhibition parts of the orig-

inal wheel made by Pelton many years ago.

Pelton invented this type of wheel to furnish

power for his sawmill. His first wheel had

single curved paddles, and the water struck

the center of the wheel. The spokes in the

wheel were made out of wood, and they finally

warped badly. Pelton then discovered that

for some reason or other his wheel was de-

veloping much more power than it ever had

before. He began to investigate to find where

all this extra power was coming from. He
noticed that the wheel had warped so much
that the water was striking the side of the

wheel instead of the middle. His next thought

was that if this was the cause of the extra

power, he could get still more power by mak-
ing the wheel double. He constructed a wheel

after this plan and found it to be greatly supe-
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. rior to his first wheel. From this idea engi-

neers were later able to develop the huge Pel-

ton wheels we have today.

I
The water motor operates on the same prin-

;

ciple as the Pelton wheel. These small water

i

wheels are sometimes attached to water

I

faucets, and the power thus developed is used

for operating small machines. (See diagram

:
below.) In some mountainous localities

where the water pressure is sufficient, they

! are used to operate washing machines.

! Water Turbine. The type of water wheel

used most extensively in the United States at

! the present time is the water turbine. This

I machine is in reality a compound Pelton

I

wheel. It is operated by means of a stream

;

of water which is diverted into a large pipe

! called a penstock. The penstock carries the

water to a case, shaped somewhat like a snail

shell, in the center of which is the water wheel

itself. Inside the case and surrounding the

water wheel are a number of blades, or fixed

paddles, which divide the stream of water

into several small streams and direct them

so that they strike the paddles of the water

wheel at the best possible angle. The direction

of the separate water streams is nearly at

right angles to the surface of the paddles on
the wheels. The paddles on these water tur-

bines are shaped so that nearly all the force

of the water coming between the fixed paddles

is transferred to the water wheel. Much addi-

tional power is obtained from the water tur-

bine by having the lower ends of the paddles

curved in such a way that the water pushes

on the blades as it falls down through the

turbine. (See diagram below.)

A turbine is an extremely efficient machine

because the water has two chances to push on

a blade. That is, the first push results from

the pressure of the water striking the blades

horizontally; then the water gives an addi-

tional push as it falls against the curved por-

tion of the blades. Many turbines have a long

tube leading the water away from the bottom

in order to allow the falling water to produce

a suction and thus add still more power to

the turbine.

The turbine can be used satisfactorily with

water either under great pressure or under

little pressure. It is the only type of water

wheel that is efficient for use with an enor-

mous supply of water under very little pres-

sure. Most water turbines turn at a rather

Water motor Water turbine



slow speed, but sometimes their efficiency is

as high as 90 per cent.

As the water pours through the turbine, its

kinetic energy is changed into the kinetic

energy of the turbine wheel. This in turn may
be transformed into electrical energy by an

electric generator driven by means of the

wheel. This electrical energy is carried over

wires, in some cases for long distances, to fac-

tories and shops, where it is used to do work

in electric motors. At Niagara Falls, Roose-

velt Dam, and many other large hydroelectric

power plants, water turbines are used to

convert the energy of water into electrical

energy.

Pumps. Man’s problems in working with

water are not confined to harnessing streams

for power. Earlier he learned how to pump
water, not only for drinking and washing but

also for irrigating his gardens. Pumps are

now so common that we take them for granted

frequently without really knowing how and
why they operate.

Lift pump

Many different kinds of pumps have been

invented, but they all fall into two general

classes: (1) lift pumps and (2) force pumps.

Lift Pumps. Lift pumps are rather simple

machines that depend on air pressure for their

operation. A common type often found on

farms is known as the pitcher pump. The es-

sential parts of one of these pumps, shown on

this page, are a cylinder, in which a piston

moves up and down; a valve in the piston;

and a valve in the bottom of the cylinder.

A pipe extends from the bottom of the

cylinder down to the water. When the piston

moves up, valve A closes and valve B opens.

Some of the air is thus removed from the pipe,

and the air surrounding the pipe in the well

pushes down on the surface of the water and

forces it up the pipe a short distance. When
the piston stops, a weight on the top of valve

B closes the valve; this keeps the air from

going back down the pipe and allowing the

water to flow back into the well. When the

piston is lowered, the valve in it opens, and

the air below the piston flows through the

valve into the upper part of the cylinder. As

the piston moves alternately up and down, the

water goes up the pipe and enters the cylinder,

Force pump
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PipeO

and from then on water instead of air flows

through the valves and out of the pump spout.

A pump of this kind, when working prop-

erly, can lift water only 25 to 28 feet because,

while the air pressure is enough to force it up

34 feet, the pump is never perfectly effective.

Simple Force Pumps. Force pumps are

used to force liquids to greater heights than

lift pumps can attain. The main parts of one

of these pumps are shown in the diagram on

page 182. The cylinder, the piston, the valve

B, and the inlet pipe are exactly the same as

in a lift pump. The valve A is not in the pis-

ton, as it is in the lift pump, but is in a pipe

leading from the bottom of the cylinder. The

water gets into the cylinder of a force pump
exactly as it does in a lift pump, except that

the air and water do not get above the piston

in the cylinder. In a force pump the water is

forced through the valve A into pipe A at

each downward stroke of the piston.

In order to have the air pressure force the

water into the cylinder of a pump of this kind,

the cylinder must not be farther than from 2 5

to 28 feet from the water in the well. After

water gets into the cylinder, it can be forced

many feet higher because air pressure does

not affect the flow of water from the cylinder

and through pipe A.

Most force pumps have an "air dome’’ on

the outlet pipe. When the piston moves down,

water is forced rapidly into the outlet, thereby

compressing the air in the air dome. When the

piston moves up, no more water is forced into

the outlet, but the compressed air in the dome
expands and keeps the water moving along

the pipe. Thus a pump equipped with an air

dome will deliver the water in an almost con-

tinuous flow, while pumps without this dome
deliver the water in spurts.

Diaphragm Pump. A diaphragm pump is a

force pump with a movable diaphragm in

place of a piston (see diagram on this page).

The rod attached to the diaphragm bends it

up and down. The liquid flows into the cham-

ber through the valve A at each downstroke.

These little pumps are used on automobiles to

pump gasoline from the tank to the carbu-

retor. Larger sizes, with some variations, are

used to pump water which is mixed with sand

and small gravel.

Gear Pump. Another special type of force

pump is illustrated by the diagram above.

The main part of this pump consists of two

gear wheels in mesh with each other enclosed

in a metal box that fits closely against their

edges and sides.

In operation, these gears, turning as shown

by the arrows in the diagram, cause oil to

flow into the case around the gears from the

pipe P and into the space between the cogs at

the tops of both wheels. This oil between the

cogs moves with the gears until it reaches the

point where the cogs are coming into mesh

again. The meshing of the cogs forces out the

oil from between them and through the pipe 0.
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This type of pump is used on automobiles to

force oil into the bearings.

Centrijugal Pump. A centrifugal pump is

used to pump large volumes of water for a

short distance. The main parts of one of

these pumps are shown in the diagram below.

The pump consists of an outer shell shaped

somewhat like the outer part of a snail shell,

a paddle wheel, and inlet and outlet pipes.

The water enters the shell, or case, near the

hub of the paddle wheel, and the rapid whirl-

ing of the wheel forces the water, by centrif-

ugal force, to the outside of the shell and up

the outlet pipe. This kind of pump is used

for circulating water in the cooling systems

of automobiles, and many huge centrifugal

pumps are used to pump water for the irriga-

tion of desert lands.

Similar machines are used to blow the air in

ventilating systems, to create the suction in

vacuum cleaners, and to make a "forced

draft” in furnaces.

Siphon. Frequently we may wish to empty

one vessel holding a liquid by running off

the liquid into a lower vessel. To do so we
may make use of the siphon, which is a device

that also depends for its effect on the pressure

of air upon the surface of a liquid.

In case we wish to transfer water from

vessel A to vessel B, as shown in the diagram

below, the end of a glass tube or a piece of

rubber tubing, filled with water, may be in-

troduced beneath the surface of the water in

A. The water will then flow from A to B.

Since there is a flow, it is clear that there

must be unbalanced pressures acting on the

liquid in the two arms of the tubing. The
pressure tending to press the liquid up is in

each case the same, namely, the atmospheric

pressure. Against this pressure on each side

is the weight of the column of water. Of

course, in the arm leading into the upper ves-

sel that weight is less than in the long arm
leading into the lower vessel; therefore the

result is a greater net pressure pushing the

liquid from A than from B.

Water Meters. A water meter is used to

measure the amount of water which passes

through a pipe. The water pipe leading to

most city homes has a water meter inserted

in it, and all the water passing through the

pipe is automatically measured in cubic feet.

The commonest type of water meter used

is the disk type (see diagram on page 185).

In the bottom of this kind of meter is the

measuring chamber, which contains a hard-

rubber disk. This disk is attached at its center

to a ball which is free to move between sockets

in the upper and lower surfaces of the cham-

ber. As water passes through the chamber,

Centrifugal pump Siphon
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( this disk moves with a rotary nodding motion

]

which might be described as wobbly. Water

I cannot get through the meter without moving

the disk. The ball to which the disk is at-

tached is connected by a pin to a set of gears.

This pin, moving in a circular path, turns a set

of gears attached to a series of six dials which

indicate the number of cubic feet of water

which have passed through the meter. The
figure near each of the dials indicates the

number of cubic feet that must pass through

the meter in order to move the hand com-

pletely around the dial once. The dials in the

diagram indicate that 96,542 cubic feet of

water have passed through the meter. The 1-

foot dial is not read; it is used for testing the

meter.

Hydraulic Jack. A hydraulic jack is a ma-

chine for lifting heavy objects with a small

applied force. It is an application of Pascal’s

principle.

The principal parts of one of these ma-

chines, as shown in the accompanying dia-

gram, are a small cylinder A and a large cylin-

der B, connected by means of a pipe contain-

ing a valve V. A small tank containing oil

is connected by means of pipes to both the

large and the small piston. In operation, the

small piston is pushed up and down. On the

upstroke, valve B opens, admitting oil into

the small cylinder. On the downstroke, valve

B closes and valve V opens, forcing oil into the

large cylinder by pushing the large piston up.

Valve B is closed while the jack is being used

to lift objects. To lower a weight which is sup-

ported by one of these jacks, a person simply

opens valve C, and the oil flows from the large

cylinder back into the tank.

To compute the mechanical advantage of

one of these machines, divide the area of the

large piston by the area of the small piston.

For example, if the area of the large piston is

12 square inches and the area of the small

piston is ^ square inch, the mechanical advan-

tage is 12 or 48. If the small piston

moved down 6 inches, the large piston would

move up ^ inch, or ^ inch.

Valve V Valve B

Hydraulic jack
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Machines which operate on the same prin-

ciple as the hydraulic jack are hydraulic

presses and hydraulic elevators.

Pressure Gauges. Inside the oil gauge on an

automobile is a curved brass tube (see dia-

gram). One end of it is sealed shut, while the

other is connected by a tube to the source of

pressure. In this case the tube is connected

to the oil line. As the pressure on the oil in-

creases, it causes the brass tube to straighten

out slightly. The end of this tube is connected

to a set of gears in such a way that even a

slight motion of the tube will cause a pointer

to move a considerable distance across the

dial, which is usually marked to indicate

pounds per square inch.

The steam gauge is identical with the oil-

pressure gauge except that it is intended to

measure the pressure of the steam inside a

boiler. It is constructed with a loop of pipe

between the gauge and the boiler, and when
this loop fills with water, it prevents the hot

steam from touching the gauge.

STUDY GUIDE

1. What are the uses and advantages of the

different types of water wheel?

2. How does the water turbine work?

What are its advantages?

3. Describe the different kinds of pumps
and how they operate.

4. Why is it possible to transfer a liquid by
a siphon?

5.

Describe the operation of a hydraulic

jack. What is the mechanical advantage of

the hydraulic jack and similar machines?

IMPORTANT THINGS IN THIS CHAPTER

A machine is a device used to apply force

advantageously.

Machines have six uses, but they never

produce energy unless energy is put into them.

The mechanical advantage of a machine is

the number of times the machine increases a

force.

The efficiency of a machine is the percent-

age of the energy applied which it turns into

useful work. The loss in energy is due to

friction.

There are two types of simple machines.

From different arrangements of these the com-

plex machines are built up.

The position of the fulcrum determines

whether a lever belongs to the first, second, or

third class. The mechanical advantage of the

lever is the ratio between the effort arm and

the resistance arm.

A fixed pulley is essentially a lever of the

first class, and a movable pulley of the second

class. The mechanical advantage of a block

and tackle equals the number of strands of

rope supporting the resistance.

A wheel and axle is a continuous lever of

the first class with a mechanical advantage

greater than 1.

Gear wheels are essentially levers of the

first class. Automobile transmission gears are

so arranged as to allow for a mechanical ad-

vantage between the engine and the wheels.

The differential of an automobile is so ar-

ranged that the gears allow one rear wheel to

turn faster than the other.

Worm gears are special types of gears hav-

ing a high mechanical advantage.

Sprocket wheels and belt pulleys are used

to transfer energy from one place to another.



The mechanical advantage of an inclined

plane equals its length divided by its height.

The wedge is a double inclined plane.

The mechanical advantage of a screw

equals the circumference divided by the pitch

of the thread.

A differential pulley is a combination

sprocket wheel and pulley which has a great

mechanical advantage.

Cranks, cams, and eccentrics are used to

change either a rotary motion to a back-and-

forth motion or a back-and-forth motion to a

rotary motion.

Water wheels convert the energy of moving

water into the energy of moving machines.

There are four types of water wheels.

Lift pumps, simple force pumps, dia-

phragm pumps, gear pumps, and centrifugal

pumps are machines for lifting fluids against

gravity or forcing fluids from one point to

another.

The siphon is used to transfer a liquid from

a higher vessel to a lower vessel.

Water meters measure the amount of water

flowing through them by the motion of a disk

placed in the stream of water.

A pressure gauge operates by a fluid under

pressure being forced into a coiled tube which

is straightened slightly by the pressure.

AFTER YOU FINISH THIS CHAPTER

1. Make a diagram of a block-and-tackle

system with two double and two triple blocks

operating together to give a mechanical ad-

vantage of 30.

2. How could a man mark a fish pole so

that when he caught a fish he could weigh it

before removing it from the hook?

3. Make a diagram of two gear wheels

which operate in the same plane, rotate in the

same direction, and have a mechanical advan-

tage of 10.

4. The Egyptians, when they built the

great pyramids, used simple machines to move

the stones into place. Make a diagram of the

machines which they might have used to move
the stones, which weighed thousands of

pounds each.

5. Make two diagrams of machines or

groups of machines which would change the

rotating motion of an electric motor with a

speed of 3600 revolutions per minute to the

back-and-forth, or reciprocating, motion of

a printing press which would print 1 80 sheets

of paper each minute.

6. Make a diagram showing how lift

pumps could be used to lift water from the

bottom of a 20-foot well to the top of a 75-

foot hill.

7. A hydraulic elevator operates like a

hydraulic jack except that city water pressure

takes the place of the small piston. What
would be the maximum load possible for a

hydraulic elevator with a piston 10 inches in

diameter operating with a water pressure of

80 pounds per square inch?

8. Read the dials of a water meter on a

Saturday morning, and one week later read

them again. How much water passed through

the meter in one week?

9. What is the reading of the oil-pressure

gauge of your automobile while it is running

at the rate of 20 miles per hour?

10.

How far away from your home is the

nearest hydroelectric plant? Does the elec-

tricity in your home come from this plant?

LEISURE-TIME ACTIVITIES

1. Make a list for on^ day of all the different

places where you can find levers in actual use.

2. Make a list of the different simple ma-

chines found in a person’s body.

3. Examine any commercial machine, such

as a printing press, cement-mixer, or station-

ary engine, and notice the simple machines of

which it is composed. Make a list of all the

simple machines you find and give a brief

description of the use of each.

4. Make a list of all the simple machines

you can find in and around your home.
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9 • HEAT

The Nature of Heat

What Is Heat? In the previous two chap-

ters we have been considering some of the

more important phenomena evidencing me-

chanical energy, both potential and kinetic.

These phenomena are fundamental, and we

shall have many occasions in later work to

discuss them.

But mechanical energy is only one kind of

energy; heat energy is another kind, equally

familiar and important. Like mechanical

energy, it is known by its effects. The effects

of heat upon substances include expansion

and change of state.

At one time heat was thought to be a

separate thing, called "caloric,” which in

heat-changes was added to or subtracted from

substances. Early in the nineteenth century,

however. Count Rumford, by boring cannon,

demonstrated the mechanical nature of heat.

He showed that the greater the amount of

work done, the greater the heat produced.

All cases of friction illustrate the same prin-

ciple.

From such facts physicists have drawn the

conclusion that heat itself is molecular mo-

tion. In the instance of friction, the decrease

in the kinetic energy of the moving body is

converted into an increase in the kinetic

energy of the molecules making up the sub-

stance. The greater the molecular motion,

the warmer is the object. On the other hand,

when an object is cooled, the molecular mo-

tion becomes less.

It is not alone from the conversion of me-

chanical energy that we get that molecular

motion which we call heat. Radiant, electri-

cal, and chemical energies can, as we shall

see, all be converted into heat. Similarly heat

energy may be converted into other kinds of

energy.

Temperature. The intensity of heat, that

is to say, the speed of the molecules, is essen-

tially indicated by what we call the tempera-

ture. The temperature is measured by a

thermometer.

Any property which changes regularly

with temperature might be used as a basis for

thermometry. Common thermometers take

advantage of the fact that substances expand

upon heating. This we should anticipate from

our theory of molecular motion. An increase

in the speed of molecules must lead to more

frequent impacts, resulting in a pushing away
of the molecules from each other.

In some thermometers an expanding metal

rod moves a needle on a dial, from which one

may read the temperature.

More familiar are the liquid thermometers,

which depend upon the rise within a capillary

tube of mercury or alcohol as the liquid ex-

pands with an increase of temperature. The
principle of all these thermometers is the

same, but the making of accurate thermome-

ters requires skill and exactitude in compar-

ing, or calibrating, them with standards.

The scales of measurement commonly used

are the Fahrenheit and the centigrade. On
the Fahrenheit scale (F), generally used for

household thermometers, the point at which

water freezes is marked 32, and the point at

which it boils is marked 212. Therefore, on

this scale, the interval between the freezing

point (fp) and the boiling point (bp) is 180

degrees.

On the centigrade scale (C), generally

used in scientific work, the freezing point is

marked 0, and the boiling point is marked
100. This gives an interval of 100 degrees.

Since between the freezing and boiling points

there are 100 centigrade degrees for the 180

Fahrenheit degrees, it will be readily seen that

one Fahrenheit degree is equal in temperature

rise only to 3-|§, or f ,
of a centigrade degree.

A measurement on one scale may be con-

verted to a measurement on the other by the

following simple equations:

I (F-32) =C.
|C-f32 = F,
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One other scale has a certain scientific use-

^ fulness and is of considerable interest. As

I

we have seen, if the temperature of a gas is

I

reduced, its volume will diminish (Charles’s

law). Actually, for every drop of a centi-

grade degree the volume of a gas will decrease

! ^3 of its volume at 0° C. Theoretically, the

I

space between the molecules would be regu-

I

larly reduced until at — 273°C it would
’ disappear. This temperature, — 273° C, be-

;

comes, on the absolute scale, 0° A. The
conversion between centigrade and absolute

scales is simple: C -f- 273 = A.

Of course the limits of any liquid ther-

mometer are set by the boiling points and

freezing points of the liquid which it contains.

For higher temperatures, electrical and even

optical methods have been devised.

Boiling Point. From the surface of a liquid,

such as water, some molecules escape into the

air. Finally, all disappear as gas, or vapor;

we say that the liquid has evaporated.

The speed of any evaporation increases

with a rise in the temperature. As more

energy is supplied, in the form of heat, more

molecules escape in a given time. If the tem-

perature is raised sufficiently, bubbles appear

and rise to the surface; the liquid is boiling.

The temperature at which this boiling, or

vaporization, takes place is called the boiling

point of the liquid. Each pure liquid has its

own specific boiling point. As we have seen,

for water this is 100° C, or 2 12° F, at normal

atmospheric pressure.

It is necessary to state the pressure inas-

much as the boiling point increases with pres-

sure. Pressure opposes the change from liquid

to vapor, and therefore more energy has to be

given to the molecules to overcome the in-

crease. Likewise, if the pressure decreases,

there is a decrease in the boiling point; less

energy has to be supplied to cause the mole-

cules to overcome the opposing pressure. It

is common knowledge, for example, that at

high altitudes, where the atmospheric pres-

sure is less, the boiling point is appreciably

below that at sea level.

Condensation is the opposite of evapora-

n 1 p

200°-: S 473°.: ^

--212° oo ?
373°-^ '

0
<NCO 0-: “ 273°-?'”

In

-273°-^

i ii °iii
11 1 n

Fahrcnhcit Centigrade Absolute

tion and boiling. When a vapor reverts to a

liquid, we say that it condenses. Here, how-

ever, energy is not added but withdrawn. The
condensing vapor loses temperature to a

cooler object, such as ice or a current of air

or water.

By taking advantage of the difference in

boiling points, liquids may be separated into

their components by boiling them and then

condensing and separately collecting their

vapors as a liquid (the distillate). This proc-

ess is distillation. It is of the greatest value

in the chemical laboratory and in industries

for the separation and purification of ma-

terials. Petroleum-refining, for example, de-

pends upon distillation.

Sometimes, in order to prevent a substance

from decomposing upon heating, distillation

is carried on under reduced pressure. This

process is called vacuum distillation.

While most solids melt upon heating, there

are a few, such as iodine, which pass directly

from the solid state to vapor. This change is

known as sublimation. The vapor may be

condensed on a cool surface. It is known as

a sublimate.
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Freezing Point. If the temperature of a

liquid is reduced sufficiently, it is converted

into a solid. The temperature at which this

takes place, the freezing point, is a specific

property of any substance. For water we
have noticed that the freezing point is 0° C,

or 32°F.

Amount of Heat. Temperature indicates

the intensity of heat. This, however, is only

one factor in heat energy. Different sub-

stances require different amounts of heat to

raise them to the same temperature. One sub-

stance in cooling may give off much more heat

than another substance, for the same fall in

temperature. In other words, the heat capac-

ities of substances differ.

By heat capacity a scieaitist means the

weight of an object times its specific heat.

This latter term means the number of units

necessary to raise a unit weight 1 degree. In

the metric system the unit is the calorie (cal)

,

or gram-calorie, which is the amount of heat

necessary to raise 1 gram of water 1 centi-

grade degree. Conversely, it is the amount of

heat given off when 1 gram of water falls 1

degree. For some purposes, as, for example,

in expressing the fuel value of foods, we make
use of the large calorie, or kilogram-calorie.

This is the amount of heat necessary to raise

1 kilogram (1000 g) of water 1 degree.

In the English system the British thermal

unit (Btu) equals the amount of heat neces-

sary to raise 1 pound of water 1 Fahrenheit

degree. A British thermal unit equals 252

calories.

Not only may we have occasion to measure

heat capacities but also to measure heat ab-

sorbed or given out in chemical reactions.

Such, for example, would be the heat given

out by burning fuels. The measurement of

amounts of heat is calorimetry.

Since heat is one kind of energy, it may be

transformed into other kinds, and it should

be possible to express the amount of me-
chanical energy, for example, which is equal

to 1 unit of heat. This relationship, the so-

called mechanical equivalent of heat, has

been carefully determined. It has been found

that 1 calorie is equal to 42 7 gram-meters of

work, that is, 3.09 foot-pounds, or 1 Btu

equals 778 foot-pounds. This relationship is

of more than theoretical interest. It is of

great practical value in the study of fuels and

the operation of engines.

Heat of Vaporization and Heat of Fusion. In

raising 100 grams of water from 20° C to

100° C (the boiling point), 8000 calories

would be required. When the boiling point is

reached, the temperature remains constant

until all the water vaporizes. Obviously the

calories applied serve only to transform the

liquid to vapor. In the case of water, 540

calories are required to change 1 gram into

vapor. When 1 gram of water vapor con-

denses, 540 calories are given off. This

amount is known as the heat of vaporization

of water.

In order to melt a solid substance, heat

must be applied. As long as any of the sub-

stance remains in a solid state, the tempera-

ture remains constant. The addition of heat

serves only to produce the melting action and

does not raise the temperature. The heat of

fusion of ice is 80 calories per gram.

The heat of vaporization and the heat of

fusion are among the properties of a great

many substances which have been determined

with extreme accuracy. Their values may be

found in handbooks intended for use by

scientists and engineers. Abbreviated lists of

these and other so-called physical constants

may also be found in physics textbooks.

Transmission of Heat. This energy^ heat,

does not stay at the point where it is pro-

duced. By conduction, convection, or radia-

tion it is carried away.

In conduction, heat is transmitted by a

contact of molecule with molecule. As the

heat is produced, the molecules vibrate more
rapidly. Their impact upon adjacent mole-

cules increases the speed of the latter; in

other words, the temperature increases. At

the same time the first molecules lose some
of their energy, with a consequent cooling.

In this manner heat may be carried along a

metal rod.
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Heat is also transmitted by connection,

WTien a liquid or a gas is heated, it expands;

in other words, the density becomes less. The

lighter, or warmer, liquid or gas then rises. In

this way, heated material is carried upward.

We may observe such a phenomenon over the

radiator of a heating system; we may also see

it in the rising currents of a heated liquid.

This mode of transmission is called convec-

tion.

Finally there is radiation. When a body

is heated, it gives off rays of energy. If the

heating is continued long enough, the object

may become red-hot or even white-hot. A
certain portion of the rays, in such cases, con-

sists of light waves. But both at the tempera-

ture when the body is luminous and at lower

temperatures, heat waves are being given off

as well. We are aware of this as we approach

any highly heated object. The transmission

of heat waves through space from a heated

body is called radiation.

Radiant energy, when it strikes a body, is

absorbed and increases the velocity of the

molecules within the absorbing body; thus

the temperature of that body is increased.

Uses of Heat. The most important value of

heat is in making possible the continuation of

life. Radiant energy from the sun is absorbed

by the soil and warms the seeds within the

ground; the seeds germinate. The rays from

die hot sun make possible an abundant vege-

tation, which provides us with food.

This food which we take in and digest is

oxidi-zed, or burned, in our tissues, replenish-

ing the body heat necessary for our continued

existence.

But the process of oxidation, or burning, is

not confined to living tissues. Outside the

body organic matter, such as paper, wood, or

coal, if heated sufficiently to ignite, will con-

tinue to burn. The process of burning, where-

ever it takes place, is accompanied by the

liberation of energy as heat.

Primitive man made use of this energy as

he sat around a wood fire. Modern man is

equally dependent, though his fuel resources

aremore extensive, including coal, oil, and gas.

But modern man has found beneficial uses

of heat besides those of warming his body and

his home. He has found how the conversion

by heat of a liquid to a gas may be used to

produce mechanical energy. Thus he has in-

vented the steam engine and has increased

greatly his capacity to do work.

STUDY GUIDE

1. What is the nature of heat?

2 . Upon what principle does a thermom-

eter work? What are the common thermom-

eter scales, and how may a reading of one be

converted into the other?

3. What is meant by absolute zero?

4. What is the boiling point? How does

it vary with pressure?

5. What is sublimation?

6. What is the freezing point? the melting

point?

7. Define heat capacity, calorie, kilogram-

calorie, and British thermal unit.

8. What are some of the uses of calorim-

etry?

9. What is the mechanical equivalent of

heat?

10. Explain what is meant by "heat of

vaporization” and "heat of fusion.”

11. By what means may heat be trans-

mitted?

The Steam Engine

Engines. For centuries and centuries man
had used heat for warmth before he learned

how heat could be made to work for him. The

steam engine is a comparatively recent in-

vention, a product of the eighteenth century.

This invention has, however, in the short

time which has elapsed, entirely altered our

way of life. It was the basic contribution of

the Industrial Revolution. Upon it we have

built the machine civilization characteristic

of the nineteenth and twentieth centuries. It

has altered our means of communication and

has vastly extended our means of working

with materials.



Newcomen’s engine of 1712. This engine was used

for pumping water

The first model of the Watt steam engine, an improve-

ment over the Newcomen engine

Engines have done more than just change

our homes. Without engines we should not

have, for instance, great factories with their

mass production. We should not have huge

ships, like floating cities, carrying tourists

across the seas. Without the gasoline engine

we should not have great airplanes flying on

schedule from continent to continent.

At the same time, these inventions have

brought problems. Without engines we should

not have, for example, the present destruc-

tion of life by automobiles on the highways.

Will the airplane eventually bring about

peaceful relations among nations, or will it

tend to promote future wars? The answer

lies with the future. Yet this one thing is

certain: we cannot understand and properly

use these great machines until we learn how
they came to be and how they work. As a be-

ginning, we must examine the common types

of engines and find the fundamental prin-

ciples which underlie their operation.

Early Steam Engines. One of the first steam
engine's to resemble a modern engine was con-

structed at Wolverhampton, England, in

1712, by Cawley and Newcomen. Their en-

gine incorporated the ideas and discoveries of

many earlier inventors and scientists.

A number of steps had already been taken

toward operating engines. In 1654 Otto von

Guericke used a cylinder and piston to demon-

strate the power of atmospheric pressure. He
fastened a cylinder in an upright position in

a frame. Then he pumped the air out of the

cylinder below the piston. The atmospheric

pressure on the top of the piston then pushed

it down, lifting the weight which was attached

to the piston by means of a rope running over

pulleys in the top of the frame.

In 1678 Huygens attempted to apply at-

mospheric pressure for motive power. The
apparatus he constructed was a cylinder and

a piston somewhat like Guericke’s. Pressure

to move the piston upward was produced by
the explosion of gunpowder under the piston.

Twelve years later Papin, using a cylinder

and a piston, as his predecessors did, pro-

duced a vacuum in the cylinder by condensing

steam introduced under the piston.

Cawley and Newcomen’s steam engine was
a huge affair used to operate a pump. The
cylinder of the engine was placed directly

192



above a steam boiler, with the piston attached

to the pump by means of a huge rocker arm.

The valve which controlled the action of the

engine was attached to the rocker arm. In

operation the weight of the pump pulled the

engine piston to the top of the cylinder. As

the piston rose to the top of the cylinder,

steam from the boiler entered the cylinder.

When the piston reached the top of the cyl-

inder, the valve closed the steam vent and

opened a water vent. Cold water was then

sprayed into the cylinder, and this condensed

the steam. The condensation of the steam

below the piston caused a partial vacuum in

the cylinder. The pressure of the atmosphere

on the top of the piston then forced it down.

In this manner the piston of the water pump
was lifted. The water which accumulated in

the bottom of the engine cylinder was drained

off through a separate pipe. The steam in the

boiler was under a low pressure, just slightly

greater than atmospheric pressure.

During the two decades after this "fire

engine” was built, many of them were con-

structed to pump the water from coal pits

and mines.

James Watt Improves Steam Engines. James

Watt was commissioned to repair a model of

one of these Newcomen engines. While study-

ing its operation, he was impressed by the

enormous waste of energy in the engine on

account of the cooling of the cylinder each

time the steam was condensed in it. Watt

conceived the idea of having a separate con-

denser attached to the side of the engine cyl-

inder. After several failures, he succeeded in

building an engine with a separate condenser.

Watt’s engine was such an improvement over

the old-type Newcomen engine that for many
years it was used without any further im-

provements. These engines with separate

condensers had large cumbersome cylinders

which operated slowly. Some of them made
^only a few strokes each minute.

Watt’s engine, however, pumped water

from wells and mines satisfactorily, and for

a time this was almost the only work done

with steam engines. There was therefore no

incentive for building any other kind of en-

gine. The boilers used by Watt and his prede-

cessors were made of copper or a combination

of copper and iron. These boilers were not

capable of withstanding much pressure; in-

deed, all engines built under Watt’s directions

used a steam pressure only a few pounds

greater than atmospheric pressure.

To use steam under pressure was a prob-

lem for the boilermaker. The atmospheric

engine was developed first, since boilers which

would withstand high pressures could not be

made. Water has such expansive force when
it is changed into steam that strong boilers

are necessary. At the present time steam

engines are commonly operated on pressures

up to several hundred pounds per square inch.

During the latter part of the eighteenth

century ironworkers learned how to make
good boiler plates which were able to with-

stand a considerable steam pressure. The fact

that steam could now be produced under pres-

sure, and the need for a strong light engine

to drive steam locomotives as well as boats,

were probably the two greatest factors in the

development of engines that operated with

steam instead of atmospheric pressure.

Steam-Engine Boiler. A modern steam en-

gine is a machine in which steam under pres-

sure is used to produce power. This high-

pressure steam is produced in a boiler. The
early boilers were simply metal airtight con-

tainers. These were placed in such a way
that a fire could be built under them, and the

heat changed the water in the boilers to steam.

The best of these early steam boilers pro-

duced only a few pounds of steam pressure,

whereas modern steam boilers are capable of

producing a steam pressure of several hun-

dred pounds per square inch. The steel plates

and steel tubes are put together in such a

way that as little fuel as possible is wasted

while water in the boilers is being heated.

Fire-Tube Boiler. One type of boiler used

commonly to produce steam for locomotives

and marine engines is called a fire-tube boiler

because the heat from the fire is conducted

through a large number of tubes. These tubes
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extend through the boiler, the water inside the

boiler entirely surrounding them. The water

inside the fire-tube boiler is heated not only

from the surface of the firebox but also from

the surface of all the tubes through which the

heat is passing on its way from the firebox

to the smokestack. The diagram above shows

the main parts of a locomotive steam boiler.

In the diagram, note the coal grates; the

baffle plate to direct the heat against the sides

of the firebox, where it can pass through the

boiler plates and into the water in the boiler;

the tubes through which the heat passes;

the steam dome, the place where steam is

removed from the boiler; the smokestack;

the water in the boiler; the pipe through

which steam is taken from the boiler; the

coiled section of the pipe where the steam

passing out of the boiler is superheated.

The firebox of oil-burning locomotives is

arranged somewhat differently from that

shown in the diagram, but the boiler itself is

essentially the same as that shown.

Wcder-Tube Boiler. The boilers which are

used to produce steam to run stationary

steam engines in factories and power plants

are constructed somewhat differently from

the boilers of locomotives. These boilers are

called water-tube boilers because some of the

water in them is in tubes surrounded by the

hot air and flames from the fire.

The diagram at the right shows the main
parts of a water-tube boiler. In this diagram
three baffle plates force the heat from the fire

back and forth between the water tubes.

Note the smokestack; the steam dome, con-

sisting of a large cylinder made of boiler

plate; and the pipe through which steam is

taken from the boiler. The curved part of

this pipe, which loops back over the firebox,

is the superheater, where the steam is heated

very hot before it leaves the boiler.

Reciprocating Engine. The power of a mod-
ern reciprocating steam engine is developed

in a cylinder in which a piston is pushed first

in one direction and then in the opposite

direction. This back-and-forth motion causes

the engine to be called a reciprocating engine.

A cross section of the cylinder and re-

lated parts is shown on page 195. Note the

Water-tube boiler

Steam dome
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Cross section of cylinder and related parts

of reciprocating engine

cylinder; the piston, which is made to fit more
closely in the cylinder by placing spring rings

around it; and the steam box, into which the

high-pressure steam enters through the pipe

from the boiler. The valve, sometimes called

a D or cup valve, is in the steam box, where

it can control the flow of steam through the

ports A and B and the exhaust pipe E. In

the diagram steam is entering the steam box

from the pipe connecting the boiler to the

engine. From the steam box the steam is pass-

ing through the port A into the left end of the

cylinder, where it is forcing the piston to the

right. Steam in the right-hand end of the cyl-

inder is being forced by the piston through
the port B, through the cup part of the valve,

and out of the engine through the exhaust

pipe E. When the piston reaches the right-

hand end of the cylinder, a valve gear moves
the valve to the left so that steam, can enter

the piston through the port B, and the steam

which has been flowing into the left-hand end
of the cylinder can escape through the port A
and the exhaust pipe E. This continued ac-

tion moves the piston back and forth as long

as steam is allowed to enter the steam box.

The piston rod, which connects the piston to

the rest of the engine, passes through a stuff-

ing box. This stuffing box prevents steam

from leaking out of the cylinder around the

piston rod. The valve rod, which connects

the valve with the valve gear, passes through

a stuffing box in the right-hand end of the

steam box.

The diagram below shows the parts of a

simple reciprocating steam engine. In the

diagram, the eccentric is fixed solidly to the

crankshaft of the engine. This eccentric is

the valve gear, which controls the movements

of the valve. The crank of the engine is con-

nected to the crosshead by means of the con-

A simple reciprocating steam engine

195



necting rod. The crosshead on an engine

makes it possible to fasten the cylinder to the

base solidly. The cylinder of an engine not

equipped with a crosshead must be fastened

in such a way as to allow the cylinder to pivot

on an axle as the crank moves up and down.

Note the intake pipe and the exhaust pipe.

The flywheel causes the engine to run

smoothly and without jerks. It also has the

function of keeping the engine in motion

while the valve is changing the direction of

the steam flow into the cylinder.

Condensing Engine. In some engines the

steam is allowed to escape directly into the

air. Since the atmosphere has a pressure of

about 15 pounds per square inch, the steam

which comes out of the cylinder has to push

back this air, and as a result it wastes some of

its power. The condensing engine overcomes

most of this loss by having the cylinder ex-

haust its steam into a container in which there

is a stream of cold water, or else into a num-
ber of cold-water pipes, in which the steam is

quickly condensed. A partial vacuum is thus

created, and the steam does not have to push

against the 15-pound pressure of the air. The
condenser is especially valuable on steam-

ships because the water can be sent back to

the boiler and used again. If sea water were

used, the minerals in it would quickly ruin the

boilers.

Compound Engine. The steamwhich comes
out of a single-cylinder engine is still hot and

has not completely expanded; as a result,

considerable steam and possible work are lost.

Much of this energy can be saved by having

the exhaust steam led into another cylinder

which is much larger than the first. The steam

is allowed to expand in this cylinder, then to

exhaust into another larger cylinder, and to

continue in this way until its expansive force

is nearly all used. This type of engine is

called a compound engine. Some steamboats

have several cylinders in which the steam

may expand. Some small marine engines have

only one extra cylinder. When they have thus

only two cylinders, they are called double-

compound engines. Three-cylinder engines

are called triple-expansion engines. The dia-

gram shows a cross section of the cylinders

and valves of a cross-compound engine.

Steam Turbine. If steam under great pres-

sure in a boiler is allowed to escape through

a small opening, or nozzle, it may leave the

nozzle with the tremendous speed of about

1200 miles per hour. If this steam is allowed

to strike against an object, it will push very

hard against it. The steam turbine is a ma-
chine which can cause this pushing to do real

work.

A wheel (see first diagram on page 198)

which has many curved blades, called buckets,

attached to its rim is set so that the steam

from several nozzles can strike against these

blades. The wheel is thus made to revolve at

a very high speed. Many large steam-turbines

turn at a rate of more than 3000 revolutions

per minute. Of course the steam which leaves

the wheel is still very hot and is moving

rapidly; consequently it is still able to expand

much more. Therefore almost all turbines

are made with many moving wheels so that

the power of the steam can be almost com-

pletely used.

The lower diagram on page 198 shows the

shape of the ends of the revolving buckets

of a steam turbine and the position and

Heat energy can be transferred through this steam turbine

into mechanical or electrical energy. (Courtesy of

Robert Yarnall Richie)
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shape of the ends of the stationary blades.

These stationary blades are sometimes called

the nozzles of the turbine. The steam enters

through many nozzles and strikes the first

set of revolving blades. These blades are

curved, and the steam which pushes against

them has its direction changed and comes

out moving in the opposite direction. It now
strikes a set of stationary blades, which turn

it back to its former direction. It now strikes

another set of moving blades and pushes them

on. This process is repeated until the heat

and expansive force of the steam are used up.

The end of the turbine where the steam enters

has smaller and shorter vanes because the

steam passing through this part of the turbine

has not yet had time to expand and hence has

less volume than it has after passing through

some of the moving and fixed vanes. As a

result of the use of different-sized blades in

the turbine, each of the many blades con-

tributes an equal push on the drive shaft.

Turbines have found a wide use on high-

speed ocean liners and on destroyers. They
occupy less space per horsepower than the

other type of steam engine. They do not vi-

brate or shake like the reciprocating type of

engine, the pistons of which move back and

forth. They are more efficient when working

under a heavy load than the other t
5q)e of

engine, but they are not satisfactory when
working at a slow speed. The greatest dis-

advantage of the turbine is that it cannot be

reversed, and a ship must have another tur-

bine v/hich will turn in the opposite direction

to propel it backward.

STUDY GUIDE

1. Who built the first successful steam en-

gine? When?
2. How did Watt improve the steam en-

gine?

3. Describe two kinds of steam boilers.

4. What is the function of the eccentric on

the shaft of a steam engine?

5. What is the purpose of a flywheel on a

reciprocating steam engine?

6. Why is a condensing engine especially

valuable to ocean-going ships?

7. What is a compound engine?

8. Describe the action of a steam turbine.

The Gas Engine

Gasoline Engines, The first attempt to

operate an engine by burning substances

within the engine was made, as we have seen,

by Huygens in 1678. He attempted to oper-

ate an atmospheric-pressure engine by ex-

ploding gunpowder in the cylinder under the

piston. In 1823 a patent was issued for an

Path of steam through turbine

Exhaust
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engine which formed a vacuum by the com-

bustion of gas and air. This was the first

patent issued for a gas engine.

In a modern gas engine a gas is mixed, in

the carburetor, with the proper amount of

air, and the mixture is compressed in the cyl-

inder of the engine. The mixture of gas and

air is then ignited, or set on fire, by means of

an electric spark. When the gas burns, it

becomes extremely hot. The expansion of

this hot gas pushes the piston down in the

cylinder, and the piston rod, which is attached

to the piston, pushes on a crank. In this man-

ner the crank and a flywheel attached to the

crank are caused to rotate.

Any engine which operates as a direct re-

sult of the combustion of fuel inside the engine

is called an internal-combustion engine. Its

most common type is the familiar gasoline

engine, the principal parts of which are shown

in the diagram below.

Four-Cycle Engine. The four diagrams on

page 200 show the four actions, or move-
ments, in a four-cycle gasoline engine. In the

first diagram the intake valve is open, the

exhaust valve is closed, and the piston is

moving downward. When this action takes

place in an engine, a mixture of gasoline vapor

and air is forced into the cylinder by atmos-

pheric pressure. In the second diagram both

valves are closed, and the piston is moving

upward. This action results in a compression

of the gaseous mixture in the cylinder. A gas

under great pressure will burn more readily

than one under a slight pressure.

You will readily see why compressed gases

burn rapidly if you realize that the molecules

are close together and therefore it is easier for

the gasoline vapor to find molecules of oxy-

gen with which to unite. When the gases are

not compressed, the gasoline molecules have

to travel farther to find oxygen, and they burn

more slowly than when the gases are com-

pressed. Automobile-manufacturers can now
make engines with higher compression, which

increases the efficiency and power of their

motors.

Just before the piston reaches the top of its

stroke, a spark jumps across the gap between

the points of the spark plug. The spark ig-

nites the gas, which burns very rapidly. The
rapid burning of the gas in the cylinder re-

sults in a tremendous gas pressure in the cyl-

inder above the piston. The pressure formed

in this manner pushes the piston down in the

cylinder, as is shown in the third diagram.

Principal parts ofa

gasoline engine
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Intake

Exhaust

Compression Poujct Exhaust

Strokes in a four-cycle gasoline engine

The gas is ignited with a spark before the

piston reaches the top of its stroke in order to

allow a very short period of time for the gas

to burn and form its pressure. If the gas were

ignited when the piston was at the top of its

stroke, it would be carried part way down the

cylinder again before the pressure resulting

from the burning of the gas could act upon it.

The net result of operating an engine in this

manner would be the loss of some of the

power because the expanding gas would not

be pushing on the piston while it was moving
all the way down in the cylinder.

When the piston gets to the bottom of its

stroke, the exhaust valve opens, as shown in

the fourth diagram; and as the piston moves
upward in the cylinder, the burned gases are

forced out of the cylinder.

When the piston reaches the top of its

stroke again, the exhaust valve closes and the

intake valve opens, and the engine proceeds

through the four movements, or cycles, just

described. The valves are operated by cams,

which are in turn operated by a set of gears

driven by the crank. Since each movement
is called a cycle, and since there is power, or

pressure, applied to the piston once in every

four cycles, an engine which operates in this

way is called a four-cycle engine.

Since a four-cycle engine receives its power

only on alternate downstrokes of its piston,

or only one fourth of the time, there is a great

tendency for the engine to vibrate. In order

to overcome this tendency engines are built

with two, four, six, eight, or more cylinders

whose pistons are all connected to the same

crankshaft. Engines with multiple cylinders

have power applied to their crankshafts dur-

ing a great percentage of the time and are

therefore smoother in operation and have

less vibration. The crankshaft of a sixteen-

cylinder engine has a nearly constant amount
of power because the crankshaft receives

power four different times each half-turn.

Two-Cycle Engine. This type is popular for

small engines, such as those used in motor-

boats, because it receives power in each revo-

lution and has no valves. Instead of having

the complicated valve system of the four-

cycle type, this engine uses the piston to do
the work of the valves by covering and un-

covering the transfer and exhaust ports.
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\ The diagrams on this page show the action,

I

or movements, of a two-cycle engine. When
the flywheel is turned to start the engine, the

piston moves up and draws air and gasoline

vapor through the carburetor into the crank-

case. Then, as the piston starts down, the

check valve closes and prevents the mixture

of gas and air from going back out through

the carburetor. The gas will be compressed

in the crankcase until the piston uncovers the

transfer port and lets the gas into the cylin-

der. As the piston moves up again, the ports

will be closed, and the gas will be compressed

in the cylinder. When the piston nearly

reaches the top, a spark from the spark plug

ignites the gas, which drives the piston down.

The opening of the exhaust port is a little

above the transfer port. After the piston un-

covers the exhaust port to let out the burned

gases, the transfer port is uncovered, letting

a fresh charge of gas into the cylinder. When
this operation is repeated, the two-cycle en-

gine receives power on each downstroke of

the piston. The top of the piston is slanted

so that the burned gases will be directed to-

ward the exhaust. A deflector on the piston,

close to the transfer port, causes the intake

mixture to rise to the top of the cylinder,

where it will not mix with the burned gases.

The piston and crank are lubricated by oil

mixed with the gasoline.

Knocking. If low-grade gasoline is used in

a gas engine which has rather high compres-

sion, the gasoline mixture, when ignited,

explodes almost instantaneously instead of

merely burning rapidly. The explosion is so

rapid and the pressure is put on the piston so

suddenly that the effect is just the same as if

the piston had been struck with a hammer.

These explosions (or knocking, as it is called)

place undue strains on the pistons and bear-

ings and thus weaken the engine. The engine

does not produce so much power, and it

gets heated more than is necessary. The

knocking can be heard as a pinging sound in

the cylinders.

Much research work has been done on this

problem, and it has been found that if a small

quantity of a substance known as tetraethyl

lead is added to the gasoline, it burns slowly

instead of exploding. This method has proved

to be so successful that almost all oil com-
panies produce an antiknock gasoline which
contains this lead compound.

Carburetor. The carburetor is a device

which changes a liquid to a gas and then mixes

this gas with another gas. The carburetor on

a gasoline engine changes liquid gasoline to

a vapor and mixes it with the right amount of

air.

The right amount of air is extremely im-

portant. The proper proportions of gas and
air can be demonstrated by means of a small

can which has a spark plug soldered in its

side and is fitted with a tight lid. If a good

deal of gasoline is put into the can and the lid

is replaced, and the can is then shaken thor-

oughly, a spark will have no effect on the

mixture. But if the mixture of gasoline vapor

and air contains about 5 or 6 per cent of gaso-
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line vapor and the rest air, it will explode and

blow the lid off the can. In other words, if the

carburetor mixes too much gasoline with the air

(too "rich” a mixture)
,
or if it mixes too small

an amount of gasoline (too "lean” a mixture)

,

the engine will not run satisfactorily.

It was a difficult problem to bring the car-

buretor to its present state of perfection. In

the wintertime it is difficult to get gasoline to

vaporize. When an automobile climbs a

mountain, the high altitude provides less air

for the carburetor to use. Carburetors vary

greatly. The illustration above shows the

main parts of a simple carburetor. Gasoline

flows into the carburetor through a feed pipe.

A float controls this flow of gasoline into the

bowl of the carburetor by closing a needle

valve. This action keeps the level of the

gasoline in the bowl at the same place all

the time. A second pipe connects the bowl of

the carburetor with the jet. This jet is in the

center of a large tube. The opening of the

jet is at the same level as a constriction in

this large tube, called the venturi of the car-

buretor.

As the engine operates, air rushes through

the large tube of the carburetor, through the

intake valves, and into the cylinders. The air

rushing through the venturi causes gasoline

to flow out of the jet. The gasoline flowing

into the tube in a fine spray is quickly evapo-

rated and mixed with the air. The net result

of this action is to introduce a mixture of air

and gasoline vapor into the cylinders at each

intake stroke of the pistons.

A valve, called the throttle valve, controls

the flow of vaporized gasoline and air from

the carburetor to the engine, thus controlling

the power of the engine. In an automobile-

engine carburetor this valve is regulated by

a foot lever or a hand lever of some kind.

High-Speed By-Pass. The ability of the

stream of air passing through the venturi of

a carburetor to cause gasoline to flow from

the jet is not the same at all engine speeds.

This ability increases as the speed of the en-

gine increases. As an illustration of this fact

consider an engine running first at 400 revolu-

tions per minute and then at 1600. When
running at 400, the ability of the stream of

air to cause the gasoline to flow out of the jet

is only about -

3^ as great as it is when the

engine is operating at the rate of 1600. The
faster the engine runs, the greater is the flow

of gasoline in proportion to the flow of air

unless sortie sort of control is built into the

carburetor. The most common method of

controlling this action is to place an air valve

in the tube above the jet, as shown in the

diagram on this page. This air valve is opened

by atmospheric pressure and closed with a

spring. This valve is sometimes called a high-

speed by-pass. While the engine is running

slowly, a carburetor equipped with a high-

speed by-pass operates like one without the

by-pass. When the engine is operating at

high speed, the vacuum in the carburetor’s

air tube above the jet is increased to such an

extent that there is a difference in pressure on

the two sides of the by-pass valve large

enough to compress the spring and open the

valve. This allows air to enter the air tube

and pass to the cylinders of the engine with-

out increasing the flow of gasoline from the

jet. Gasoline engines which operate at a

nearly constant speed do not have carburetors

equipped with a high-speed by-pass. Auto-

mobile engines are required to run at varying

speeds; consequently, in order to get a proper

mixture of gasoline vapor and air in the cyl-
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inders for economy in driving at all speeds

of the engines, many are equipped with car-

buretors having high-speed by-passes.

Cooling. Gasoline burns at such a high tem-

perature in a cylinder that the engine must be

cooled or the cylinder would become so hot

that it would be ruined. There are two meth-

ods of cooling engines : water-cooling and air-

cooling.

Water-cooUng. When an engine is cooled

with water, the cylinders are surrounded by

a jacket which is filled with water (see dia-

gram on this page). Water expands when it

is heated; therefore the hot water rises to the

top of the engine and is pumped into the top

of the radiator. There it cools and settles to

the bottom, where it is taken to the bottom of

the cylinders to be used over again. The

water is made to circulate by means of a cen-

trifugal pump.

Water-cooling is simple and satisfactory

for automobiles. In very cold weather there

is danger that the water will freeze and break

some of the pipes. This danger is easily over-

come by adding some alcohol or other low-

freezing-point fluid to the water to prevent it

from freezing.

This simple problem of cooling, however,

becomes very complicated and serious in an

I airplane motor. An airplane engine must be

I

very light if the plane is to carry a worth-

j

while load of passengers or freight. The

, weight of the cooling water, cylinder jackets,

;

and radiator becomes important in an air-

plane. The weight is not the only serious

;

problem; the connections leading the water

i to and from the radiator are likely to break

i

or leak and let the water out. Many forced

landings and accidents have been caused in

the past by just this type of difficulty.

Air-cooling. Air-cooling also has many
difficulties. Up to the present it has not been

possible to build an air-cooled engine that

will cool properly if the motor develops much

more than 100 horsepower per cylinder. Since

i
there is a demand for motors of 2000 horse-

1 power or more for large airplanes, the design

of these motors is particularly difficult.

In order to permit each cylinder to strike

cool air, the radial air-cooled engine has be-

come popular (see illustration on page 204).

The cylinders and cylinder heads have many
flanges so that a greater surface will be ex-

posed to the air and more rapid cooling will

be possible. A glance at a radial engine, how-

ever, shows that it will have greater wind

resistance as it moves through the air than a

motor with the cylinders set in a row. Some
of this resistance is overcome by placing a

cowling, or ring, around the engine. The
radial type is necessary for motors of several

hundred horsepower because, if the cylinders

were in a row, the back cylinders would be

exposed to hot air instead of cold and would

not cool properly. There seems to be a splen-

did field for the ^'in-line” type of motor with

four cylinders which does not develop much
more than 100 horsepower. These motors

seem to cool satisfactorily, though, of course,

they are greatly limited in the amount of

power which they can develop.

Bu-Gas Engines. A new kind of fuel for

use in internal-combustion engines has re-

cently been developed. This fuel, called bu-

gas, is composed largely of butane (hence the

name) . This new fuel is a gas at normal tem-

perature unless it is kept under pressure.
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Official U. S. Navy Photograph

The Navy’s Constitution, a large, land-based transport vitith a speed

of 300 miles per hour and an extreme range of 5000 miles.

It has capacity for 180 people

There are several advantages resulting

from its use. Being a gas, it can be mixed

with air in the carburetor, in the right pro-

portions to ensure complete combustion. It

burns more slowly even than ethyl gasoline.

This permits its use in high-compression en-

gines, where it eliminates the annoyance of

knocking. There is some evidence that when
this new kind of fuel is used in internal-

combustion engines there is a considerable

saving in fuel cost.

The conversion of an engine designed to

burn gasoline into a bu-gas-burning engine is

simple. A pressure tank to hold the fuel

supply is placed at some convenient point.

A converter, in which the liquid bu-gas is

changed to a gas at approximately atmos-

pheric pressure, is placed close to the engine.

The carburetor must be readjusted to accom-

modate the new fuel because bu-gas requires

more air than gasoline vapor does.

Bu-gas is not in very extensive use at the

present time, but it promises to be extensively

used, especially for truck and tractor engines.

The one big disadvantage of bu-gas is that it

is more dangerous than gasoline because it

must be kept under pressure in a tank. A
leak in the tank allows the fuel to escape, and,

being in a gaseous form, it ignites more easily

than liquid gasoline.
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Diesel Engine. Gasoline is so expensive and

catches fire so easily that it is not an ideal

engine fuel. Its use has been limited to rather

small engines. The Diesel engine, on the

other hand, meets the demand for an engine

of many thousands of horsepower which can

burn a cheap fuel, such as crude petroleum.

A gasoline engine cannot burn crude oil, be-

cause it is impossible for the carburetor to

vaporize a liquid so thick and heavy.

There are several types of Diesel engines.

One is known as the two-cycle air-injection

type. A study of the diagram at the right

shows that it is similar to the two-cycle gaso-

line engine except that it has no spark plug.

Instead of compressing the air in the crank-

case, as in the two-cycle gasoline engine, this

Diesel engine has a pump which compresses

air to a high pressure. When the piston is

down, this compressed air is blown into the

cylinder through the intake opening. As the

piston moves up, it compresses the air above

Fuel-
injection

valve

Intake

Air y
storage^

tank Tuio-stage ^
air-compressor

Two-cycle air-injection Diesel engine

the piston much more than is done in a gas

engine. When air is squeezed together, it gets

A Diesel engine for a streamlined train of the Union Pacific Railroad
Union Pacillc
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hot; and the Diesel-engine piston compresses

the air so much in the cylinder that it becomes

hot enough to set oil on fire. Just before the

piston gets to the top of the cylinder, the in-

jection nozzle permits a high-pressure blast

of air to spray some oil into the cylinder. As

soon as the oil strikes the hot air, it begins to

burn and drives the piston down. This type

of engine, without electric equipment, is

simple to operate and is long-lived.

Some of the two-cycled Diesel engines, in-

stead of having the intake port on the side of

the cylinder, have it on top. The intake and

exhaust of these engines are controlled by
four valves. This type can blow out the

burned gases better, but otherwise it is the

same in operation as the valveless Diesel.

The diagrams below show the four opera-

tions in the jour-cycle Diesel engine. The
first diagram shows the first stroke, with the

intake valve open, and air from the atmos-

phere coming in—this eliminates the cost of

compressing so much air; the second diagram

shows the compression stroke with both

valves closed; the third shows the power

stroke; and the fourth shows the exhaust

stroke with exhaust valve open. This type

of engine forces the fuel oil into the cylinder

by means of a jet of compressed air, or else

it simply pumps the oil in through a spray

nozzle. In the first case, it is known as the

air-injection type; in the latter case, as the

solid-injection type.

Diesel engines are started by blowing com-

pressed air into the cylinders. Then the oil

is injected into the cylinders, where it burns

and keeps the engine going.

The exhaust gases from a Diesel engine

consist of steam and the oxides of carbon.

The gases from some Diesel engines escape

into a water-cooled exhaust pipe. As a result

of the condensing of the steam and the cool-

ing and contracting of the other gases, the

engine does not have to exhaust a very great

volume against the atmosphere, thereby sav-

ing considerable power.

The Diesel engine has become very popu-

lar on freighters and other seagoing ships. It

occupies much less space than a steam engine

or a turbine with its boilers. It does not re-

quire so much fuel oil as steam engines, and

it can be reversed in a few seconds.

Action of a four-cycle Diesel engine

Oil nozzle Oil nozzle Oil nozzle

Poiuer

Oil nozzle

Exhaust
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The Diesel engine is immensely satisfac-

tory for heavy loads, but it will not run well

I
when idling—that is, running with a light

|;

load. This fact has prevented its ready adop-

t tion for the automobile, since the engine in an

I
automobile idles much of the time. On the

I

other hand, the Diesel engine seems to have

many possibilities for the airplane, since the

engine in a plane works at nearly full load

I

most of the time.

The airplane Diesel is being gradually de-

veloped. The hardest problem to overcome

at present is weight, since it is necessary to

I

make Diesel engines heavier than gasoline

engines in order that they may stand the high

compression. The Diesel airplane engine has

many advantages; there is no electric equip-

j! ment to "short” or give other trouble; there

) is no interference from spark plugs to disturb

i the radio; and Diesel oil is so cheap that the

cost of operating the motor is small. Perhaps

i
most important of all, the fire hazard is almost

i

completely eliminated. In airplane crashes

!' many lives have been lost because electric

' sparks or hot exhaust pipes have set the gaso-

il

line on fire, but the fuel oil used in Diesels

j

is so hard to set on fire that this danger is

! removed.

Semi-Diesel Engine. Small engines of the

! semi-Diesel type have become popular. It

I
seems that the full-Diesel engines work better,

the larger they are made; but much of the
' objection to small Diesels is overcome by the

' semi-Diesel principle. These engines are the

;

same as the two-cycle Diesels except that they

do not have such high compression and there

is a metal rod at the end of the cylinder (see

illustration). Before the engine is started,

the rod is heated red-hot with a blowtorch;

and it is kept hot by the burning oil. The rod

ignites the gas in the cylinder at each revolu-

tion. Semi-Diesel engines run satisfactorily

on kerosene.

STUDY GUIDE

1.

Explain the operation of an internal-

combustion engine. What are the chief parts

and the function of each.

2. What is knocking? How may it be pre-

vented?

3. How is a modern gasoline engine built

so as to overcome part of the vibrations of the

engine?

4. What is the approximate percentage of

gasoline vapor and of air necessary for an

explosive mixture?

5. Why are air-cooled engines generally

used in airplanes?

6. Why cannot crude oil be used for fuel

in a gasoline engine?

7. Explain the operation of a Diesel engine.

What are some advantages and disadvantages

of the Diesel engine for different uses?

The Automobile

Early Suggestions. As early as the year 1250

Roger Bacon said, "It will be possible to con-

struct chariots so that, without animals, they

may be moved with incalculable speed.” Un-

doubtedly others may have had the same

dream.

The sailboat inspired those who would

travel with equal ease on land, and in the

fifteenth century elaborate drawings were

made of coaches which would sail over land

as a boat sailed the seas. But these "wind-

blown” coaches never got out of dreamland.
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In 1680 Sir Isaac Newton, who discovered

the laws of gravity, was impressed by the

power of steam. He suggested that a steam

carriage could be made, which might be pro-

pelled in the same manner as a skyrocket by

having a jet of steam issue from a nozzle at

the rear of the car.

But all such early wishes and imaginings

were fruitless until the invention of the

engine.

Steam Automobiles. Cugnot, a French cap-

tain of artillery, dreamed of a machine which

could pull heavy cannon faster than they

could be moved by horses. He had seen the

steam engine. There at last was the machine

which could bring artillery to the battlefront

before the enemy’s horses arrived.

A year of hand-forging by Cugnot pro-

duced, in 1769, the world’s first automobile.

He proudly tried out this creation before the

French Ministry of War. The machine had

three wheels, with the boiler out in front. Two
oscillating cylinders were directly connected

to the front wheel. This war machine fright-

ened people on the streets of Paris by going

at the dangerous rate of 2^ miles per hour. Its

steam would last for only 15 minutes; then

the driver would have to stop and fire up

again.

There was a hinge in the middle of the

frame so that the machine could be bent for

steering, but it was so heavy in front that it

was nearly impossible to steer it. One day,

while traveling through the streets of Paris

''at great speed” (2^ miles per hour), the

machine came to a turn. It did not quite

make the turn; the heavy front end over-

balanced it, and it upset, smashing into a

wall. Large quantities of boiling water and

hot embers were thrown over the street. The

authorities considered such a speed demon

entirely too dangerous to be permitted on the

streets; so they placed it permanently under

lock and key. Thus the man who gave the

world the first automobile also gave it the

first automobile wreck.

James Watt, one of the inventors of the

steam engine, was impressed by the possi-

bility of using steam for propelling a car-

riage, but it remained for one of his pupils,

Nathan Read, to receive the world’s first

patent on a steam carriage.

However, the first successful steam auto-

mobile was built in 1802 by Richard Trevi-

thick at Camborne, England. This machine

struggled for 90 males over the bumpy dirt

roads to London, there to be proudly exhibited

by its owner.

The person who brought steam coaches to

"perfection” was Walter Hancock. His first

machine was three-wheeled; the front wheel

did the driving and steering. This model ran,

or rather crept, many hundred miles. Han-
cock’s second steam wagon, named the Injant,

was driven by the two rear wheels. The rear

axle was connected to the engine by means

of a sprocket chain. This automobile was not

a success, because the dust got into the ma-
chinery so badly that it was soon ruined. By
1830 Hancock had become the world’s great-

est maker of steam coaches. One of his

models, the Automaton^ ran as a coach on

regular service between Stratford and Isling-

ton for twenty weeks. It covered 4200 miles

and carried over 12,000 passengers.

Goldsworthy Gurney also built several suc-

cessful coaches. Some of his vehicles weighed

nearly 8 tons and had cylinders 9 inches in

diameter and 18 inches long, and the driving

wheels were 5 feet in diameter. Many of the

steam coaches of this period carried from 16

to 18 passengers. Gurney’s coaches could

climb the steepest hills without difficulty. In

1830 a model was made that traveled at 35

miles per hour and climbed a hill at 24 miles

per hour. By 1833 twenty steam coaches

were operating in and around London. They

were immensely popular and were always

loaded with passengers. The steam coaches

of a century ago were so successful that the

stage companies were afraid that they would

be driven out of business. The horse-drawn

stages could no longer compete with steam.

The farmers feared that they would no longer

be able to sell their horses to the stage com-

panics at high prices.

209



One of the earliest of American automobiles

Red-Flag Act. The shortsighted men of

those days took every means to ruin the steam

coaches. The noisy "steamers” were ridi-

culed. Boys threw stones at them. The farm-

ers dug ditches across the roads to impede

their progress. Then in 1836, just as the

dawn was breaking on a new day of real auto-

mobile-building and progress, Parliament

passed the Red-Flag Act. This law imposed

so high a tax on steam coaches that the steam

operators were deprived of all profits. In

order to make sure that the "steamers” should

be unable to compete with horse coaches, the

law required that a man carrying a red flag

should walk in front of the steam coaches to

warn the people along the road. The maxi-

mum speed was set at 4 miles per hour be-

cause the operators of horse-drawn coaches

knew they could not compete with steam

coaches, which regularly traveled at 12 miles

per hour. Thus with one law Parliament

stopped progress along these lines for about

seventy years. This stupid law was so effec-

tive that by 1894 only a few people even

remembered the glorious days when the steam

coach was the proud champion of the road.

Gasoline Automobiles. The modern auto-

mobile became possible in 1884, when Gott-

lieb Daimler, a German, invented his small

high-speed gas engine. A year later he in-

vented a single-cylinder engine which he suc-

cessfully attached to a bicycle. One great

difficulty with these early gas engines was

that they overheated. In 1886 Carl Benz

overcame this difficulty by putting a water

jacket around a single-cylinder horizontal gas

engine. He placed this engine in a small three-

wheeled carriage and started down the long

road of successful automobile building.

By 1894-1895 gasoline-automobile racing

had become popular in France. The first

prize was won by a 4-horsepower car at the

speed of 12 miles per hour—a far cry from

the steam giants which were made seventy

years before! In 1900 the average speed of

the winning car in the Gordon Bennett race

of 353 miles was 38J miles per hour.

In America a patent was issued to George

Selden in 1895, covering the engine, clutch,

reduction gears, differential, and many other

parts. In fact, the claims of the patent were

so broad that it was impossible to build a car

without using some of Selden’s ideas. As a

result, he had control of the business in

America until 1911. This control had the

good effect of quickly bringing about a stand-

ardization of cars in general. Selden’s organi-

zation also started a central research division

to which all the manufacturers could apply

for information.

Levassor was the first person to construct

a machine along the lines of the cars today.

For example, he placed the engine in front

under a hood, and the radiator in front of the

engine, where it could receive the most cold

air.

Science Applications in the Automobile. The
modern automobile exemplifies the applica-

tion of practically all of man’s inventive and

scientific skill. There is almost nothing in

an applied physical-science course which can-

not be found illustrated in the automobile.

No man could make automobiles successfully

if he did not understand measurement and

measuring devices, because cylinders must be
honed to toTooo inch. Speedometers

must be made which will measure accurately

both speed and distance. Gasoline gauges and
thermometers must be both accurate and
sturdy. No car can operate successfully with-
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|i out a proper set of reduction gears. Since a

I

gas engine increases in power with an increase

in speed, reduction gears must be used when
the car is climbing a hill. The engine must

turn rapidly to maintain its power, and so

:
low gear is used to enable the engine to run

fast and the car to move slowly. Then, when
the top of the hill is reached, high gear is

needed to give speed to the car without exces-

sive wear on the engine by running it too fast.

I

A differential is needed to permit the outside

j

wheel to turn faster than the inside one when
I the car goes around' a corner. Pulleys, gears,

belts, cams, levers,—in fact, all the principal

types of machines,—are found in the car.

New Types of Transmissions. The set of

reduction gears, together with their shafts

I

and operating levers, compose the transmis-

sion. The standard transmission consists of

I a metal box containing several gear wheels of

. different sizes operating on three separate

' shafts. The particular gear wheels which are,

’ at any given time, operating together are 'dn

;

mesh.” The ratio between the numbers of

i

teeth on these meshed gears determines the

! speed of the automobile in comparison to the

speed of its engine.

Several important modifications have been

made in the transmissions of automobiles to

eliminate gear noise and gear clashing and to

facilitate the shifting of the gears. One of

the early improvements is known as ^'synchro-

mesh.” This type of gear mesh has small

automatic brakes in the transmission which

cjuickly bring the gears automatically to the

same speed as that to which the driver wishes

to shift. Thus the teeth can be brought into

mesh without clashing against each other.

Another type of transmission is known as

"constant mesh” because the gears are al-

ways in mesh. The power is shifted from one

gear to the next by moving "dogs” or "splints”

on the shaft. A careless person can clash

these dogs, but they are not nearly so likely

to make a noise as are the gears in the old

standard transmission.

A part of the inconvenience encountered

in shifting results from the need for using a

clutch, which is that part of an automobile

which transmits the power of the engine

through the transmission to the differential

and the rear wheels. In order to eliminate

the use of the clutch, automobile manufac-

turers have devised what is referred to as a

fluid coupling. This coupling is used either

in combination with a standard clutch or as

a complete unit, replacing the clutch. The
essential parts of a fluid coupling are a case

shaped like a large doughnut, a pair of paddle

wheels inside of the case, and enough oil to

fill the case. The operation of a fluid coupling

is somewhat like the operation of a steam

turbine. The oil in the case is set in motion

by the paddle wheel connected to the engine

;

this moving oil flows against the second

paddle wheel with enough force to cause it

to rotate, and it is this rotating force which

is transmitted through the differential to the

The moving air from fan A causes fan B to turn. Using this same

principle, a fluid coupling device transmits power from the

engine to the drive shaft of the automobile
Courtesy Chrysler Corporation
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United States National Museum

An early gasoline automobile

rear wheels. When the engine is turning over

slowly, the paddle wheel in the fluid coupling

which is attached to the engine does not move

the fluid with sufficient speed to move the

paddle wheel which is connected to the rear

wheels of the automobile. Under this condi-

tion there is no rigid power connection be-

tween the engine and the rear wheels, and it

is possible for the automobile to come to a

stop with the engine running and the gears

of the transmission in mesh. This type of

coupling is especially valuable in an automo-

bile which is primarily used in heavy traffic

where frequent stops are necessary.

Another modern means of eliminating the

difficulties of gear shifting has been used

by several automobile manufacturers. This

method does not eliminate the transmission

or any part of it, as is the case in certain

other systems, but the gear shifting is done

either by electric coils and mechanisms or by
oil pressure. The control of these mechanisms

is obtained from the centrifugal force in a

special part connected to the drive shaft of

the automobile.

STUDY GUIDE

1 . Describe the development of the early

steam automobile.

2. Who invented the small high-speed gas-

oline engine? When?

3. What are some of the applications of the

physical sciences illustrated by the modern

automobile?

4. Give several reasons why it would not

be satisfactory to connect the engine of an

automobile directly to the drive shaft.

5. What is the difference between ''synchro-

mesh” and ''constant mesh”?

6. Draw a cross section of a fluid coupling.

7. Name the type of transmission used on

each of the popular makes of automobiles.

IMPORTANT THINGS IN THIS CHAPTER

The heat of a substance is the result of its

molecular motions.

Temperature is the intensity of heat and is

measured by thermometers, which depend

upon the fact that substances expand with

heat.

Both centigrade and Fahrenheit scales use

the freezing point and the boiling point of

water as standard points.

The amount of heat is measured in calories

or in British thermal units. A calorie is the

amount of heat necessary to raise 1 gram of

water 1 centigrade degree. A British thermal

unit is the amount of heat necessary to raise

1 pound of water 1 Fahrenheit degree.

The mechanical equivalent of heat is the

amount of work that is equal to a unit of heat:

1 calorie = 427 gram-meters, or 3.09 foot-

pounds; 1 British thermal unit = 778 foot-

pounds.

Heat of vaporization is the amount of heat

necessary to change a unit weight of a liquid

to its vapor. The heat of vaporization of

water is 540 calories for every gram of

water.

Heat of fusion is the amount of heat neces-

sary to change a unit weight of a solid sub-

stance to its liquid state. The heat of fusion

of ice is 80 calories for every gram.

Heat is transmitted by conduction, con-

vection, and radiation.
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' Steam engines have been used since 1712.

I

James Watt’s improvements on Newcomen’s
l| engine made possible a far more practical

:
steam engine.

In fire-tube boilers the heat from the fire

travels through pipes surrounded by water.

I

In water-tube boilers the heat from the fire

! travels around pipes filled with the water.

j

In a reciprocating engine power is devel-

I
oped by steam under pressure which pushes

i a piston back and forth in a cylinder.

I

I

Condensing engines have increased effi-

ciency because the exhausting steam from

them does not have to push against atmos-

I

pheric pressure.

Compound engines have extra cylinders

I

which use the steam exhausted from other

cylinders to produce added power.

Steam turbines develop power from steam

moving very rapidly and striking against

i

many small paddles.

Internal-combustion, or gas, engines pro-

duce power by burning an inflammable mix-

ture in a cylinder. A gas engine may be four-

cycle or two-cycle.

A four-cycle gasoline engine vibrates con-

siderably if it has only one cylinder; when
it has several cylinders, the vibration is

reduced.

Knocking occurs in a gasoline engine when

the inflammable mixture burns too rapidly.

The addition of tetraethyl lead makes it burn,

or explode, more slowly.

A carburetor changes liquid gasoline to a

vapor and mixes it with the correct amount

of air.

A water-cooled engine is partially sur-

rounded with a layer of water, whereas an

air-cooled engine is cooled by a stream of air

which passes around it.

Diesel engines burn crude oil. They oper-

ate through the compression of air in the

cylinder, the air being compressed so that

it becomes hot enough to burn the incom-

ing oil.

In semi-Diesel engines the oil is ignited by
a hot metal rod in the head of the cylinder.

The first steam automobile was built by
Cugnot in 1769. Some steam automobiles

continued to be developed and used until

about 1920.

The invention of a small high-speed gas

engine by Daimler, in 1884, made possible

the modern automobile.

AFTER YOU FINISH THIS CHAPTER

1. From a history of physics or from an

encyclopedia learn about the development of

man’s knowledge of heat.

2. Prepare a report for the class on meth-

ods for measuring high temperatures and low

temperatures.

3. Why are flywheels necessary on all kinds

of reciprocating engines?

4. Why do triple-expansion steam engines

have cylinders of different sizes?

5. How are reciprocating steam engines re-

versed? How is their speed changed? How
is their speed held constant?

6. During what percentage of the total

time would power be produced in a two-

cylinder four-cycle gasoline engine?

7. What is the position of all the pistons of

a six-cylinder engine when one of the pistons

is at the top of its stroke?

8. How does gasoline get into the carbu-

retor of an automobile engine?

9. How many cylinders of an eight-cylinder

automobile engine are producing power at

any one instant?

LEISURE-TIME ACTIVITIES

1. Observe a steam locomotive and obtain

answers to as many of the following questions

«as you can:

a. How many cylinders has the engine?

b. Where is the reversing mechanism lo-

cated?

c. Where are the valves which control the

steam entering the cylinder?
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d. Is the boiler of the fire-tube or the water-

tube type?

e. Make a diagram showing the locomotive

steam cylinder with its driving bar and valve

mechanism.

2. Examine an automobile engine. Notice

the different parts of the engine and then an-

swer the following questions;

a. Which part of the engine distributes the

gasoline vapor evenly to the cylinders?

b. Does the pump force water into the en-

gine or into the radiator?

c. Is the generator turned by a belt, a

chain, or gears?

d. Where are the timing gears located?

e. Consult a book on the history of inven-

tions and read a complete description of the

old steam coaches. Then try to estimate their

effect upon the world had they been permitted

to continue in England.
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Courtesy National Aeronautics Association from United States National Museum

10. FLYING

Balloons and Gliders

Early Attempts at Flying. Leonardo da Vinci

made the first scientific experiment in aero-

nautics. This accomplished scientist, also a

famous artist, was the inventor of the pro-

peller and is said to have invented the para-

chute. In 1505, after carefully studying wind

currents and the flight of birds, he decided

that the flight by an orthopter, or flapping-

wing model, was the line of experimenting

which should be developed.

In 1680, Borelli, by studying lift forces

and the mechanism of the bird wing, deter-

mined the areas and the power needed to lift

and sustain certain weights. He concluded

that man could not develop within his own
muscles sufficient power to fly, but that some

outside source of energy must be used. Bo-

relli may therefore be considered the father

of aerodynamics, the science of air in motion.

Before the steam engine was developed,

attempts were made to fly powerless ma-
chines. Many experimenters tested balloons

as a means of flying; but more practical were

the early experiments with gliders. The glider

is man’s attempt to imitate the birds. The
glider has wings, a body, and some form of

tail for controlling the flight, just as the bird

has.

The first glider flight is credited to Besmer

in 1678. He attached squares of cloth sup-

ported by a framework of light rods to his

hands and feet. These wings were hinged at

the center and arranged so that the down-
stroke would open the cloth into a support-

ing surface, but on the upstroke the cloth

would collapse and allow him to make a sort

of flapping flight. *He is said to have jumped
from a garret window and soared above the

roof of another house. Drawings of his ma-
chine show that he used wings that we now
know were far too small to support a man.

Another attempt, similar to that of Bes-

mer, was made in 1 742
,
when the Marquis de

Bacqueville announced that he would fly

across the river Seine (see illustration above).

The flight of his glider, in which large paddle-

shaped wings were attached to his hands and

his feet, ended in a heavy fall into a washer-
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woman’s barge in the river. The watching

crowd saw no flight, but they helped him away

after the accident, in which he was injured.

Balloons. The Montgolfier brothers in

France were probably the most famous and

successful experimenters with balloons. After

their experiments other inventors used the

same methods, and by 1782 balloon flights

had become a great sport in all Europe.

Balloons solved the problem of flight in an

entirely different manner from gliders. The
method of the earlier balloonists was to pro-

vide support for the flier by means of hot air

confined in the balloon. Since hot air is lighter

than cold air, the balloon would rise, and if

large enough it would carry a considerable

load with it. Later, balloons which used the

lifting effect of hydrogen were developed.

At first the hot-air balloon was kept heated

by burning straw in a grate under the balloon.

An early balloon flight

Several balloons, however, were destroyed by

catching fire from the fuel.

In 1785 De Rozier attempted to combine

the lifting power of a hydrogen balloon with

the ease of control of the hot-air balloon.

Flydrogen, the lightest gas known, was used

in one balloon because it produced more lift

than an equal volume of hot air. When the

height of 3000 feet had been reached, sparks

from the fire under the hot-air balloon ignited

the hydrogen balloon, and De Rozier met
death on the rocks below—the first man to

give his life to the cause of aviation.

An American, Dr. Jeffries, made the first

crossing of the English Channel by balloon

in 1785. Rittenhouse and Hopkinson of

Philadelphia experimented with a number of

hydrogen-filled balloons in place of one large

gas bag. These balloons produced enough lift

to support a man. A similar method was used

by Professor Piccard in his recent flights into

the stratosphere.

An interesting chapter in the history of

aviation is concerned with high-altitude bal-

loon flights. The first altitude record was

made in 1862 by two balloonists named Cox-

well and Glaisher. Their mammoth balloon

rose over 7 miles into the upper air. As they

were not familiar with the conditions of high

altitude, they did not prepare for them as we
do now. Glaisher, the first to be stricken from

lack of oxygen, lost his sight, then all power

over his arms and legs, and soon could not

speak; finally he lapsed into unconsciousness.

Coxwell, almost too weak to move and unable

to use his hands, which were frozen, grasped

in his teeth the rope attached to the gas-

release valve and managed to release enough

gas so that the balloon sank slowly back into

the warmer strata of air, where there was
enough oxygen to revive Glaisher, and both

were warmed back to life.

For many years no state or county fair was
complete without a widely advertised balloon

ascension and parachute drop by a "dare-

devil” aeronaut. Balloon racing is an inter-

national sport. In these races balloons have

remained in the air long enough to cover hun-



i

dreds of miles. One balloonist was able to

remain aloft and to find enough favorable

i air currents to cover the distance of nearly

I 2000 miles between Paris and Moscow. At

the present time thorough training in free

ballooning is given the pilots of dirigible

balloons.

Data used in compiling the daily weather

report are collected by the use of small

gas-filled balloons. These balloons are re-

leased by weather-observers. By watching

with instruments their rise the observer gets

an accurate record of wind direction and

velocity.

Dirigible Balloons. Flight, as we know it

today, was not developed until a suitable en-

gine was available. It was the gasoline engine

that made human flight possible. The experi-

ments of Santos-Dumont and Count Zep-

pelin, probably the most important ex-

perimenters with the motor-driven balloon,

connect the operation of balloons and the

development of the heavier-than-air flying

machine.

The dirigible balloon, which at first was a

fat cigar-shaped gas bag under which hung a

frame carrying the motor and the aeronaut,

gradually developed into the huge, stream-

lined, lighter-than-air machine. The first

nonrigid balloon had no inner framework,

such as modern dirigible balloons have. The
nonrigid airship is now built only in smaller

sizes for use in training pilots of dirigible

balloons and, in time of war, for patrol work

and defense against submarines.

The dirigibles of today, 700 to 800 feet

long and filled with millions of cubic feet of

gas, have been made possible by the develop-

ment of "Duralumin,” an alloy of aluminum,

copper, manganese, and magnesium. Their

rigid supporting framework is made of this

metal, which is as strong as steel but has only

one third of the weight of steel.

American dirigibles are filled with helium,

a gas which will not burn. But the supply of

helium is limited. The German air liner, the

Hindenburg, which burned in 1937, was filled

with the highly inflammable hydrogen gas.

Balloon proposed by E. G. Robertson in 1804

Based on a print from United States National Museum



Hydrogen gas has been used for balloons be-

cause it is easy to produce. It is also used

because it is lighter than helium and therefore

produces a greater lift. A dirigible balloon

filled with helium must be about a third larger

to produce an equal lift.

The navy uses the dirigible balloon for

long-range scouting. It can fly safely through

fog that would force an airplane down, and

can fly high enough to be practically invisible

while scouting. A dirigible can scout halfway

across the Pacific in about a third of the time

required by a fast aircraft-carrier to cover

the same distance. Commercially the diri-

gible is used for carrying passengers, as did

the German-operated Graf Zeppelin and Hin-

denburg in hundreds of scheduled crossings

of the Atlantic Ocean to Brazil.

Early Gliders. Gliders gave us the first

chapter in practical aeronautics. In 1809 Sir

George Cayley laid the foundation for later

developments by suggesting an imitation of

the gliding ability of birds. He saw the error

in trying to fly by flapping wings. Since he

understood air resistance, he suggested

streamlining and the use of curved wings. He
stated that it was the resistance of the air to

an object moving through it that made flight

possible.

When Sir George Cayley experimented

with the first glider with a tail, he ran into the

wind, and soon learned that the reaction of



Otto Lilienthal’s glider of 1894

Smithsonian Institution

the wind on the wings was so strong that it

supported the weight of the machine and

occasionally lifted him entirely off the ground

and carried him a few yards. Encouraged by
his success, Cayley built a larger machine, in

which he persuaded his coachman to make
the first flight. A gust of wind lifted the glider,

which sailed across the small valley and landed

with a crash.

More successful in experiments "v^^ith

gliders was Le Bris, an old French sea cap-

tain. While this observing person was sailing

in southern waters, he often watched the

albatrosses soaring behind the ship. These

birds can fly for hours without apparent

movement of their wings, which are supported

by the rising currents of wind deflected from

the uneven surfaces of the waves. The wings

of the albatross are highly efficient for gliding

and soaring, and the sea captain killed an

albatross to study this structure. He says:

^'I took the wing off the albatross and spread

it to the breeze, and lo ! in spite of me it drew
me forward into the wind; notwithstanding

my resistance it continued to rise. Thus I had

discovered the secrets of the birds.^

When Le Bris grew old and had retired

from the sea, he was still fascinated by the

problem of flight. He must have been a man
of some skill because in 1855 he completed a

cloth-covered bird 23 feet wide. Mounting

it on a cart, he fastened it to the rail of the

cart with a rope and then climbed into the

machine, while the driver whipped up the

horse. His machine must have been well de-

signed because it jerked the rail from the cart,

suddenly mounted into the air, and soon

climbed to a height of 300 feet. When Le Bris

looked down, he was startled and dismayed

to see that the driver was suspended in the

rope hanging below the machine. This weight

acted as a pendulum to the machine, and

steadied it during its 200-yard flight; but the

minute the machine dropped low enough for

the driver’s weight to strike the ground, the

loss of his weight threw the machine out of

balance and it crashed. This ended Le Bris’s

attempt to fly.

Lilienthal’s Experiments. During the latter

part of the nineteenth century much experi-

menting was done, and many types of gliders

were built. Among the scientific men who
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studied the problem of flight was Lilienthal,

probably the most noted glider pilot. He was

an excellent workman, who repeatedly tested

out his theories by building them into ma-

chines. In 1889, after he had completed a

careful study of bird flight, he prepared the

earliest text on aerodynamics.

Then after his rather wide study of bird

flight and the structure of bird wings, Lili-

enthal decided to use a cambered, or curved,

wing. His first glider, built two years later,

was constructed of peeled willow rods, cov-

ered with cotton, and had a wing area of 100

square feet. It was launched from a conical

hill 50 feet high. An accurate observer, he

made over 2000 successful' glider flights,

occasionally being able to glide distances as

great as from 200 to 300 yards. Some of his

gliders were constructed so that his body
hung below the plane while in flight, and he

Montgomery’s double monoplane glider*

kept it in balance by swinging his legs from

side to side. This system, of course, was not

practical for flight. The method was tiring,

and unless a man moved his body quickly, it

was apt to be dangerous
;
but it was one solu-

tion of the control problem. This crude

method of controlling stability was an im-

portant development.

Lilienthal’s great contribution to the sci-

ence of aeronautics was his proof that curved,

or cambered, wings were much superior to

flat wings. Many of the careful observations

in his records of his flights proved to be of

immense value to the Wright brothers in their

experiments. He met death the day he tested

his first power-driven machine, which fell to

the ground and crashed.

Others, such as Pilcher, Montgomery, and

Chanute, carried on the work which Lilienthal

had so well advanced. More effective gliders

were constantly developed, and progress was

steadily made toward solving the problems of

stalling and control. All this work afforded an

indispensable background for the next major

step—^powered flight.

STUDY GUIDE

1. Describe the pioneer work (a) with

balloons; (b) with gliders.

2. Describe the modern dirigible balloon.

What are the merits or defects of hydrogen

and helium as gases for inflation?

3. Define aerodynamics, cambered wings,

stability, nonrigid airship, rigid airship,

Duralumin.

*From Victor Lougheed, Vehicles of the Air, published

by Reilly and Britton Co.
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Powered Flight

Early Attempts. The solution of the prob-

lem of control had eluded even such men as

Lilienthal and Chanute. Power planes were

built in an attempt to find the secret of flight.

For ten years Henson and Stringfellow,

I two English friends, experimented in build-

j

ing models driven by small steam engines. In

1842 Henson was granted the first patent for

an airplane driven by steam. He planned a

large machine with a wing span of 150 feet;

I
but, like many later inventors, he advertised

1 before the flight occurred, and people believed

the advertisements, which showed pictures of

the machine in flight. When they learned

that the machine had not yet been con-

structed, they ridiculed the inventor until he

was forced to leave England. Accordingly he

went to Australia, where he continued his

experiments.

In France Clement Ader constructed sev-

eral steam-driven planes. In spite of their

appearance, his clumsy bat-shaped models

were able to lift themselves off the ground.

They would fly short distances. France gives

Ader the credit for being the first man to fly

a power-driven airplane, but no evidence has

been produced to show that this machine did

more than hop along the ground in short

jumps, only to end in a wreck.

Sir Hiram Maxim tried to solve the prob-

lem of flight by using an immense amount of

power. His machine, 145 feet long and 104

feet wide, was nearly half a block long and
much wider than the average street. Its two
propellers, each 17^- feet in diameter, were

driven by a 300-horsepower steam engine,

and each one could exert a pull of a ton. He
provided planes for steering the machine up
or down in the air, but he too missed the vital

side-balance control. (See illustration below.)

When the time came to test the plane, he

decided to protect his expensive experiment

by providing a track for the test runs. Above
this track he built upper guardrails so that

the machine could rise two feet if it did fly,

yet if it proved to be unmanageable, it would

be held safely by the upper rails. Further-

more, he loaded the machine with weights so

that it would not fly away. Before deciding

on a full-speed test he made many careful

tests, which proved that not only would his

machine lift its own weight but it also had

surplus lifting power. Then the boilers were

fired up until a steam pressure of 300 pounds

was raised.

Maxim and his assistants climbed aboard

the weighted plane, opened the control, and

saw the immense propellers gather speed.

Slowly the plane began to move forward;

then it gathered speed, and the blackened
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rails showed that after a short run the ma-

chine left the rails and rose into the air. Speed

increased still further, and the roaring ma-

chine tugged at the upper rails. With a lunge

it tore through the guardrails, free at last,

and started on its first flight. But the freedom

was short-lived. Maxim had either to give the

machine more steam and take a chance on

free full flight or to stop the engine and bring

it back to earth as quickly as possible. Cau-

tiously he chose the latter, but the plane had

gained enough altitude so that when it fell

back to earth it was wrecked. Discouraged

he gave up his attempt to fly.

Langley’s Aerodrome. Dr. Langley was the

first to try to make the study of heavier-than-

air flight an exact science. He experimented

with a brass plate, formed into a wing and

mounted on a revolving arm, with which

equipment he was able to obtain the exact

figures on the lift and the so-called drag of a

wing in flight. Langley built thirty rubber-

band-driven models, but he also attempted to

make larger ones. One model, which Langley

called an aerodrome, flew three fourths of a

mile over the Potomac River in 1896.

This brilliant scientist, the secretary of the

Smithsonian Institution at Washington, D.C.,

was the last to build a full-sized airplane be-

fore man learned to control the side balance

so that the machines would not topple over

sidewise. Preparatory experimenting was
done carefully and scientifically by means
of a few successful steam-propelled flying

models. He overcame many baffling con-

structional problems. Probably he learned

more than any other man about flying, but he

was not interested so much in the practical

side of the art as in proving that it was pos-

sible to fly. When he proved this to his own
satisfaction, he retired from his experiments,

and was satisfied to let a younger person carry

on his work.

At the outbreak of the Spanish-American

War the War Department, realizing the value

of airplanes, appropriated money for Lang-

ley to construct a man-carrying warplane.

Langley, still cautious, built a preliminary

machine about one fourth the size of his final

large plane. His power plant was a light

steam engine. Copying the birds, he built

automatic stability into his machine by tip-

ping up the ends of the wings, or by setting

them at a so-called dihedral angle. When the

wing is so constructed, it is stable and will

right itself when tipped sidewise. This bal-

ance does not solve the control problem, but

it does make the machine safe.

An examination of the diagram on this

page makes it easy to understand why this

type of construction will help prevent a ship

from tipping over sidewise. Since the lift on

a plane is directly upward from the ground,

wing A in the diagrarn will have more lifting

surface for an upward thrust than wing B. In

fact, when a plane is in the position shown,

it flies as if it had one long wing A' and a short

wing B\ Wing A', being the larger of the two,

will have more lift and will tip the plane

back until it is level. As soon as the ship be-

comes level, the lift on the two wings will be
equal again.

When Langley was ready to make his final

full-sized airplane, he was faced with the

problem of finding a suitable power plant.

He was told that it was impossible to build a

gas engine as powerful as he needed, yet as

light as was required for use in an airplane.

His assistant, Charles Manley, decided to

build the engine himself, and produced a five-

cylinder engine of over 50 horsepower. This

engine remains a marvel even today, for it

developed 1 horsepower for every 3.8 pounds



of weight. There are still many engines which
i do not equal this power per pound of weight.

Launching was another problem. Langley

knew that the machine would fly, but its

starting was a problem he had to solve. On
top of his houseboat he built a spring cata-

pult. This catapult consisted of a spring-

driven carriage which supported the plane on

a track so that the spring would give the plane

a shove to get it up to flying speed after its

engine was started. He planned to fly the

plane over water where there were few ob-

structions and where the air was quiet. But

much publicity had been attached to his ex-

periments, and on the day of the proposed

flight the banks of the Potomac River were

lined with people, including many skeptical

reporters and spectators. Manley donned a

life-preserver and goggles and climbed

aboard. The engine was started and tested;

then the catapult was released. Gathering

speed, the machine moved the length of the

houseboat, but when it was ready to take off

into the air, something on the catapult caught,

and the machine was thrown into the water.

The spectators, ever ready to applaud or to

jeer, did the latter.

The wrecked ship was pulled from the

water and carefully rebuilt. During the re-

building, the newspapers and the public were

busily engaged in ridiculing the attempt. The
machine, which Langley called an aerodrome,

came to be known as "Langley’s folly.”

The machine was ready for flight again by
midwinter. Once again Langley and Manley
prepared their plane for flight. Manley

mounted to his place in the framework be-

tween the wings. Again the catapult was

released. Just as the aerodrome left the cata-

pult and was clearing the houseboat, the

structure of the rear wing caught in the rail-

ing, and again the ship was thrown into the

water.

What were the contributions of Langley to

aeronautics? He added the use of the dihedral

angle, which aids stability and keeps the ma-
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chine from rolling from side to side in flight

(see diagram on page 222 ), and the cambered

wing. Since the highly efficient bird wing

could not be reproduced in his machine,

Langley compromised and curved the wing

as much as was possible with his apparatus

and equipment.

In recent years Glenn Curtiss, another

pioneer in aviation, was allowed to take Lang-

ley’s airplane from the museum; and after

strengthening it to carry a heavier engine, he

fitted it with pontoons, flew it off the water,

and so proved that it could fly.

The Wright Brothers. During the 1890’s

bicycles were very popular. Wilbur and Or-

ville Wright could not afford one; they de-

cided to build their own. Later these two

young men found a source of income in bi-

cycle racing. They won many prizes, riding

bicycles they had built. Soon they started a

repair business, which developed into bicycle

manufacture. A new-type brake, invented by
themselves, gained a reputation for being in-

expensive and durable.

When Wilbur Wright read about the death

of Lilienthal, his interest was aroused, and he

looked up the reports describing the experi-

ments of this great pioneer in aviation. Both

brothers wondered what fault in his machine

had caused its untimely end. They read all

they could about glider flight. Little had been

written on the subject, but they were able to

find some newspaper and magazine articles

and a few technical papers prepared by the

earlier experimenters.

They decided that the worst mistake of all

the earlier experimenters was knowing much
about the machine but spending too little time

and thought on the operation of the machine

in the air. They went over Lilienthal ’s re-

ports of his more than two thousand glides,

the total time of which had been less than

five hours. This lack of time in the air they

regarded as the weak point of the earlier ex-

perimenters; they determined to spend hours

in the air, where others had spent minutes.

Instead of starting by designing a machine or

making models, they decided to study flight.

Balance was the most important problem.

They realized that, while it was a somewhat
instinctive process, it could be developed by

much practice. Wilbur wrote, ''The diffi-

culties are, first, those relating to the con-

struction of the wings; second, a source of

motive power; and third, balance in steering

while in flight.”

The Wright’s First Glider. As the funda-

mentals of wing construction and motive

power had been largely solved, the problems

remaining for the Wright brothers were those

of balance in steering. They designed their

first glider so that the area of the surface of

the wings would be 200 square feet; but, as

they ran out of material, the wings were built

with an area of only 165 square feet. The
Wright machine was a biplane, or two-winged

glider, one wing supported above the other.

This plan of construction was chosen because

it was easy to brace, and Lilienthal had cal-

culated that this area would support a man
in a 21-mile wind. Later they found that

Lilienthal’s figures were not correct.

The glider that the Wright brothers built

was provided with adjustable surfaces for

control. When they heard of Pilcher’s death

from an accident to his plane, they decided to

fly their machine as a kite controlled by ropes.

At Kitty Hawk, North Carolina, they began
actual flights with this glider. Balance was
maintained by a small horizontal wing placed

in front of the other wings. By tipping this

small wing, a sort of air lever, the glider was
caused to climb or to nose down. When the

small wing was tipped upward, the air struck

its undersurface, increasing the lift. This lift-

ing effect tipped the main wings upward and
gave them more lift, causing the machine
to rise.

In studying side balance, the Wrights dis-

carded several of the methods formerly used

to obtain stability. They found that weights

hung below the wings gave them a dangerous

sidesway. They also discarded the dihedral

angle, the V of the wings, which makes a

machine automatically stable but difficult to

control. Instead they decided to make a ma-
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chine which would be affected as little as pos-

sible by wind currents from the side, and yet,

under the control of the pilot, could be ad-

justed quickly and easily to any unexpected

air condition.

The wings were made flexible so that they

would absorb any sudden lift from unex-

pected gusts of wind and retain a slight droop

in their tips. The two brothers had argued at

length over the one major problem still un-

solved—a practical means of controlling side

balance. Alone one day in the bicycle shop,

Wilbur picked up a cardboard tire box as he

cleaned off the counter. His mind was oc-

cupied with the problem of control, and he

stood there thinking, with the ends of the box

gripped between his two hands; as he idly

twisted it, the solution leaped like a flash into

his mind. This box was just like their biplane,

with its top and bottom just like the top and

bottom wings of their glider. "But let us see,”

perhaps he thought, as he twisted his right

hand downward and his left upward; "if I

twist the front of the right wings of our glider

down and the front of the left wings up, that

should set the left wings at a higher angle.

Then those wings should lift. Now when I

twist the wings back flat again, the machine

should fly level. Then if I twist the right

wings up and the left ones down, the right

wings of the glider should rise, and the left

should drop. I’ve got the control scheme.”

(See diagrams A and B on this page.)

The difficult technical problem of balanc-

ing a machine in flight was solved. It seems

absurd to us, having seen many airplanes,

practically all of which use some form of this

balancing principle, that so simple a thing as

the twisting of a cardboard box should reveal

a principle which had been sought for years

and ignorance of which had cost the lives of

many men. Perhaps it was because the idea

was so simple that many experimenters, ex-

pecting something difficult, had overlooked it.

Soon a tiny model of bamboo, with thread

bracing, was built to test the idea. It was fol-

lowed by a box kite about five feet long.

Wilbur took the kite out to a hilltop and held

in his hands two sticks connected to the kite

by wires which moved the control surfaces.

The little machine proved entirely successful.

Machines like it aje used today in training

pilots to fly.

At Kitty Hawk, the two brothers set up a

tent and a small workshop, where they as-

sembled their glider. This machine had cam-
bered wings with a curve of 1 inch in 22

inches, in accordance with Lilienthal’s tables.

The sateen cloth used to cover the wing was
supported by two spars running lengthways

through the wing, one at the leading, or front,

edge of the wing and one about two thirds of

the distance back through the wing. Ribs

running fore and aft were shaped to give the

wing its camber. Both upper and lower sur-

faces of each wing were covered, to reduce

air resistance.

The Wrights’ Glider Flights, As soon as the

machine was assembled, the brothers, eager

to try it in the air, carried it out to a sand
dune. For the first test they used ropes with

which a man on the ground could operate the

controls. The machine rose and flew steadily.

Wilbur rode the machine, stretching himself
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out on the lower wing. Orville held the ropes

below and enjoyed the experiment until he

heard his brother’s excited demands to be

pulled down at once. They had made their

first altitude record of 8 feet.

Many flights followed, with the machine

operated as a box kite and controlled from the

ground by wires. The machine was carefully

tested by carrying different weights, but al-

ways anchored to the ground. Carefully they

studied the lift and the drag of the wings at

different angles, and made the first scientific

flying tests with a glider large enough to carry

a man. They were surprised to find that the

air resistance, or drag, was less than in

Chanute’s tables, and that the lift was less

than Lilienthal’s tables had predicted. These

results astonished them because they believed

the earlier tables were correct; consequently

they carefully checked and rechecked to be

sure that their results were accurate. The
machine did not fly very well

;
it would buck

and tip up and down; it would not remain

level. They suspected that the cloth was not

sufficiently tight or perhaps the curvature of

the wings was incorrect.

Today the airplane-designer has at his com-

mand hundreds of wing curves, each of which

has been carefully and accurately tested in a

wind tunnel (see illustration). The designer

can now construct a plane and predict with

accuracy how it will perform. He knows what

lift and drag to expect at different flying

speeds and how much load it will lift. He
knows how important are slight changes in

the curvature of a wing, and he knows the im-

portance of having an extremely smooth sur-

face on a wing. But the Wright brothers

knew nothing of this. They had to learn these

facts one at a time by tedious, careful tests.

So they thoroughly tested their machine,

learned its peculiarities, and practiced con-

trolling it from the ground until they were

ready to glide.

They soon found a better hill, where they

placed the machine for the first glide in a

straight flight. It flew down the hill to a per-

fect landing. Then they discovered how to

Air foils to suit any taste. Each is tested to determine

just how effective it is

increase flying speed by nosing the machine

down slightly, and how to make it climb

above the starting point by tipping upward

the small elevator plane out in front. Al-

though they gained much gliding practice,

they were actually in the air only two con-

secutive minutes; yet they considered this a

worth-while achievement.

What did they learn in this summer vaca-

tion of 1900? They found that the small

plane set in front of the main plane acted as a

lever and could control the center of pressure

of the wings so as to keep the machine flying

level or to make it rise or drop as they wished.

We still use this control scheme, but now the
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By changing the curvature of their wing,

the Wrights built a wing in which the center

of pressure was nearly stationary, and the

pitching of the machine stopped. It was again

easy to control. But with this problem solved,

they found another puzzling problem con-

fronting them. When the wings were warped,

the wing which had its trailing edge pulled

down should, according to their theory, raise

that side of the plane, and it did exactly that.

But much to their surprise, the wing which

rose also pulled back on the ship and turned it

in the direction of the high wing. The reason

for this was not at first clear, but they finally

found that, with the trailing edge of a wing

twisted downward, there was a larger exposed

area directly in front of the wing than there

was on the opposite wing, where the trailing

edge was slightly raised. There was less area

on the wing with the raised trailing edge be-

cause when the angle of the wing was flat-

tened out in the warping process, it left only

the front edge of the wing to produce drag.

Thus, for example, if the trailing edge of the

small plane is placed on the tail of the ma- right wing were lowered, the increased drag

chine. on that wing would turn the machine to the

The center of pressure is the place where right. (See diagram at the top of page 229.)

the lift of the wing may be thought of as being To remedy this trouble the Wrights put a

concentrated while the machine is in flight, fixed vertical vane at the rear of the machine.

If the center of pressure is near the leading but all this seemed to do was to increase the

edge of the wing, it tends to tip up the wing trouble and leave the problem unsolved,

and make it climb into a stall. If the center When they went home, they built a tube 6

of pressure moves back under the wing, it feet long and 16 inches square. They made a

tends to make it dive, and this drop can be honeycomb of square cells at one end of the

very dangerous. (See diagram above.) The tube, to straighten out the flow of the air

Wrights’ small plane was a control for the drawn through the tube by a motor driving a

pressure-center movement, for it was in- fan. This was the first wind tunnel. Next

tended to make the machine dive or climb, they tested a great number of different-shaped

The wing-warping scheme had proved itself wing surfaces made of cardboard and metal,

in flight and had definitely ended the search repeating the tests many times to prevent any

for some way to control the side balance. error. They found that in their wind tunnel

Later Glider Flights. Silently the Wright the long narrow plane had much greater lift-

brothers pursued their objective. The next ing power than a shorter plane of the same

year they were again at Kitty Hawk, with a area. They found that a high aspect ratio

larger machine. Changes in design were was most efficient; that is, for best efficiency

made, only to prove disadvantageous. But in in their type of wing the length of the wing

this way they learned to better their design must be six times its width. They studied

and the methods of flight. the center-of-pressure movements for greater
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safety when different wings were in use. Here
they made the first experiment with stream-

lining. They were surprised to find that a

shape which is well lined, so as to move
through the air with the least resistance,

should have a thick nose and a long tapering

tail.

In the summer of 1902 the Wrights were

again gliding, but with a larger machine, with

wings of more efficient aspect ratio and the

; same wing curve. They had removed the dan-

ger of the troublesome turning effect, when

;

the wings were warped, by connecting a steer-

;

able vertical tail to the wing-warping mecha-

nism. This apparatus made the rudder turn

j

the ship toward the low wing, with the result

i that the rudder opposed the turning effect of

1

the high wing and kept the machine flying

straight. (See diagrams below.) That year

they made over 1000 glides and obtained 400

hours of gliding practice.

During all this time the Wrights not only

made wonderful contributions to aerody-

namics, or the study of air in motion, but also

developed principles which are used even to-

,

day in all air machines except the autogiro,

j

Not all their work was original, but they did

make flying possible.

It is interesting to know that during their

gliding experiments they developed ability

j

not only to glide but also to soar. A gliding

I machine slides down a hill of air, always drop-

j

ping below its starting point. If there is a

i
strong wind blowing against the machine, its

this direction

rate of descent will be less than if it were
gliding in still air.

The modern highly streamlined gliders

have a ratio of weight to lift great enough

for them to soar. By taking advantage of

wind currents, they climb higher than their

starting point. Gliding competitions have

produced many records for soaring flight and

distance covered.

A machine can soar for the same reason

that a bird can. Currents of air that glance

upward from a hillside can be utilized for

soaring flight. The pilot must understand

thoroughly the action of air as it flows across

the landscape. Rising currents caused by

heat, or thermal currents, are also used for

soaring. The story is told of a German flier

who soared across the country, gradually

dropping lower and lower, and finally losing

z the pilot

its to go
/ Where drag from

^ tuarped luing tip

tL caases machine
* to so

Where pilot wants

to go and where the

machine goes

Rudder turned

this way prevents

(

ii
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The first flight in a motor-

driven plane at Kitty Hawkj

North Carolina,

December 17, 1903

his flying speed over a large grain field that

had been mowed. Rising air currents caused

by the reflection of heat from this stubble

field were enough to prevent his machine from

gliding down to earth, and so he hovered over

the field until it cooled off, when his machine

gently settled to earth. As a machine soars

over areas of green crops or grass or forests,

where the air is cool, it is apt to drop because

here the cooled air is descending.

Power Was Needed. The Wright brothers,

in trying to make longer flights, decided

that power was needed to drive some kind

of propeller which would keep them in

the air. They wrote to many automobile-

manufacturers, asking for a motor of 200

pounds which would develop 8 horsepower.

While waiting for answers, they began to

invent propellers, a study of which proved to

be very complicated.

The Wrights finally developed propellers

built upon the theory that each blade was a

small wing and could be set at such an angle

of incidence that when turned by a motor it

would tend to climb through the air in what-

ever direction it was pointed. Their propellers

turned in opposite directions on mountings

behind the wings. In this way no overturning

force, or torque, was developed, and more

power was gained than the single propeller

would give.

Unable to buy a suitable engine, they built

their own, as Langley had done. They had

much trouble in getting the propellers to stay

fastened at the ends of the bicycle-tubing

shaft, since the vibration of the motor and the

driving chain jarred them loose. Finally they

stuck the ends in place with tire cement.

They also had much difficulty with the break-

ing of the shafting.

Finally, on December 17, 1903, the Kitty

Hawk slid down its wooden track, became
air-borne, reaching an altitude of ten feet.

After three more short flights, a sudden gust

of wind overturned and damaged the fragile

craft; it never flew again.

Wilbur and Orville Wright continued their

flying experiments as they improved their

machine and perfected their control mecha-

nism. On one of these flights the machine

nosed up into a stall, which was promptly

leveled off by the elevator in front. Hereafter

the Wright machine was under control, and

powered flight became a reality.
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STUDY GUIDE

1. What were the early attempts at pow-

ered flight?

2. What contribution did Langley make to

the science of aviation? What was the result

of his work?

3. What were the fundamental problems

involved in mastering flight?

4. How did the Wright brothers solve the

problem of balance?

! 5. Define lijt, drag, center oj pressure, stall,

and wind tunnel.

I
The Airplane Today

j

Modern Improvements. Some of the design

i features of the early Wright machines are in-

j

teresting today. In their later machines they

I rounded the wing tips. In the wind tunnel the

I effect of a square tip can be seen by watching

I'

the telltale threads when held at the end of

j

the wing in the wind stream. The thread

I

whirls in spirals behind a square-tipped wing.

! The air, after leaving the wing, whirls be-

1 cause it blows, or spreads, outward under-

i, neath the wing and toward the wing end, and

,1

blows inward on top of the wing. This is not

- efficient, because to produce the most lift the

li air must flow straight across the wing. When

I
the wing ends are rounded, this effect is

I

greatly reduced, for the wind can blow straight

H across the tip and more lift is produced with-

I

out increasing the drag. ( See diagram below.

)

Since the time of the Wrights, several im-

portant improvements in the airplane have

been made. Among these are the following:

stability has been greatly improved; better

wing sections produce more lift for the same
area; and planes are much safer because the

center of pressure does not travel a great dis-

tance fore and aft.

Research is being continually carried on by
various agencies to improve the airplane and

make flying safer. In the forefront of these

agencies is the National Advisory Committee

for Aeronautics, commonly referred to as the

N.A.C.A., created by an act of Congress in

1 9 1 5 for the purpose of supervising and direct-

ing the study of flight. The organization

maintains laboratories for research at Langley

Field, Virginia (see illustrations of devices

employed at Langley Field, pp. 234 and 241).

Sweepback. The airplane is kept in straight

flight by a wing built to have sweepback.

Sweepback means that, seen from above, the

ends of the wing tip backward. When the ma-

chine is hit by a side gust and starts to turn

sideways, the difference of front resistance,

due to the difference between the area of the

wing turned from the wind and the area of the

wing turning into the wind, tends to turn the

plane back into straight flight. All these fea-

tures are combined in the modern wing. The

top is straight. At the center the wing is deep

to allow for deep, strong beams which run

lengthwise of the wing. Beams running
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lengthwise of the wing are called spars in the

airplane industry. The lower surface slopes

upward from the center of the wing to its tips

to provide the dihedral angle for side sta-

bility, while the front, or leading, edge of the

wing is not straight but slopes back to give it

sweepback. All these produce a highly effi-

cient wing.

Ailerons. To balance the plane, ailerons, or

surfaces set at the back of the wing, are ad-

justed at the cockpit by the pilot. Wing
warping is no longer used. One of these ai-

lerons tips upward as the control stick moves
to that side of the cockpit, while the other

tips downward. When the machine makes a

turn, the ailerons are used to bank, or tip, it,

much as a bicycle-rider tips his bicycle by
leaning to one side in turning a corner. Too
much banking must be prevented. Otherwise

a sideslip will occur; then the plane will slide

sideways and gradually whip into a tailspin,

the helpless ship spiraling down rapidly with

the tail circling around it. In a properly de-

Note trim tabs on elevator and rudder. What effect

would the setting of these tabs have on the control

of the plane?

Robert Yarnall Richie

signed machine, if the controls are centered,

the machine will come out of a spin into a

dive. As soon as it gathers flying speed, the

controls will again operate and it will dart

away, the lucky pilot thankful that he was

flying high enough to come out of the dive

safely.

The modern machine is made to dive or

to climb by the motion of the control stick.

When it is pulled back, the elevator on the

tail tips up (see diagram A on this page). As

the air blast on this surface pushes it down,

the angle of the main wing increases, and the

plane climbs. When the stick is pushed for-

ward, the elevator tips down and raises the

tail, so that the machine noses down (see dia-

gram B).

Helicopters, Progress comes because man
is never satisfied. For example, the Wright

brothers had no sooner learned to fly than the

rest of us wanted to fly straight up or straight

down, or to hover in the air. The long run

which an airplane requires for taking off and

landing has many disadvantages. Edison rec-

ognized this and decided to see if a ship could

fly with a propeller only and no wings. He at-

tached an electric motor to a propeller, then

placed them on a big hay scales. When the pro-

peller was pulling straight up he could meas-

ure the lift by the loss in weight. He ran a long

series of tests with many types of propellers

and finally came to the conclusion that a ship

could never be lifted with a propeller alone,
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because it required too much horsepower. But

this was one time when Edison abandoned a

new idea too soon. He was using too small a

propeller and was spinning it too fast. When
later experimenters such as Sikorski came
along they recognized this error and found

that propellers with blades at least twenty-

five feet long would give sufficient lift when
spun only 120 rpm. Furthermore, this lift was

produced with a relatively small horsepower.

A good many years were required to pro-

duce a really practical wingless plane, which

we call the helicopter. When we say "wing-

less,” however, we must recognize that the

long blades of the horizontal propeller are

!
actually wings which are flying in a circle in-

i' stead of straight ahead as in an ordinary wing-

! type plane. These rotating wings, or blades,

f as they are usually called now, make it pos-

!
sible for us to fly straight up, to hover, or to

I

fly straight down to a landing. There are

several types of helicopters, but the following

; features are standard on most of them. The

I

lift of the overhead rotor is controlled by the

I pitch of the blades or by the speed with which
• they turn. Forward motion is produced by

[

giving the blades more pitch when they are

I

in the rear of the ship. If the pilot should

I

wish to hover over one place, the pitch of the

rotor is constant for the entire rotation, and
if he wishes to back up, the rotor is given more
pitch while it is in front of the ship. Likewise

it is possible to fly sidewise by changing the

pitch of the rotor to either the right or left.

We have learned from one of Newton’s laws

that to every action there is an equal oppo-

site reaction. This law when applied to heli-

copters tells us that if the engine rotates the

United Aircraft Corporation

Robert Yarnall Bichie

Fixed wing slots to increase lift near tip. They guard

against wing-tip stall, making the plane much more stable

at stalling speed

blades in one direction, the ship will tend to turn

in the other direction. This tendency is over-

come by either of two methods : One method is

to use two sets of rotors and have them turn in

opposite directions. The other system uses a

small propeller on the side of the tail. Since

this small propeller is adjustable and can pro-

duce any desired amount of sideward thrust,

it also serves as a handy rudder, so that the

pilot can easily turn the ship in any direction.

What about the future of the helicopter?

No safe prediction can be made today regard-

ing any new machine; however, at present

the helicopter is meeting a long-felt need for

air service in restricted areas where long land-

ing fields are out of the question. Some large

cities, for example, are using helicopters to

deliver the mail to various sections of the city.

In this case, helicopters land on the roofs of

buildings above the auto traffic. Another ef-

fective use for helicopters is on "feeder” lines

which serve restricted areas for our trans-

continental air lines.
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Hichie, for Fortune

This is a free-spinning 60-foot wind tunnel

at Langley Field, Virginia. A propeller

blows the wind straight up through it

Richie, for Fortune

A free-flight tunnel at Langley Field, Virginia.

By remote control engineers fly the model,

testing its responses

Retrieving a model plane after observing its tail spin The electric propeller, a massive but delicate instrument

in a wind tunnel at Langley Field, Virginia

Richie, for Fortune Richie, for Curtiss Propeller Division, Curtiss-Wright Corp.



I This airplane has just landed, with wing flap pulled down Loop antenna for radio direction on a Culver Cadet
|i

I

Safety in the Air. Can airplanes ever be

!
made completely safe? Probably not so long

i

as man has to fly them; for can we honestly

say that automobiles, trains, or even bicycles

are altogether safe? However, great efforts

I are being concentrated on safety in the air,

i| and recent progress in the design of more
efficient wings, engines, and control mecha-

nisms has resulted not only in improved per-

formance of the machine, but also in greater

I

over-all safety of flight.

' As a result of extensive studies of official

I

reports, it has been established that the three

greatest hazards to safe flying are the stall,

the spin, and excessive landing speed. Let us

first see what has been done to make modern
planes stallproof.

If the air in the wind stream blows off the

top of the wing at high angles of attack, the

deadly stall results. At high angles the wing
has great lift, as well as great drag. Now, if

the lift, without danger of stalling, could be

used for short intervals, such as in taking the

machine off the ground or in sudden jumps
over obstacles, the ship could be taken out

of dangerous situations.

In England a device was developed which

secured this effect. The leading edge of the

wing was cut through with carefully-shaped

slots. One form of slotted wing that proved

practical was made of metal covering the

front of the wing. This metal strip was

mounted on metal arms that moved on roller

bearings inside the wing. As the wing nosed

up, the air blew under the lower edge of the

strip, which then moved forward a few inches.

This strip extended along the greater part of

the leading edge of the wing. The force of

the wind blowing under the metal piece held

it open. The shape of the metal directed the

air over the top of the wing, where it blew

away the eddies and air whirls which make
so much drag. The ship then flew at the high

angle safely, but more slowly than before.

When the ship nosed down to level flight

again, the wind blew against the front of the



metal strip and shut it. So the operation of

the device was entirely automatic. However,

some modern ships use fixed slots which are

cut into the leading edge of the wing. These

fixed slots are now used because they are

cheaper to build and are more foolproof

mechanically.

The slots are useful in emergencies, but

they are not effective in preventing stalling

except momentarily; more recent develop-

ment in the prevention of stalls is related to

the basic configuration of the wing. Since a

plane of conventional design will not usually

stall until its wings are moving at an angle

greater than 18 degrees to its line of flight, it

is possible to put stops on the elevator con-

trols so that one cannot pull the ship up into

a climb steep enough for the wings to stall.

However, this method is not one hundred

per cent reliable because the stalling point

varies somewhat with the load, the condition

of the air, and the altitude. A second feature

may be added, however, to make doubly sure

that the plane will not stall. The shape of

the wings may be designed so that ( upon ex-

ceeding the allowable angle of climb) they

will stall at the base next to the fuselage be-

fore they stall out at the tips. When a ship

is in this partially stalled condition, it will

settle, or "mush,” slowly yet safely toward

the ground. At the same time, since the wing

tips are not stalled, the pilot has perfect

aileron control over the ship.

A simple way to cause the base of a wing

to stall before the wing tip stalls is to attach

what are known as "spoiler strips” on the

leading edge at the spot where we want the

wing to stall easily. The spoiler strips are tri-

angular devices which deflect the air sharply

upward and downward from the leading edge.

Thus, when we try to pull the ship up into a

steep climb, the air currents break away from

the wing surface back of the strips before

they break away from the wing tip. We
learned a few pages back that a stall occurs

when the air currents break away from the

wing and eddy currents take their place.

Thus, the spoiler strips will cause a stall at

the base of the wings while the wing tips are

still flying safely. This partial stall will cause

the plane to mush down safely instead of div-

ing steeply as in a complete stall.

Spinproof planes are rather easily designed

providing they have first been made safe from

stalls. Since a plane will not automatically go

into a spin until after it has stalled, the first

concern of a designer in making spinproof

planes is to prevent his ship from stalling.

An added safety feature in spinproof planes

is what is known as the two-control ship. The

ordinary ship has three controls, rudder,

ailerons, and elevators all controlled sepa-

rately, while the two-control type has the

rudder attached to the aileron control wheel.

This eliminates the rudder pedals. If we wish

to turn to the right, we simply turn the wheel

to the right. This both banks and turns the

ship. The advantage of the two-control sys-

tem is that where the plane is mushing down

in a partially stalled condition it is impossible

for the pilot to kick the rudder in the wrong

direction and force the ship into a spin.

The third requirement for safer airplanes

is a slower landing speed. But unfortunately

this problem does not yet seem to have as

ready a solution for the light plane as the

stallproof and spinproof features. A ship can

be made to land as slowly as we wish by in-

creasing the wing area, but ships with over-

size wing areas fly slowly and are difficult to

land in a strong wind. The problem was very

expensively solved on some of our war planes

by having sliding wing surfaces so that a large

surface was available for slower landings and

a small surface for high-speed, efficient flight.

No one has yet designed a collapsible or ad-

justable wing for light planes which would

be both light and cheap. Consequently, this

feature may have to await the day of quantity

production in light planes.

A propeller that can be adjusted in flight

is another improvement. The blades are set

at a low angle when the machine is taking off.

Then, when the machine is in flight, the pitch,

or blade angle, is increased. At high altitudes

the blade angle must be changed again be-
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cause the air is so thin. Here the ship, helped

;
by the low air resistance, flies at high speed.

Not less important for safety are the de-

vices used for determining position and direc-

tion. In a modern airplane the direction of

I flight is maintained by the use of some form

I

of radio compass. A common way to use radio

for flying over a fixed route is to have a trans-

mitting station send out signals in one direc-

f tion to direct the plane along a narrow path.

The pilot can tell when he wanders to either

' side of this path by the sound he hears in the

earphones. Or his plane may be fitted with

j

an indicator which has a moving arrow or a

I

vibrating pointer that calls his attention to a

drift to one side or the other of his course.

A story is told about the accuracy of the

' direction-finding system used by the early

clipper planes when the experimental runs
' were being made for the trans-Pacific flights.

I

These huge planes depended upon a system

of so-called triangulation for direction. Once

j

one of these planes, when out at sea on a test

,

flight and flying at an altitude of 16,000 feet

^

(its cruising altitude, where it flew ''over the
' weather”), radioed Oakland, San Diego, and
Honolulu for its position. The shore stations

worked out the position of the plane and told

the operator that if the clipper would drop

down through the clouds, it would be over the

President Harrison, a steamship on the Hono-

!

lulu run out of San Francisco. The plane was

;

brought down in sweeping circles, and, sure

enough, it broke through the clouds almost

: directly over the steamship. This incident

occurred about 600 miles off the California

coast. (See diagram above.)

Why a Wing Lifts. The development of

wing sections, or wing curvature (the shape

of a rib), has made modern flight possible.

Wings tested in a wind tunnel show that lift

occurs because air as it moves follows laws

similar to those of flowing water.

When a fluid (water, for example) moves

fast, it has less side pressure than if it were

moving slowly. When two boats are near each

other in a stream of running water, the water

between them must move faster to get through

the narrowed space than the water on the

other sides of the boats. The slower-moving

water exerts more pressure against the outer

sides of the boats and pushes them together.

The wing shape on an airplane is made so

that one surface is curved more thanthe other.

As it moves through the air, the wing sepa-

rates the air. Some air moves under the wing

and some moves over the top. The wind trav-

eling over the top of the wing must move far-



Wing in normal flight

ther than that which passes under it (see dia-

gram B on page 237). Then a difference of

pressure develops. The lower part of the wing

is under morepressure from the slower-moving

air than the upper surface, where the air is

moving faster (see diagram A on page 237).

It is said that about 80 per cent of the lift is

due to this effect. To produce lift there must

always be air flowing over both surfaces of

the wing; for when the wind blows off the

upper surface of the wing, a stall results, with

serious increase in drag (see diagram above).

The shape of the nose of the wing is very

important. Its shape must give the wind the

proper direction. From the entering edge to

about a foot back from the edge is probably

the most important part of the wing in deter-

mining its lift. A wing which has many small

tubes brought to the surface and connected to

gauges shows that the front third of the upper

wing surface in flight has less pressure than

any other part of the wing. The rest of the

wing is streamlined to prevent drag. The

shape of the wing curve prevents the center

of pressure from shifting dangerously back

and forth.

Drag. One of the most important purposes

of the engine is to move the plane ahead

through the air fast enough to provide suffi-

cient lift to support ^the weight of the plane,

as well as the load that the plane carries.

Without resistance to the passage of a body

through the air, flight would not be possible.

But if there is too much resistance, there will

be too little speed for the plane surfaces to

create lift. The drag, or air resistance, is at

once the means of lifting the ship and of pre-

venting it from lifting.

Drag is the result of the air’s being dis-

turbed by the passage of an object. A small

object produces less drag than a large one.

But sometimes a long object will have less

drag than a smaller object, since drag is

affected by the area of the object as seen from

the front. In designing an airplane to fly at

the highest possible speed with an engine of

a certain horsepower, one gains tremendously

more speed by maintaining the lift and re-

ducing the drag as much as possible. This

gain is made by streamlining.

Streamlining. You can see the reason for

streamlining by watching the effect of differ-

ently shaped models on the air flow when

placed in a wind tunnel (see diagrams be-

low). You can watch the direction of the

air flow around the model by watching the

action of a streamer of thread attached to

a stick.

When you place a flat 3 -inch disk in the

wind, the disk has great drag. The thread

shows the reason for this : When held near the

disk, it is surrounded by currents in the air.

These eddy currents extend about a foot be-

hind the disk. The air is also disturbed in

front of the disk. If the thread is fastened on

the end of the stick and is held close to the
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front of the disk, it shows that the air piles

up and spills over the edges, just as sand

would if it were poured on the same disk. The

sand would pile up into a rounded cone shape

and spill off over the sides.

The air blowing the string past the disk

makes the thread curve look like the shape of

a dirigible, while the piled-up air in front

forces the air stream to flow past as if it were

flowing over a dirigible nose. The air does

not flow straight past the edges of the disk,

but glances off
;
this would be the effect, too,

if the surface of a larger disk impeded the air

flow. If you fill in the space where the air

piles up and where the eddies occur, the disk

will show less resistance to the air flow. This

is one of the major objectives of streamlining.

Most streamlining, however, is done not at

the front but toward the back of the model.

The long tapering tail does more to reduce the

air resistance than the blunt nose does. The

air piled up in front of a model creates much

less resistance than the eddies behind the

model. This can be proved by reversing the

best streamlined shape, that of the dirigible

(see diagram below). The drag leaps up

again. The point that splits the air in front

does not cut down the drag. The eddies whirl-

ing at the rear of the model, where the air

should be flowing smoothly away, increase

the drag. A long tapering tail is by far the

most important part of streamlining.

The principle of streamlining was early

learned by airplane-designers, who found

that light wooden streamlining, which added

to the weight of the plane, improved the drag

so much that its added weight was well worth

while. The bracing wires of the older planes

were round, smooth, or stranded cables. It

is said that one such wire, which vibrates in

flight, has an air resistance, or drag, equal to

a board a foot wide.

How different were the early airplanes

from the modern commercial planes! Today
the plane is a well-streamlined machine with

as smooth a surface as possible. Projections

have been eliminated. Where some object on

an airplane must be placed in the airstream, it

is protected with long tapering streamlining

in the rear and a rounded nose in front; but

there are few projecting parts. In high-speed

racing planes a nailhead or rivethead that is

not smoothed off will reduce the flying speed

5 miles an hour. A landing gear left hanging

below a ship costs it 20 miles an hour. When
retractable landing gear is dropped into posi-

tion, it reduces the speed distinctly.

The Lessons of Streamlining. The principles

of streamlining are not limited in application

to airplanes. Their value has been appre-

ciated in the designing of automobiles, for

example.

The air resistance of various car designs

is a fascinating study. A model of an older

design, with a square body, is a study in eddy
currents. (See diagram on page 240.) Behind

the car, for a distance greater than the car is

long, follows a power-devouring "hole in the

air,” full of eddies. The engine has to pull

this along as the car moves. Around every

fender, behind the lamps and door handles,

around the bumpers, the wheels, and the

sun visor, surge eddies, power-hungry gas-

devourers, which cost money. When this car

runs backward, a great difference is noticed.

With the pointed nose at the rear and the flat

back in front, as in streamlined shapes, the

drag is less.

A trailer attached to the back of a square-

body car cuts down the drag greatly. The
shape of the trailer is such that the trailer

fills the "hole in the air,” where eddies were

before.
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But what of the fenders and the extra

wheels and the other projections? When you

remove them from the model, there is less

drag, and less gas is used. The eddy currents

are not there, since the drag from the fenders,

for example, is reduced or eliminated.

The perfectly streamlined car should be

shaped like the dirigible model. But there are

practical difficulties to overcome before such

a model car will be offered to the public. Such

a shape, moving at high speed, close to the

ground, as the car must be, will not have so

low an air resistance as it should. The air,

which tries to flow smoothly around the

smooth body, must also flow under the car.

Here it is not able to flow freely on account

of the interference of the roadway. The result

is a set of eddies under the car, which are hard

to overcome. While the wind resistance of a

car is not pronounced at low speeds, stream-

lining the car more than pays for itself at a

speed of over 40 miles an hour.

The railroad companies are spending mil-

lions to streamline their trains; yet a train is

hard to streamline perfectly because it is too

long. Great savings in fuel are obtained by
making the surface of the train smooth, by
rounding the front of the engine, and by filling

in the eddy-current spaces behind the train

by a tapering shape. This new streamlining

is also being applied to boats and high-speed

ferries.

Your Flying Tomorrow. It is always inter-

esting to read seemingly fanciful stories about

airplanes of the future; yet few of us realize

just how close we really are to some of these

planes. For example, perfected safety planes,

or "fool-resisting” planes as they are some-

times called, are already with us. These

planes will neither spin nor stall, and their

tricycle landing gears prevent them from

nosing over during a forced landing on rough

ground. Such planes will carry a family far-

ther on a gallon of gasoline than the modern
automobile; yet they can be manufactured

on an assembly line, and sold for the same
money as medium-priced cars. Even more,

they are simpler to operate than automobiles.

This ease of operation has been achieved

through the use of a unit-control steering

wheel. This wheel has replaced the clumsy

steering with the feet, which is necessary on

fighting ships. All you have to do is turn the

wheel to the right when you wish to go in that

A huge wind tunnel at Langley Field, Virginia. Note the

tail fairing of the mechanism that drives the propeller.

(Richie, for Fortune)

240





direction, or turn the wheel to the left when

you wish to turn left. The same wheel is

pulled back to climb and pushed forward to

dive. Thus we have a simple cabin plane

which any normal person can learn to fly in

a few lessons.

STUDY GUIDE

1.

What are some of the improvements

introduced into the modern airplane?

2. What is meant by sweepback?

3. What are ailerons, and how do they

function?

4. Why did Edison fail to make a success-

ful helicopter?

5. Why do some helicopters have a small

propeller on the tail?

6. Make a list of practical uses for heli-

copters.

7. Describe the use of a radio compass.

8. Why does a wing lift?

9. What is the principle of streamlining?

What applications have been made of this

principle?

Airplane Instruments

The Magnetic Compass. We have all heard

many stories of instrument-flying through the

clouds and we have been awestruck by pic-

tures of instrument panels showing the maze
of dials which a pilot has to watch. In order to

keep from getting the impression that only a

"Man from Mars” with a super intellect can

fly or navigate a modern plane, let us examine

a simplified instrument panel which has only

the basic items common to most planes.

There are two basic instruments for in-

dicating direction, the magnetic compass and
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;

the directional gyro. The magnetic compass

differs in three essentials from the boy scout’s

I pocket compass. Instead of having a moving

; needle over a stationary chart, the aero-

nautical compass has a cardlike ring attached

I to the needle. This card turns past a mark

j

on the dial so the pilot can check his direction

at a glance. A further advantage of the card

is that the compass can be mounted vertically

I

on the dash board.

A second essential difference from the or-

dinary compass is that the pilot’s compass is

I

enclosed in a container of liquid. This fluid

I

slows up or dampens the swinging motion of

: the needle when the plane is in flight.

I

The third difference is that the steel parts

j

in the airplane tend to cause the needle to

point toward them instead of toward the true

i
north. This error is compensated by means

I

of a small magnet placed near the compass.

I

Its distance from the needle can be adjusted

i

so that the effect of all steel parts will be

partially cancelled.

' Magnetic compasses develop an error in

I
sharp turns which is practically impossible

I

to eliminate. This error is due mainly to cen-

trifugal force and, especially in fast turns,

I

can be very serious.

The Gyro Compass. Errors due to turning

are eliminated by the directional gyro, which

constitutes a marked advantage over the mag-

netic compass. The directional gyro, how-

ever, must be reset to coincide with the

magnetic compass at frequent intervals. Es-

sentially this device is simply a gyroscope and

indicator card operated by a stream of air.

You have already learned that a gyroscope

tries to keep its axle pointed in a fixed direc-

tion. Thus if the gyroscope is mounted on

movable bearings, it is possible for a plane

to turn in any direction without changing the

position of the axle of the gyroscope. Since

the other important uses for the gyroscope

are in the turn and bank indicator, artificial

horizon, and automatic pilot, let us turn to

them next.

Turn and Bank Indicator. The turn and

bank indicator is really two instruments in

one. The turn indicator in this instrument

is the only portion which is operated by a

gyroscope. The turn indicator makes use of

a peculiarity of gyroscopes known as preces-

sion. A simple experiment will show that

when a gyroscope is spinning with its axis

horizontal, a turn to the right or left will cause

the axis to tip up or down at right angles to

the base. Thus, in a turn indicator, when the

ship turns, the axis of the gyroscope will tip

away from the horizontal and this tipping mo-

tion will show on a dial. If the ship turns in

the opposite direction, the axis will tip in the

other direction.

The bank indicator is one of the simplest

instruments on an airplane’s dash. It consists

of a ball which rolls back and forth in a

curved glass tube. If the left wing is dropped,

the ball will roll to the left. A liquid is placed

in the tube in order to keep the ball from roll-

ing too rapidly back and forth. It is interest-

ing to see the effect centrifugal force will have

on this ball. For example, in a properly

banked turn, this force will hold the ball in

the center as if the ship were flying level.

Artificial Horizon. This instrument differs

in two main essentials from the gyroscopic

turn indicator since the axis of the gyroscope

is vertical instead of horizontal and it does

not depend so much upon precession for its

operation. Instead, it is suspended on pivots

in such a way that the gyro axis keeps point-

ing in the same direction regardless of the

position of the plane. Naturally there is a

limit to how violently the ship can maneuver

without getting this instrument out of ad-

justment. Automatic air jets will correct

ordinary errors or deviations, but excessive

variations must be corrected manually by

the pilot.

Automatic Pilot. The biggest advantage of

an automatic pilot is that it takes over the

tiring physical labor of operating the flying

controls on long flights. The automatic pilot

makes use of two gyroscopes, one with a hori-

zontal axis and the other with a vertical axis.

The horizontal gyro is similar to the turn in-

dicator described above, except that instead
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of moving a pointer when the ship turns, it

operates an oil valve. This valve controls the

flow of oil into a cylinder. When oil flows

into the right-hand side of the cylinder, the

piston is moved to the left. Then if a gust

of wind or a change of balance turns the ship

a little in the other direction, the gyroscope

closes the valve to the right side of the cylin-

der and opens the one on the left. This causes

the piston to move to the right. The piston

is connected to a mechanism which operates

the rudder and keeps the airplane on a true

course.

The bank and pitch unit of the automatic

pilot makes use of a vertical gyroscope simi-

lar to the one in the artificial horizon indica-

tor. This gyroscope operates two sets of oil

valves. One valve controls the oil in a cylin-

der which operates the ailerons and the other

controls the elevators.

We have described the most important in-

struments which use the gyroscope. Let us

next examine those which depend on differ-

ences in air pressure for their operation. The

most common of these is the altimeter, which

has already been described.

Rate-of-Climb Indicator. This instrument

contains a collapsible box similar to that in

an aneroid barometer. It differs from the

barometer in that the collapsible box is

mounted inside an airtight case. A tube from

the collapsible box leads to the outside so that

the air pressure inside the box is always the

same as that of the outside air. Likewise the

airtight case has a vent to the outside air.

This vent is very small, however, requiring

some time for the air pressure inside the case

to become equal to that of the outside air.

Now let us see how this instrument can tell

us whether the ship is climbing or diving. If

the ship remains at a given altitude for a

brief period, the pressures inside the case and

inside the collapsible box both become equal

to that of the outside air. But when the

ship dives, the outside air pressure becomes
greater. This causes the air to rush into the

box faster than it can flow into the case, so

that the box comes under pressure from

within; this causes the box to bulge out, mov-

ing a pointer which tells the pilot that his

ship is diving. When the pilot levels off the

plane, the pressures inside the two containers

quickly become equalized so that the pointer

returns to zero.

If the ship starts climbing, the air rushes

out of the inside box faster than it can escape

from the case. This results in a pressure in-

ward on the box and it collapses. The col-

lapsing motion of the box moves the pointer

in the opposite direction, telling the pilot that

his ship is now climbing.

Air-Speed Indicator. This instrument is

similar to the rate-of-climb indicator in that

it has a flexible box sealed in an airtight case.

It differs in the manner in which the con-

tainers are exposed to the outside air. The
airtight case is connected to a static tube

which is vented to the outside air. This static

tube is sealed on the end and has holes in the

side. The side holes are so designed that they

keep the air inside the tube at exactly the

same pressure as the air outside. The flexible

box inside the case is connected to a specially

shaped tube which is also mounted ahead of

the leading edge of the wing; since it opens

directly into the air stream, a pressure is built

up inside the tube due to the impact of the

air. This pressure varies in proportion to the

air speed. Thus we find that the airtight case

of the air-speed indicator is always under the

same pressure as still air outside. On the

other hand, the flexible box inside will tend

to bulge owing to the pressure produced by

the speed of the plane. The side of the box is

connected to a gear mechanism in such a man-
ner that a small bulging of the box will move
a pointer across the dial, which is calibrated

in miles per hour.

Manifold Pressure Gauge. This instrument

is the last gas-pressure indicating device we
shall describe. It became a necessity when
the supercharger and the controllable pro-

peller came into use on airplane engines.

Since the air "thins out” with an increase

in altitude, it became necessary to install

blowers on the engines which were designed



to fly at high altitudes. Otherwise the engines
' could not get enough air for their carburetors

I

and would "starve,” that is, they would not

be able to develop their full horsepower. Fur-

i thermore, controllable-pitch propellers make

j

proper throttle setting impossible by observa-

I

tion of engine speed alone.

Manifold-pressure gauges tell pilots the

pressure of the gas mixture which is being

forced or drawn through the manifold to the

cylinders. This pressure gauge is quite simi-

lar to an ordinary aneroid barometer and

I

reads in inches of mercury. It differs from

the aneroid barometer in that the airtight case

, is connected to the engine manifold. Thus
instead of reading the pressure of the atmos-

phere, it measures the pressure of the fuel

1

mixture which is being supplied to the engine.

Engine Performance. In addition to the

! manifold pressure gauge there are two other

instruments which we need for measuring en-

I

gine performance. They are the engine-gauge

unit and the tachometer. The engine-gauge

i unit is a combination device which measures

!
the temperature of the oil or cooling liquid,

the pressure of the oil, and the pressure of

the liquid fuel which is being pumped to the

engine.

The two pressure gauges in this unit make
use of the principle of the Bourdon tube.

This principle was discovered by accident by

Eugene Bourdon in 1850. He wished to re-

store the cylindrical shape to a coiled tube

which had become flattened on one side.

When he put pressure inside the tube he

noticed that the tube began to unroll; when

the pressure was removed the tube would roll

up again. One of the most popular uses of

this principle is in the serpentines which we
blow on parties and at football games. All

automobiles also use a Bourdon tube in the

oil-pressure gauge. It is easy to connect the

end of the tube to a gear mechanism in such

a manner that a slight motion of the tube will

turn a pointer completely across a dial.

The temperature indicator in the engine-

gauge unit may be of two types, vapor pres-

sure or thermocouple. It is likely to be oper-

ated by vapor pressure if used to measure the

temperature of the oil or cooling liquid. This

is the same type as that used on most automo-
biles. It consists of a bulb containing a highly

volatile liquid which operates a Bourdon tube

on the dash. The thermocouple type is used

to measure cylinder head temperatures. The
thermocouple is based on the principle that

when two different kinds of metals are held

together and then heated, they will develop

an electrical potential which can be measured
by an electric meter. Since the electric cur-

rent increases with an increase in tempera-

ture, it is possible to calibrate the meter so

that it will read degrees of temperature in-

stead of volts of electricity.

Tachometer. This is an instrument for

measuring how many revolutions per minute

the engine is turning. There are three types

of tachometer—the centrifugal, magnetic

drag, and electric. The centrifugal tachome-

ter operates the same as a fly-ball governor

in which a pair of weights are whirled around.

These weights are held in position by a spring,

so that the faster they are whirled the farther

centrifugal force will pull them away from

the center. The weights are attached to a

gear mechanism so that their motion away
from the center will move a pointer across a

dial.

The magnetic drag tachometer is similar

to the speedometer on a car except that in-

stead of reading miles per hour it reads in

revolutions per minute. The principle of the

magnetic-drag type is that when a magnet is

whirled rapidly near a metal disk it will tend

to cause the disk to turn; in other words, the

magnet will "drag” the disk along with it.

The faster the magnet turns the harder it will

pull on the disk.

The electric tachometer consists of a small

electric generator. The faster the generator

turns the more electricity it generates. This

little generator is connected to a meter which

is calibrated to read in revolutions per minute

instead of in volts.

It has not been possible in this chapter to

describe all instruments found on the dash of



a modern transport plane, but you should

recognize the most common ones if you should

visit the pilot’s compartment of a big plane.

STUDY GUIDE

1. Describe three ways in which the pilot’s

magnetic compass differs from the ordinary

compass.

2 . What is the main advantage of the gyro

compass over the magnetic type?

3. Why is a liquid used in the tube of a

bank indicator?

4. What is the purpose of the artificial-

horizon instrument?

5. How does the rate-of-climb instrument

differ from an aneroid barometer?

6. Can an air-speed indicator show the

ground speed as well as the air speed?

7. Draw a cross section of a Bourdon tube.

8. Describe two types of temperature

indicators?

9. What instrument on an automobile is

similar in construction to a tachometer?

Problems of Supersonic SpeeJs

Air Resistance. In recent years there have

been many improvements in airplane struc-

tures and engines in an effort to increase the

speed of the airplane; such increases in speed

are not only desirable for passenger and cargo

transportation, but are of great importance

in military aircraft. At the close of the

Second World War, the fastest military air-

plane was the German Me262, which was

capable of approximately 550 miles per hour;

since then, men have flown at speeds greater

than 750 miles per hour. The designers of

high-speed aircraft have found that many

difficult problems remain to be solved in order

to obtain reliable performance. These prob-

lems result from the nature of the air through

which the airplane must force its way.

We have already learned that air consists

mainly of a mixture of oxygen and nitrogen

gases, the molecules of which may be forced

closer together by subjecting them to pres-

sure. This is exactly what happens whenever

an object, such as an airplane or a well-hit

baseball, is forced through the air at such a

speed that it encounters an appreciable resist-

ance to its motion. This resistance is, in part,

the combined result of an increase in the air

pressure along the front surfaces of the mov-

ing object together with a corresponding de-

crease in the air pressure on its rear surfaces.

As you might expect, this difference in pres-

sures is greater at high speeds than at low

speeds, so we may say that the air resistance

is greater at higher speeds.

Subsonic Velocities. One of the interesting

characteristics of air is that the effect of a

sudden increase in pressure at one point (such

as the front surface of a moving object) is

transmitted outward from the object at a defi-

nite speed. In your study of sound you will

learn that this fixed speed at which air-pres-

sure effects can travel from one place to an-

other is actually the velocity of sound. This

velocity ranges between 700 and 800 miles

per hour in the lower regions of the atmos-

phere. Objects passing through the air at a

speed which is less than the speed of sound

are said to have subsonic velocities. At these

low velocities, the molecules in the air are able

to receive the effects of the pressure increase

in advance of the passage of the object. As

a result of this "advance notice,” the mole-

cules tend to adjust their positions in the path

Slou) Fast Supersonic
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Johns Hopkins (APLj Photographs

Shock waves in supersonic wind tunnels. The sphere at the left was photographed

in an air stream of approximately twice the speed of sound; the sphere at the right

has a speed more than five times that of sound, which causes the shock wave

to be bent backward at a sharp angle

of the object in such a way as to move aside

at the very last instant, thus avoiding actual

collision with it. To repeat: at subsonic ve-

locities, actual collision with the air molecules

is for the most part avoided while the air flows

smoothly around the rounded front surfaces

of the usual streamlined airfoils, wings, and

propeller blades.

Effects of Increasing Velocity. Let us sup-

pose that we wish to increase the speed of an

ordinary (subsonic) airplane. By increasing

the power, and perhaps by changing the type

of engine, we may find it possible to force the

airplane forward at a speed equal to the speed

of sound. At such a speed, the pressure dis-

turbance or "advance notice” cannot move
rapidly enough to keep ahead of the approach-

ing wings. Lacking this advance notice, the

wholly unprepared air molecules are unable

to separate and flow smoothly across the wing

surfaces. This condition produces very large

forces and vibrations on the wings. Although

some subsonic airplanes may approach or

even equal the speed of sound during very

steep dives, the wings and tail surfaces are

not likely to withstand the wrenching and

battering to which they are subjected at such

speeds. Even if the air-frame structure should

be strong enough to sustain these large forces,

the over-all drag would be very great. Thus,

in order to sustain an ordinary type of air-

plane in steady level flight at these high

speeds, the power requirement would be very

great. For these reasons it is necessary to

design special types of aircraft for high-speed

flight.

Through mathematical studies and with

the aid of supersonic wind tunnels scientists

Wings of supersonic aircraft and missiles are thinner and

sharper than those designed for subsonic flight

Subsonic wing section
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have learned how to design special shapes for

wings, body, and tail which are particularly

efficient in air streams of supersonic veloci-

ties. The suitability of these shapes can also

be determined by means of rockets and other

very high-speed flight-test vehicles. In order

that the smallest number of air molecules will

strike directly against the front surfaces of

wings and body, these surfaces are pointed

or sharpened to an edge as keen as a knife,

while the supporting wing surfaces are much
smaller and flatter than those of subsonic air-

craft. The sharp leading edges of the super-

sonic wings tend to cleave through the air,

coming into direct collision with a minimum
number of molecules.

Shock Waves. One of the most interesting

characteristics of supersonic air streams is

that a "shock wave” is formed on the leading

edge of the wing; this shock wave moves out-

ward (in all directions) into the air at the

speed of sound. The shock wave is actually

a thin and rapidly moving region in which the

air molecules are crammed closer together so

that the air pressure, and consequently the

density, is temporarily higher than it is in the

surrounding region. Since light rays tend to

be deflected or bent in passing through regions

of different air density, it is possible to take

shadow pictures of these shock waves. These

pictures provide much important information

for the scientists who work on the design of

supersonic aircraft and guided missiles. By
means of wind-tunnel tests and flight tests,

other useful information is obtained in regard

to the various forces and pressures encoun-

tered by simple shapes in supersonic flight.

Special Problems. One of the greatest prob-

lems in the design of piloted aircraft for super-

sonic flight arises from the fact that the plane

This is a supersonic wind tunnel in which it is possible to test

the forces and pressures on scale models at air speeds

of more than twice the velocity of sound
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I

must be able to take off and land. Normally,

I

this means that the same plane not only must

' be capable of controlled flight at both sub-

i sonic and supersonic speeds, but must also

remain in one piece (and under control) dur-

ing the brief but violent transition from sub-

sonic to supersonic speeds. At this critical

period of transonic speed, when the several

,

shock waves are not fully established, the

I

aircraft faces its most severe tests. Not only

I

is the structure subject to extreme stresses,

but the action of shock waves on the control

I surfaces may result in a disastrous loss of

‘ control. This is the condition encountered

j

at the so-called "sonic barrier.” No single

i

type of air frame can meet all the require-

i ments for subsonic, transonic, and supersonic

!
flight with equal efficiency, though certain in-

!
teresting compromises of design and methods

I
have been developed. One of these compro-

!:
mises involves the launching of an experi-

1

mental airplane from another, much larger

[ airplane at high altitude so that the sonic bar-

I

rier can be encountered and passed very

quickly and with plenty of air space in which

j|

to correct such difficulties as may arise.

I For supersonic aircraft which are intended

to operate at speeds between 600 and

(roughly) 1000 miles per hour, it has been

found possible to use a wing similar to those

of subsonic aircraft, except that the leading

edge is sharper and the curvature is less pro-

nounced. This wing, however, is swept back

at a much greater angle than is used for sub-

sonic aircraft.

A considerable heating effect due to air

friction is also encountered at supersonic

speeds. We have learned that meteors fall

through the earth’s atmosphere at such high

speeds that they are heated white-hot by air

friction, and may even be completely burned

before they strike the earth. Even at speeds

I

much less than that of the meteors (25,000

mph) air friction may produce a great deal

of heat. Depending on velocity, duration of

flight, and altitude, the design of supersonic

airplanes must take into account this heating

effect. At such very high velocities as are

Official Photojjraph, National Military Establishment

The wings of this experimental airplane are actually tri-

angular in shape, like the letter delta in the Greek alpha-

bet (A) from which this type of wing is named. Wind-

tunnel tests indicate that the delta wing has low drag and

can be satisfactorily controlled at transonic and super-

sonic speeds

planned for rockets and other types of pilot-

less missiles, the heat of air friction actually

places a limit on the speeds which can be

considered useful.

Finally we may note that, just as in driving

an automobile, high speeds in the air are very

costly in fuel. For this reason, air passengers

of the future may prefer a slightly slower type

of air travel instead of a more expensive

supersonic flight. For military purposes,

however, the higher speeds appear to be very

important; therefore we may expect to see

continued development of supersonic military

aircraft and missiles.

STUDY GUIDE

1 . Why is air resistance greater at high

speeds than at low speeds?

2. Describe the difference between the

shapes of subsonic and supersonic wings.



3. At what speed is a supersonic aircraft

likely to encounter difficulty due to loss of

control?

4. Why is supersonic flight likely to be

more expensive than subsonic flight?

High-Speed Propulsion

Power vs Weight. We have seen that air-

craft and propelled missiles can move through

the air at very high speeds only through the

use of large amounts of power. In recent

years, scientists have made great efforts

toward the development of several types of

engines which are especially suitable for high-

speed flight.

As we might expect, it is usually possible

to increase the power of an engine merely by

increasing its size and weight. However, if

we just kept on "making it bigger,” we should

surely reach a point where the airplane would

carry nothing more than its own huge engine.

Obviously such a design would be of little

value. Thus we can see that, in increasing

the speed of the airplane, it is not only neces-

sary to make the engine more powerful, but

it is also necessary to avoid making it too

heavy. In this respect there is quite a differ-

ence between the various types of engines.

Reciprocating Engine. Of the four principal

types of air-borne engines, let us first consider

The Skyrocket is the first of its type with both rocket and jet power plants,

making it capable of taking off and landing under its own power.

The Skyrocket is the latest step in a national program of

exploration into high-speed phenomena
Official U. S. Navy Photograph
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I

I the common reciprocating engine. The recip-

rocating engines used in aircraft are similar

I
to the ordinary automobile engine which we

! studied in the last chapter, except that many
of them are air-cooled (like a motorcycle

engine) and have their cylinders arranged in

I

a circle around the crankshaft.

There are several methods of increasing

' the power of a reciprocating engine without

,

greatly increasing its weight; one of these

I

methods involves the use of gears which per-

mit the engine to operate at its most efficient

speed without too greatly increasing the speed

of the propeller. Another common means of

obtaining more power from such an engine is

to force the air-fuel mixture into the cylinders

at a pressure which is higher than that of the

surrounding atmosphere. This process is

known as "supercharging”; it is particularly

helpful at high altitudes where the air is less

dense than it is at the earth’s surface. Even

the cabins of some high-altitude aircraft are

supercharged in order to avoid discomfort to

the passengers and crew.

Some modern reciprocating engines are

able to develop approximately one horsepower

for each pound of engine weight. Such en-

gines are reliable and efficient at subsonic

speeds but they are not so well adapted to

supersonic speeds. Reciprocating engines

must use a propeller to exert a pull or thrust

I

on the air in order to force the airplane for-
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ward. As is characteristic of most objects,

the drag of the propeller itself, as it is rotated

by the engine, becomes very great at speeds

which are roughly equal to the speed of sound.

This is an inefficient condition, which tends

to produce considerable vibration from the

shock waves set up by the tips of the blades.

Even if the propeller is driven at a much
higher rate, so that the tips are slicing through

the air at supersonic speeds, there are large

areas, closer to the center, which are moving

at speeds roughly equal to the speed of sound.

Here again, the shock waves produce vibra-

tion and greatly reduce the efficiency of the

propeller.

Reaction Forces. In recent years, men have

designed several types of engines which are

especially well-suited to operation at very

high speeds
;
these are called reaction engines



George G. Lower

or jet engines. In our study of mechanics, we

have learned that for every action there is an

equal and opposite reaction. Using this prin-

ciple, reaction engines of all types are able

to develop a powerful thrust in one direction

by burning a fuel in a combustion chamber

and releasing a swift stream of hot gases in

the opposite direction. We can demonstrate

this thrust by blowing up a small rubber bal-

loon, placing it on a table, and releasing the

air tube. As the air is expelled, the resulting

thrust will cause the balloon to take off on a

brief flight which, through lack of control and

shortage of fuel, may not cover any great dis-

tance. Another common example of a reac-

tion force or thrust can be seen when lawn

sprinklers are whirled around by the escaping

streams of water.

Some queer creatures which live in the sea

also make use of jet propulsion; these are

squids, who, when frightened, are able to

squirt out a swift stream of water. The re-

action forces the squid backward at a satis-

factory speed.

Rocket Engines. A simple form of reaction

engine is the familiar rocket which we see in

fireworks displays. Larger rockets are used

in warfare to propel missiles at very high

velocities. They are also used in aviation to

assist take-offs from small fields or with heavy

loads, in scientific research, and for other

special purposes. The fuels burned by rockets

may be either solids or liquids. Most of the

solid-fuel rockets burn large blocks of

molded plastic material which is similar to

smokeless gunpowder. Most of the liquid-

fuel rockets use a mixture of two fluids, one

of which is the fuel, while the other provides

the oxygen necessary for combustion. In

both types, the burning of the fuel generates

hot gases under considerable pressure inside

the combustion chamber. As the gases are

released at high velocity, a force is exerted in

the opposite direction, just as was shown

when the air escaped from the rubber balloon.

The thrust developed by a rocket engine

may be very great, depending on the rate at

which the fuel is consumed, the size and shape

of the nozzle, and other factors. The German
V-2 rocket engine, for example, produces a

thrust of approximately 30 tons, and the mis-

sile propelled by this engine may attain a

speed of 3000 miles per hour.

Because rockets carry their own oxygen

supply, they do not depend on the air from

the earth’s atmosphere to burn their fuel;

This rocket rose about 75 miles above the earth and

landed in a desert region 39 miles away

Press Association

252



Jet-assisted take-off. The steep climb is made possible by the extra thrust

obtained from small rocket-type units
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thus they can be used at very high altitudes.

This feature of the rocket engine is of im-

portance to scientists who are concerned with

research beyond the atmosphere. Today
scientists are studying the possibility of con-

structing a radio-controlled vehicle which

might be propelled by rockets to such a dis-

tance from the earth and at such terrific speed

that it would never return, even after the fuel

had been used up; such a far-off rocket would

continue to move in an orbit about the earth

just as the moon does. Thus the huge rocket

would really become a man-made satellite

which might be used to relay radio signals

for communication purposes, for the guidance

of aircraft, and perhaps even for long-range

television transmission.

There are three general types of reaction

engines which maKe use of the oxygen in the

atmosphere; these are the turbo-jet, the pulse-

jet, and the ram-jet. One type of turbo-jet

engine uses an ordinary geared propeller,

which exerts a pull in addition to the thrust

of the jet.

Turbo-Jet Engines. The turbo-jet engine

burns a liquid fuel, such as kerosene, which

is injected into its combustion chamber,

mixed with compressed air, and burned with

a steady flame. The air is supplied by a

special type of fan, similar to the super-

charger used with some reciprocating engines.

As the hot gases leave the combustion cham-

ber, they pass through a turbine which is simi-

lar to the steam turbine we have already

studied. This turbine is used to drive the fan

which supplied air to the combustion cham-

ber, while the expanding gases are released

to the atmosphere. As with the rocket engine,

the rapid release of these gases results in a

thrust opposite to the direction of the jet. Jet

engines of this t
3
q)e are used by many high-

speed military and experimental aircraft;

some of these engines are capable of deliver-

ing thrusts up to 5000 pounds.

Pulse-Jet Engines. The pulse-jet consists of

a combustion chamber with a simple pressure-

operated shutter in the front section and a

large open tube, somewhat like a stovepipe,

through which the hot gases are released to

the rear. The fuel is injected into the com-

bustion chamber, where it mixes with the air

and is ignited. The resulting explosion pro-

duces a sharp increase in the pressure inside

the combustion chamber. This pressure ex-

erts a brief forward thrust against the closed

shutter as the gases are released through the

exhaust pipe. The pressure within the com-

bustion chamber, just behind the shutter,

drops very quickly until, for a brief instant,

it is actually lower than the outside air pres-

sure. The outside air is thus able to force

the shutter open and enter the combustion

chamber, where it mixes with the fuel to form

an explosive mixture. When enough air has

entered the combustion chamber to raise its

pressure to about that of the atmosphere, the
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Wright Aeronautical Corporation

This experimental turbo-jet engine is designed to produce

a thrust of 5000 pounds

This pulse-jet missile is similar to the buzz bombs of the Second World War

U. S. Air Force Photograph



Official U. S. Navy Photograph

Experimental ram-jet in launching rack ready for first test flight.

The large section at the rear of the ram-jet is the launching rocket;

this entire section drops off after it has "boosted” the ram-jet

up to its operating speed

shutter closes. The whole operation repeats

itself in about a fiftieth of a second. The

pulse-jet is so noisy that it is likely to be diffi-

cult to adapt it to passenger aircraft. During

the last war, this engine was used to propel

the German V-1 "buzz bomb” at subsonic

speeds; some designers believe that it may
become useful for speeds up to 1000 miles per

hour. Pulse-jet vehicles are usually launched

by means of rocket "booster” units.

Ram-Jet Engines. The ram-jet is somewhat

similar to the pulse-jet except that it is per-

manently open at both ends and it burns its

fuel continuously. The ram-jet cannot take

off under its own power, but must be launched

(usually by rockets) up to a fairly high speed

before it will operate. It must receive the

air into its combustion chamber by means of

the pressure developed by its forward motion.

The kerosene is injected into the air stream,

where it burns very rapidly. The heat causes

the gases to expand and to exert a pressure

against the sloping inside surfaces, while the

exhaust gases are released to the rear; the

result is a forward thrust. The flame itself

is much like that of an ordinary gasoline blow

torch, except that it is much larger, hotter,

and noisier.

Although the ram-jet was invented by a

French scientist in 1913, it has only recently

been developed in practical form. The ram-

jet has two desirable features; it uses no

major moving parts, and it has a high ratio

of power to weight. A number of test vehicles

have flown considerable distances at speeds

greater than 1500 miles per hour, developing

approximately one horsepower for each half

ounce of weight.



Each of these reaction engines has its own
set of advantages and disadvantages, and
each will operate most efficiently at certain

altitudes and speeds. Just as the aerodynami-

cist finds it impossible to design an air frame

which is equally effective at all speeds, so the

propulsion engineer finds no one type of en-

gine which is the best for all conditions. It

has been suggested that a combination of two

types of power plant may be required for

supersonic aircraft of the future.

STUDY GUIDE

1. Describe two methods of increasing the

power obtainable from a reciprocating engine

without greatly adding to its weight.

2 . Why are reciprocating engines not well

suited for supersonic flight?

3. Give three common examples of reaction

forces.

4. Which of the reaction engines would be

suitable for operation beyond the earth’s at-

mosphere? Explain your choice.

IMPORTANT THINGS IN THIS CHAPTER

Many attempts at flight are mentioned in

history. Leonardo da Vinci, the famous ar-

tist, made experiments with flying models;

and Besmer built a flapping-wing machine in

1678, but drawings show that it was too small

to support a man.

During the 1700’s ballooning became a

popular sport in Europe. The Montgolfier

brothers, in France, were the most successful

experimenters with hot-air balloons.

Aeronautics, as we know it today, devel-

oped out of experiments with gliders. In 1809

Sir George Cayley saw the possibilities of

flight similar to that of gliding birds. None of

the early designers were able to find a solution

to the baffling problem of controlling the

glider while in flight.

Lilienthal made over two thousand suc-

cessful glides. He used curved, or cambered,

wings and proved that they were superior to

flat wings.

Henson and Stringfellow spent ten years

experimenting with flying models driven by
small steam engines. Maxim built a huge ma-
chine of 300 horsepower. It was wrecked on
its first flight.

Langley, secretary of the Smithsonian In-

stitute at Washington, D. C., a brilliant scien-

tist, used the scientific method in studying

flight. He built and flew thirty models; fi-

nally, from his exhaustive studies of his

experiments, he designed and built man-
carrying machines. Manley, Langley’s assist-

ant, built a remarkable five-cylinder radial

gasoline engine as the power plant for the

Langley aerodrome. Langley’s man-carrying

machine was wrecked both times in taking off.

Langley gave to aviation the dihedral angle

and automatic stability, and, through Manley,

a remarkable power plant.

The first glider of the Wright brothers was

a biplane, a type easy to brace. They tested

it as a kite controlled by ropes. For obtaining

side balance they gave up weights hung below

the wings as dangerous
;
they gave up also the

dihedral angle because it made the glider hard

to control, although it did have a steadying

influence. Instead they made the glider wings

flexible, with a slight droop at the tips so that

they would be little affected by wind gusts.

A cardboard box twisted between his hands

gave Wilbur Wright the idea of wing warping

that solved the side-balance problem. The
wing-warping scheme was tested first in a tiny

model plane, then on a box kite, and finally

in their gliders.

The Wrights used a small plane set in front

of the wings to control the center of pressure.

The wing curve was shaped so that the center

of pressure shifted quickly fore or aft. When
the curve was changed, the machine flew

steadily.

Warping the wings to balance a machine

caused it to turn because the wing that was

warped downward had more drag than the

wing that was twisted upward. This trouble

was overcome by building a vertical steerable

tail.
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The Wrights built the first wind tunnel.

They used it for testing wing curves, center

of pressure, plane shapes, and streamlining.

They discovered that a streamlined shape has

a blunt rounded nose and a long tapering tail.

They found that a long narrow "window-slat”

wing was more efficient than a short wide

wing of the same area.

The first power flight in a machine under

full control was made by the Wrights on

December 17, 1903.

Today’s planes have rounded wing tips.

On square tips the wind whirls across the

wing at an inefficient angle. This makes the

drag high and loses lift.

Sweepback helps to keep the wing flying

straight forward. It reduces the effect of side

gusts of wind that tend to turn the airplane.

Ailerons, or hinged flaps, are now used in

place of the wing-warping balance control.

The whirling rotor supports the helicopter.

The helicopter can speed forward, it can stand

still in the air, it can drift backward, or it can

drop into small landing spaces.

The radio direction-finder helps to make
both day and night flying safe.

A wing lifts because the wind travels faster

across the upper surface than the lower.

Streamlining applied to automobiles fills

"holes in the air” behind the car, the fenders,

the lamps, and other projecting parts. A well-

streamlined car uses less gasoline. Many cars

would have less drag if driven with the body

reversed. A streamlined trailer behind a car

reduces the drag.

Airplane compasses are of two types: the

magnetic and the gyro. The gyro type will

read correctly in sharp turns.

The turn and bank indicator makes it pos-

sible for a pilot to stay on a course and keep

his plane under control while flying blind.

The automatic pilot can fly a plane on a

true course without the pilot even touching

the controls.

The rate-of-climb indicator is similar to an

aneroid barometer. It tells the pilot how fast

he is climbing or diving.

The air-speed indicator is also similar to

an aneroid barometer. This instrument tells

a pilot how fast he is going through the air

but not how fast he is passing over the ground.

The manifold-pressure gauge is necessary

to tell how much of the air-fuel mixture the

supercharger is supplying to the engine.

The tachometer is similar in construction

to the automobile speedometer. Its purpose

is to measure the revolutions per minute of

the engine.

Air exerts a resistance to the passage of a

moving object; this resistance increases

greatly as speeds are increased.

Speeds greater than the speed of sound are

called supersonic
\
at such speeds, special con-

ditions are encountered owing to shock waves

and heating effects.

Wings designed for supersonic flight are

usually smaller, thinner, sharper, and stronger

than the wings of subsonic aircraft.

Reaction engines exert a thrust by burning

fuel in a combustion chamber and releasing

the hot gases at high velocity.

Reaction engines of four distinct types are

used for high-speed flight; each type has

separate advantages and disadvantages.

AFTER YOU FINISH THIS CHAPTER

1. Make a list of facts regarding astron-

omy and geology which a pilot should know
when he flies a plane across the Pacific Ocean.

2. Find, in the chapter on chemistry, how
to make hydrogen. Is hydrogen safe to

breathe? Is hydrogen explosive? How can

it be safely handled? What other gas that is

safer than hydrogen can you use in a balloon?

3. Read the story of the lives of Santos-

Dumont and Count Zeppelin.

4. Which rose higher, Coxwell and

Glaisher or the men in recent stratosphere

flights?



5. What are five advantages and five dis-

advantages of balloons for flying?

6. Describe the way gas can be released

from a balloon.

7. Flapping flight has never been a suc-

cess. What are the mechanical and structural

reasons?

8. Why has steam power not been more

generally used for driving airplanes?

9. Is a monoplane or a biplane easier to

brace? Explain the reason.

10. Write a report on Maxim’s experiments

with kites.

1 1 . What changes did Curtiss make in

Langley’s aerodrome before he could fly it?

Look for information in the Scientific Amer-

ican and aeronautical magazines.

12. Make a list of improvements that have

been made in the airplane in the last five

years.

13. Show with a sketch how you would

streamline your car.

14. Explain some ways in which the mathe-

matics taught in your school can be used in

either designing or building an airplane. Try

to find some examples of its use.

15. What reason can you give for the fact

that an airplane twice as large as another

needs eight times the power to drive it?

16. What use did the Wrights make, in

designing their machine, of the experiments

with early gliders?

17. Explain the aerodynamics of a kite:

{a) draw the motion of the air around a kite;

(h) explain how a tail steadies a kite; (c) ex-

plain how kites are designed so that a tail is

unnecessary; {d) tell what means besides a

tail are used to make a kite stable.

18. Sketch a method of controlling a kite-

like glider from the ground by means of wires.

19. Write a report on methods of gliding

and soaring used today. Explain thermal

currents; rising currents; how plowed areas

or green areas affect flight. i\lso explain the

effect of clouds on flight and soaring.

LElSURE-miE ACTIVITIES

1. Time the flight of a large model glider.

Then figure out how many days it will take to

get five hours of flying time.

2. Watch the weather to see how many
days you would be able to fly a glider that you

were developing. You know that you can

make no mistakes, because a mistake may
cost you your life. You want a day with a

steady wind that is not too strong. How many
hours can you find fit for flying in a week?

3. Is the weather better for flying on a

sunny day or a cloudy day? Why? Stand in

a large open field to find the answer.

4. What materials are available today for

building airplanes that were not available to

the Wrights? Visit an airport to find the

answer.

5. Build stick-model airplanes driven with

rubber bands. Make three wings, each with

the same area. Make one wing as called for

in the plans, one half as long and twice as

wide, and one longer but narrower. Test them

to see which is the most efficient for climb

and for steady flight.

6. Learn something about early-type en-

gines. You can see them at airports or at

museums. Often a local inventor or mechanic

has an engine or parts of a plane stored away.

Get him to talk about his early experiments.

He will gladly do so.

7. To test your model planes, set up an

ordinary household fan and cardboard honey-

comb, similar to the wind tunnel used in your

laboratory experiments.
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11 • SOUND

TLe Nature of SounJ

What Is Sound? Let us find out what causes

sound. Hold one end of a ruler tightly against

the top of a desk, as shown on page 261
;
then

pull the other end down and let it go. The
ruler will produce a distinct hum as it rapidly

springs up and down. To understand how this

hum is produced is not difficult. As the ruler

bends upward it compresses, or jams together,

the particles of air above it. This compression

travels upward away from the ruler. When
the ruler springs back, it causes the particles

of air above to separate, or scatter out. This

scattering in the air also travels upward from

the ruler. When the ruler springs back up, it

will again compress some air above it. Thus,

as the ruler springs up and down, it alter-

nately compresses and thins out the air.

There is one peculiar thing about these

condensations and rarefactions, as they are

called. The compression travels a long dis-

tance away from the ruler, but the individual

particles of air do not move along with the

condensation. This can easily be illustrated by
hanging one end of a long coil spring

to the ceiling. If you squeeze together

a small portion of the bottom of the spring and

then let it go, the compression will quickly

travel up the spring. The compression moves

the complete length of the spring, but it is easy

to see that the metal in the bottom of the

spring does not break away and move upward

to the ceiling. The metal at any one place

moves back and forth only a short distance;

yet the compression travels the full length of

the spring. The same thing is true of the in-

dividual particles of air above or below the

vibrating ruler. They move back and forth

but a short distance; yet the effect travels on

for great distances.

When this train of compressions and rare-

factions reaches a person’s eardrum, it alter-

nately bends the eardrum in and lets it spring

out again. (See diagram at top of page 263.)

The eardrum bends back and forth at the

same rate as the ruler vibrates. When the ear-

drum vibrates rapidly, it gives us the sensa-

tion of sound. The action of the ear is dealt

with in physiology courses
;
our purpose is to

deal only with the compressions and rare-

factions, constituting waves, which cause the

eardrum to vibrate.
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Careful observation will show that all

sound waves are produced by something

vibrating. The vibrations of a bell can be felt

by touching the rim lightly with the finger.

The vibrations of a tuning fork can be shown

by touching the ends of the fork to the sur-

face of some water.

Sound Waves. Is it necessary to have a

substance to carry sound waves ? We find that

if an alarm clock is placed under a glass jar

and the air is pumped out, the sound of the

alarm becomes weaker and weaker as the air

is removed. When the air valve is opened and

the air is again allowed to fill the jar, the sound

once more becomes loud. Evidently sound

travels thjrough air. It must also be able to

travel through other substances, because the

sound of the clock was heard through the

glass jar.

If you hold a vibrating tuning fork several

feet from you, it will be impossible to hear it;

but if the base of this fork is held against

one end of a long iron rod, the other end of

which is held against your ear, the fork can

easily be heard. This shows us not only that

sounds can travel through substances other

than air but also that sounds are transmitted

more easily by some substances than by

others.

But how fast does sound travel, and does

it go at the same rate through all substances?

Two Dutch scientists, Moll and Van Beek,

in 1823, determined the speed of sound in air.

They placed two cannons on hills about eleven

miles apart. They shot one cannon, and

people on the other hill saw the flash and

then counted the seconds before they heard

the report. The other cannon was then shot,

and the speed of its sound measured. After

considerable experimentation they deter-

mined that the speed of sound through air is

about 1100 feet per second. For all ordinary

purposes it is convenient to remember this

speed as about one mile in five seconds. This

fact may be used in estimating the center of a

thunderstorm. By counting the seconds from

the time when a flash of lightning is seen to

the time when the roll of thunder is heard, it

is possible to determine roughly the distance

of the bolt of lightning from the observer.

Careful measurements have shown that

sound travels much faster through water and

wood than through air, and still faster through

metals. The speed of sound through steel, for

instance, is about fifteen times as great as

through air.

Echoes. We are all familiar with echoes be-

cause we have heard them so often; yet many
persons do not realize that an echo is simply

a sound bounced back, or reflected, to them.

If a ball is thrown against a wall, it will bounce

back; likewise, if the sound of a person’s voice

strikes a wall, it too will bounce back and

blend with the voice. But if a wall or a hill

is over 55 feet away, the sound will be so slow
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in getting back that an echo can be heard

entirely separate from the original sound (see

diagram A, below).

If a ball strikes a wall at an angle, it will

not return to the person who threw it. A
sound striking a wall at an angle will bounce

away in the same manner (see diagram B
below). This property of sound must be con-

sidered in the construction of auditoriums.

Some auditoriums are so poorly shaped that

the words of a speaker will bounce, or re-

verberate, all around the room and finally

glance back to the speaker. Echoes will be-

come jumbled with the speaker’s voice and

make it very difficult for the audience to

understand what he is saying. Properly

shaped auditoriums, however, reflect the

speaker’s words to the audience.

The reflecting qualities of surfaces vary.

Thus the acoustics of a room may frequently

be improved by the use of materials which will

absorb, and not reflect, sounds.

Music. Some sounds are pleasing to listen

to, while others are not. The sounds which

are pleasing are called musical tones; the

unpleasant ones are called noises. There is

a mechanical distinction between musical

sounds and noises. If a sound causes our ear-

drums to vibrate at an even rate, we enjoy

the sensation and call the sound a musical

tone; but if the sound causes our eardrums to

have an irregular vibration, the sensation is
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unpleasant, and we call it a noise. In other

words, if the distances between the compres-

sions and rarefactions of a sound are evenly

spaced, as shown in the diagram below,

the sound is enjoyable; but if the distances

are not evenly spaced, the sound is unpleasant.

A study of a musical tone shows that it

has three important characteristics ; intensity,

pitch, and quality. The intensity of a tone is

its loudness
;
pitch is whether the note is high

or low
;
quality represents the type of sound

and the degree of pleasure to be derived from

listening to it.

Intensity. Loudness, or intensity, deter-

mines the distance that a sound moves our

eardrums back and forth. A loud sound has

more mechanical energy and causes the ear-

drums to vibrate through a greater distance

than a soft sound. It has a greater effect on

the eardrums because the air particles are

moving back and forth through a greater dis-

tance than in the waves of a softer sound.

The distance between two compressions in

a loud sound is the same as that in a soft

sound, but the distance that each particle

moves in a loud sound wave is greater than

it is in a soft sound wave.

A tuning fork sounds louder when its stem

is pressing on a table top because the table

top vibrates with the fork. The final result of

this is to cause a larger mass of air particles

to vibrate than if only the tuning fork had

been moving. The motion of the table top

consists of what are called forced vibrations.

Musical tone
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The table mentioned above may be called

a sounding board. Sounding boards are

commonly used in musical instruments to

strengthen the tones. The wires of a piano,

for instance, are stretched over a large heavy

board to increase the intensity of the sound

produced. If a piano wire without a sounding

board were struck, it would not make nearly

so loud a sound. Certain t5^es of wood make

better sounding boards than others. This ac-

counts in part for the rich tones of expensive

violins. The correct shape and type of mate-

rial used in the sounding boards of radios

have much to do with securing satisfactory

tones.

Pitch. The pitch of a tone is determined by

the rate at which our eardrums vibrate. The

greater the frequency,—that is, the more rapid

the vibrations,—the more shrill is the sound.

We say the pitch is higher. The air particles

in a high-pitched tone form a series of air

waves close together. Such are said to be of

short wave length. In a low-pitched tone the

air waves are spaced far apart. These are of

longer wave length. The greater the fre-

quency, the shorter is the wave length; and

the less the frequency, the longer is the wave

length.

Fundamental note of a vibrating string

First overtone of a vibrating string

Anything that changes the distance be-

tween the compressions will change the pitch.

For example, when an automobile is coming

toward one at high speed with its horn blow-

ing, the horn will have a pitch higher than

normal. Then, as it goes past, the pitch of the

horn suddenly becomes lower. The fast-

coming automobile is closer to the person

listening to its horn each time a sound wave

is given off. Having a shorter distance to

travel, each succeeding sound wave will reach

the person sooner than it would if the auto-

mobile were standing still. The sound waves

reach the ear more frequently, and thus the

sound has a higher pitch. When the automo-

bile is going away from one, the sound from

its horn has a lower pitch than normal be-

cause the automobile is carrying its sound

away, and each wave has a greater distance

to travel than it would have if the car were

standing still. The first person to explain this
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!; change in tone was Doppler; the effect of

speed upon pitch is known as the Doppler

effect. (See diagram on page 244.)

There are limits to the number of vibra-

tions which our ears can hear. If a vibrating

object causes the eardrums to bend back and

j

forth less than about 16 times per second, we
hear no sound. For some reason our nerves

are not able to make such slow vibrations

register in the brain as sound. Likewise, if

the eardrums vibrate more than about 20,000

I

times per second, we hear no sound. The

upper limit is determined somewhat by age;

usually old persons cannot hear as high-

‘ pitched sounds as children can. In general,

:

men cannot hear as high-pitched sounds as

women can.

I

Quality. The quality of musical sounds has

j

more to do with our enjoyment of them than

: either the pitch or the intensity. The cause of

' differences in quality can be easily understood

by a study of a vibrating string or wire. When

[

a long wire is stretched tight and then plucked

with the finger, it is possible to see the wire

I vibrate. When it vibrates as one big loop,

;

like that shown in the diagram on page 264,

,

the wire is producing its so-called funda-
' mental note. But if it is touched in the middle

while it is vibrating, it will begin to vibrate

in two segments. These segments will vibrate

twice as fast as the wire does when it vibrates

in one loop. The pitch will be twice as high

i

as that of the fundamental. This higher-

;

pitched note is often called an overtone, or

a harmonic.

When the wire vibrates in two parts, it is

producing its first overtone; in three parts,

its second overtone; in four parts, its third

overtone; and so on. It is easy to get a wire

to produce its fundamental note and over-

tones at the same time
;
that is, the entire wire

can vibrate to produce the fundamental, while

small segments of it also vibrate at different

speeds to produce overtones. As a rule, the

more overtones that are produced by a musi-

cal instrument, the more pleasing it is, and

we say that it has good quality. The relative

strengths of the harmonics have a great deal

to do with the quality of a tone, because some

harmonics are more pleasing to us than others.

The beautiful tones of the violin, for instance,

are due to the ability of this instrument to

reinforce the proper harmonics so as to make
a pleasing combination.

Sympathetic Vibrations. Musical instru-

ments are able to strengthen tones by what

are known as sympathetic vibrations. Place

two tuning forks of the same pitch close to-

gether. Strike one of them with a mallet and

let it vibrate for a moment. Then if you stop

it, you can hear the other fork vibrating. It

was possible for one fork to start the other

without touching it. Place a weight on one of

the tines of the first fork; then strike it, and

it will vibrate more slowly than the other fork.

Now strike one fork and allow it to vibrate

for a moment; then stop it, and you will find

that the other fork is not making any sound.

Evidently it is possible to have sympathetic

vibrations only between forks of like pitch.
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How is it possible for one fork to cause

another to vibrate without touching it? The

first fork sends out a train of air waves. A
compression in one of these waves strikes the

other fork and bends it an extremely small

distance. (See diagram on page 265.) When
this compression passes by, the fork bends

back again. Since it vibrates at the same fre-

quency as the first fork, it bends back the

other way just in time for the next compres-

sion to strike it and bend it over again. This

compression is able to bend it slightly farther

than the first one because the fork is already

in motion. Thus each succeeding compres-

sion is able to bend the fork a little farther

until finally the fork is vibrating strongly;

yet it was never touched by the other fork.

When the two forks are not of the same
pitch, the tines of one fork do not return at

the right instant for the next compression to

bend them back again. Thus there can be

sympathetic vibrations only between two

objects which produce tones of the same pitch

or which produce overtones of the same pitch.

When one is causing the other to vibrate, they

are said to be in resonance.

Resonance. The notes given off by musical

instruments can be strengthened by forcing

the air in a chamber to vibrate at the same

rate as the vibrating part of the instrument.

An example of this type of reinforcement is

found in a violin, v/here parts of the body of

air on the inside of the instrument vibrate at

the same rate as the string which is being

bowed.

The principle involved in this kind of re-

inforcement of sound can be understood by

considering how the air inside a glass tube will

increase the intensity of the note given off by

a vibrating reed. The diagram shows an up-

right tube and a vibrating reed. If water is

slowly poured into the tube while the reed is

vibrating, thus shortening the air column,

there will be moments when the sound given

off will be distinctly louder.

When the reed vibrates from position A to

position C, a compression is started in a

downward direction. A part of the compres-

sion moves down the tube at the rate of about

1100 feet per second. The sound travels much
faster than the reed. When the compression

reaches the bottom of the tube, it strikes the

surface of the water there and rebounds up-

ward toward the reed. The reflected compres-

sion reaches the mouth of the tube at exactly

the same time that the reed reaches position

C and starts back toward position A. The
compression emerges from the tube, and

at exactly the same time a compression

is formed by the reed moving from C to ^4.

These two compressions move away from the

open end of the tube at the same time, and the

result is, of course, a greater movement of the

air particles and a louder sound. This appara-

tus reinforces the rarefaction of a sound in

exactly the same manner, the only difference

being that the rarefaction emerges from the
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mouth of the tube when the reed is in posi-

tion A

.

Water is poured into the tube to shorten the

air column until it is exactly the right length.

If the air column in the tube were either

longer or shorter, the sound waves would

[travel a different distance and would not

reach the mouth of the tube at the proper time

to reinforce the sound of the reed. A tube

open at both ends, if it is of the correct length,

will also reinforce a musical note.

:
Sound reinforcement by this manner is

I called resonance. In describing musical in-

struments we sometimes speak of an air

column as resonating with the vibrating parts

of the instrument.

Beats. If two tuning forks of the same pitch

are both struck, their sounds will blend into

one sound which is louder than either one

alone. But if a weight is fastened on a tine

of one of the two forks, they will produce

two tones which are different in pitch. This

slight difference in pitch will have a peculiar

effect upon their sound. Instead of being an

even tone, as in the first case, the sound will

alternately grow loud and then weak. If the

weight on the one fork is increased, that fork

.will vibrate still more slowly, and this will

make a greater difference between the pitch of

the two forks; now when both forks are

struck, the increase and decrease in the loud-

ness of their tones will be more rapid.

This variation in loudness is called a beat.

The greater the difference in pitch, the faster

the beats will be repeated. If they occur less

than 8 times per second or over 70 times per

second, the sounds, for some peculiar reason,

are unpleasant to us, and we call them dis-

cords.

Let us examine the sound waves to see what

actually causes the beats. Suppose one tuning

fork were vibrating 256 times per second and

another, standing beside it, were vibrating

257 times per second. The faster fork would

gradually gain on the other and would reach

a point where it was half a beat ahead. Then

the forks would be moving in opposite direc-

tions. One fork would tend to compress the

air and the other to rarefy it. Since it is im-

possible to have the air particles both

squeezed together and scattered at the same

place, the two forks would cancel each other’s

sounds. Then a half-second later the faster

fork would have gained so much that it would

be one complete vibration ahead of the other.

The tines of the two forks would now be mov-

ing in the same direction and would both com-

press the air at once. The resulting sound

would be twice as loud as the sound from

either fork alone. These two forks would

thus produce one beat per second.

STUDY GUIDE

1. What is sound? How is it produced and

transmitted?

2. What are echoes? How may reverbera-

tions within an auditorium be reduced?

3. Distinguish between musical sounds and

noises.

4. What are the three characteristics of a

musical tone?

5. What is resonance? What are beats and

discords?

6. What are overtones?

Musical Instraments; the Voice

Wind Instruments. Musical instruments

which give off musical notes when air is blown

into them in the correct manner are called

wind instruments. The operation of the more

common wind instruments can be explained

by describing the simplest of wind instru-

ments, the ordinary whistle.

A whistle, in its simplest form, is a small

tube open at either one end or both ends.

Blowing across the open end of a tube pro-

duces a musical note because the air in the

tube is forced to vibrate.

A simple laboratory glass whistle is shown

on page 268. Air blown through the small

tube passes across the large tube and in-

creases the pressure of the air in the upper

end of the large tube. Air pressure creates
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a sound-wave condensation, which passes

down the tube to its end and is reflected back

to the open end again. When the condensa-

tion reaches the opening of the tube, it

emerges into the open air, and the stream of

air from the small tube is pushed away. The

emerging of the condensation from the large

tube and the bending of the stream of air

away from the tube result in a rarefaction

which moves down the tube and returns to its

open end. This rarefaction draws the stream

of air back to the tube again.

In order to change the pitch of a whistle

it is necessary to change the length of the

vibrating air column in it. If a lower pitch is

desired, a longer whistle is used. A high-

pitched whistle is short. The length of the

vibrating air column of a flute whistle may be

changed by closing or opening holes in the

side of the whistle with the tips of the fingers.

The lowest note possible on one of these little

instruments is made by closing all the holes

with the finger tips so that the entire length

of the tube is used. The length of the vibrat-

ing air column at any time is the distance

between the mouthpiece and the first open

hole in the side of the tube.

The musical note given off by a wind in-

strument is not a simple note like that coming

from a small tin whistle. The fact that the

note A when sounded on different instruments

does not sound the same is one proof of it.

There are several reasons why this is true.

One is that the air columns in the different

instruments vibrate in parts somewhat as a

violin string vibrates in parts, giving off

additional notes which blend with all other

notes given off. Another reason is that parts

of the instruments themselves vibrate, giving

off notes which blend with other notes. A
third reason for the difference in the musical

notes given off by various instruments is that

resonance takes place in them. This rein-

forces certain sounds and makes them louder

than other sounds.

Reed Instruments. In one group of wind

instruments, like the clarinet, saxophone, and

oboe, reeds cover the opening of the mouth-

piece. It is the reed that sets the air column

into vibration by its rapid movements back

and forth against the opening when air is

blown into the instrument. The pitch of the

note given off by this type of instrument is

controlled by the length of the air column.

This is accomplished in exactly the same man-

ner as in a flute whistle, except that the ar-

rangement of the openings in the side of the

instrument and the manner of closing and

opening them are somewhat different.

The pitch of a reed wind instrument is also

controlled to some extent by changing the rate

of vibration of the reed. When the lips are

pressed firmly on it, its vibrating part is short-

ened and it vibrates faster, just as a short

pendulum swings faster than a long one.

Brass Instruments. In this group of wind

instruments, which includes the cornet, trom-

bone, and bass horn, the instrument is blown

with the lips pressed against a cuplike mouth-

piece. As air passes between the two lips,

they are set in vibration. The vibration of the

lips controls the passage of air through them,
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How do you account for the rich quality

of tone produced by a violin well played?

Richie, for Houston Symphony Society

What makes the sound

in these kettledrums?

The tuba is a brass wind instrument.

What is the purpose of the valves

and tubes?

Richie, for Houston Symphony Society



and as a final result the air column in the in-

strument vibrates. When the lips are pressed

more firmly together and harder against the

mouthpiece, they vibrate faster, and the air

in the instrument vibrates faster. This, of

course, results in a higher-pitched note from

the instrument.

Another method of controlling the pitch of

this group of wind instruments is to change

the length of the vibrating air column. In

some of these instruments the total length

of the air column can be changed by sliding

one tube in or out of another. Still another

method is to press a key which opens or closes

a part of the tubing of the instrument, thus

lengthening or shortening the total length of

the vibrating air columns.

Stringed Instruments. Other musical instru-

ments, such as the piano, violin, cello, and
mandolin, produce notes by the vibration of

metallic strings. The pitch of a stringed im

strument is determined by three things: ten-

sion, length, and weight of the string, or wire.

A guitar, for instance, is tuned by turning the

knobs that adjust the tension of the wires.

The wires that furnish the low tones are not

stretched as tightly as those that furnish the

high-pitched ones. If you examine the bass

strings of a piano, you will find them wrapped

with wire in order to make them heavy. The
heavier a wire is, the more slowly it will

vibrate. It is also possible to change the pitch

of a string of a musical instrument by chang-

ing its length. This makes it simple to pro-

duce a wide variety of notes on a violin or

guitar. When a player wishes to raise the

pitch of a given string, all that is necessary

is to move his finger down the string and thus

shorten the vibrating part of it until it gives

the desired note. A string will vibrate twice
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as fast when its length has been decreased

one half.

Vocal Cords. The emission of vocal sounds

is accomplished by the vibration of a pair of

membranes in the throat. The vibration of

the membranes gives a sound which is altered

by the cavities of the head and chest.

The vibrating membranes, vocal cords,

which give us our fundamental throat sounds

are located in a peculiarly shaped box made of

several pieces of cartilage. This box, some-

times called the voice box, is located in the

front part of the neck at the upper end of

the trachea, the tube which carries air to and

from the lungs. In men the voice box projects

out in the front of the neck, forming the struc-

ture called the Adam’s apple. The diagrams

on page 270 show the location of the vocal

cords in this voice box.

The vocal cords are placed where all the

air passing into and out of the lungs must pass

between them. A study of the diagrams will

show that the air passage through that part

of the voice box where the vocal cords are

located is narrow from side to side and long

from front to back.

The vocal cords consist of two folds of

mucous membrane, one on each side of the

voice box. They are attached in front and at

the back to cartilages. Immediately under-

neath them is a pair of muscles. These muscles

assist in holding the vocal cords apart while

a person is breathing and not talking.

Two sets of muscles attached to the car-

tilages of the voice box move the vocal cords

into the position for making sound. One set

tightens the vocal cords
;
the other set, which

we will call the vocal-cord muscles, is under

the vocal cords and brings the edges of the

two cords together. When the vocal cords are

stretched across the voice box in this manner

and air is forced between them, they vibrate.

In order to understand how they vibrate

and what starts the vibration, moisten your

lips, press them together firmly, and then

force air out of your mouth between them.

When you do this, your lips should make a

high-pitched sound. With a little practice you
should be able to change the pitch of the sound

made by your lips. The vocal cords are forced

to vibrate in exactly the same way as you

made your lips vibrate. The muscles con-

trolling the vocal cords can adjust their posi-

tion and tension much more delicately than

you are able to do with your lip muscles, and

so, of course, the vocal cords are able to

change the pitch with greater ease.

The muscles of the vocal cords can hold

them in such a position that they will vibrate

in parts, just as a wire can be made to vibrate

in parts. This ability gives the voice over-

tones which make it sound pleasing and har-

monious. These muscles are also capable of

holding the cords in such a way that only one

end of them vibrates. This gives the voice a

greater range, and enables a person to use

higher-pitched sounds in speaking or singing.

The description of the voice makes it clear

that the human voice is produced by the ac-
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The trained singer has learned how to control

his vocal cords

tion of body parts that are very much like the

parts of musical instruments. The vocal cords

are like vibrating violin strings. The air pas-

sages of the head and chest act similarly to

the air cavities in musical instruments like the

clarinet and the violin, and the sinuses and

the bony walls of the head act like the sound-

ing boards of guitars and mandolins.

Air Cavities. The cavities containing the

lungs and large air tubes resonate to the

vibrating vocal cords during speech. To gain

some idea of how much they resonate, place

your ear on a person’s chest and listen while

he repeats the number ^'ninety-nine” several

times.

The air cavities of the head (shown on

page 271) also resonate when the vocal cords

are sounding. The uneven shape of these

cavities makes it possible to have resonance

from some part of them with all sounds and
all pitches of sound which the vocal cords can

produce. You have frequently noticed the

change in the voice of a person when he has

a bad head cold. A cold in the head interferes

with the resonating functions of these cavities

by swelling their linings; so do adenoids or

large tonsils.

Two of the head cavities, called sinuses,

are located in the cheekbones just above the

back upper teeth, as shown. These cavities

act in such a way as to control the quality of

the voice.

The walls of the pharynx, the soft palate,

and the tongue are movable, and while one is

talking they are moved back and forth and

up and down to change the shape of the res-

onating chambers of the head. When one

wishes to make a high-pitched vocal sound,

the shape of the resonating chambers is

changed so that they are short. A low-pitched

sound requires long resonating chambers. A
singer is taught to open his mouth wide while

singing in order to increase the size of the

resonating chambers and give his voice a more
pleasing quality.

Low-Pitched and High-Pitched Voices. A
man’s voice has a lower pitch than a woman’s

because a man’s vocal cords are longer and

heavier than those of a woman. The long,

heavy vocal cords vibrate more slowly than

short, light ones, just as the long, heavy wires

of a piano or harp vibrate more slowly than

the short, light ones. The air passages which

form the resonating chambers for a man’s

voice are all longer and larger. This results

in more reinforcement of lower-pitched

sounds than is possible in a woman’s voice.

The vibration rates, in terms of vibrations

per second (vps), of the different kinds of

singing voices are as follows: bass, 85 to 256;

baritone, 106 to 341; tenor, 128 to 427; con-

tralto, 160 to 512; mezzo-soprano, 192 to

460; and soprano, 240 to 768.

STUDY GUIDE

1. Describe the principle of wind instru-

ments; of stringed instruments.

2. What is the mechanism by which speech

is produced? Why are some voices low-

pitched, while others are high-pitched?

3. What is the function of the air cavities

of the head?,
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IMPORTANT THINGS IN THIS CHAPTER

Sound is made by vibrating objects. Sound

waves in air are areas of compressed air, or

compressions, followed by areas of thinned

air, or rarefactions, moving outward in all di-

rections from a vibrating object.

Sound travels in air at the speed of about

1100 feet per second. Sound travels through

solids faster than it does through air.

Sound waves striking an object are re-

flected. If they are reflected toward the source

of sound and the distance between the source

and the reflecting surface is over 55 feet, an

echo will be heard.

Regular, or evenly spaced, sound vibra-

tions give us a musical tone. Irregularly

spaced sound waves give us a noise.

Intensity, or loudness, depends on the

amount of movement of the molecules of the

substance conducting the sound.

Pitch is high when there are many vibra-

tions per second and low when there are few

vibrations per second.

Quality depends on overtones present in

the sound. A wire vibrating as a whole gives

off its fundamental note. When it vibrates in

parts, it gives off overtones.

Musical notes can be made louder by the

sympathetic vibration of parts of the instru-

ment. Notes are also reinforced by resonance.

Resonance can be produced by an open or

closed tube of the proper length.

Beats in sound result from two vibrating

objects the vibration rates of which are very

nearly the same. If they are less than 8 per

second or more than 70 per second, discords

result.

The length of the vibrating air column of

a wind instrument controls the pitch of the

sound. Not all wind instruments sound the

same, because the overtones present in the

sounds coming from them vary and also be-

cause resonance changes the intensity of parts

of the soimds coming from them.

The pitch of a stringed instrument depends

upon the tension, length, and weight of the

string.

Vocal sounds are made by the vibration of

the vocal cords. Vocal cords, located in the

voice box, are controlled by two sets of

muscles. The air chambers of the chest, nose,

mouth, and throat all act to produce the

resonance of vocal-cord sounds. This results

in the quality of the sound of the human voice.

A man’s voice is lower-pitched than a

woman’s because his vocal cords are longer

and heavier and also because all the resonat-

ing air chambers in a man are larger.

Vibration rates of the human voice range

from 85 vibrations per second in a bass voice

to 768 vibrations per second in a soprano

voice.

AFTER YOU FINISH THIS CHAPTER

1. Give one proof that sounds having dif-

ferent pitches travel at the same speed.

2. Give one method of finding which of a

dozen china tea cups has an invisible crack.

3. Explain why you can hear two sounds

when you are listening to a man hammering

on a steel rail several hundred feet away.

4. Why did man)’’ motion-picture theaters

have to be remodeled soon after they began

showing sound pictures?

5. Why is it that the marchers in the rear

of a long parade are frequently out of step

with the marchers in the front of the parade?

LEISURE-TIME ACTIVITIES

1. Notice the Doppler effect by listening to

the sound of an automobile horn while it

approaches, passes, and recedes from you.

2. Try to produce beat notes with two

cornets.

3. Play the same note on several different

musical instruments and account for the dif-

ference in sound.

4. Make a musical instrument by partly

filling some glasses with different amounts of

water.
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12 • LIGHT

Tlie Nature of Seeing

Sources. Substances at very high tempera-

tures send out waves similar to those utilized

in radio communication, but light waves have

not the same wave length as radio waves.

Light waves range from .000040 centimeter to

.000076 centimeter, while radio waves are

more than 100,000,000 times as long. Hot
objects send out many other waves besides

those capable of producing vision, but the

eye responds to certain wave lengths only.

It is unable to respond to the energy of wave
lengths which are too long (infrared waves)

or too short (ultraviolet waves) . When waves

within the light range enter the eye, the eye

sees. Light might be defined, therefore, as

radiant energy in the form of a wave motion

of such a range as to affect the eye and pro-

duce the sensation of sight. (See radiation

chart on page 275.)

We have already learned that light travels

at the rate of 186,000 miles a second. The
number of waves which pass a point in a

second (the frequency) varies, of course, in-

versely with the wave length. That is to say,

the longer the wave length of light, the less

the frequency; or the shorter the wave length,

the greater the frequency.

The greatest of all our light sources is the

sun. Even on a cloudy day, when the sun ^'is

not shining,” the clouds transmit some light,

which they receive from the sun. At night a de-

gree of illumination is produced by the moon
and some of the planets, not because they

generate light, but because, while our half of

the earth is turned away from the sun, they

are still exposed to the sun’s rays and reflect

a very small portion of that light to the earth.

Process of Seeing. When the sun is shining

on a building, the form, size, and color of the

parts of the structure can be distinguished

through the agency of light. The sun pours

upon it a myriad of energy waves, including

the light waves, ranging in length from

.000040 centimeter to .000076 centimeter.

Instead of absorbing all the rays, each part of

the building reflects and scatters a portion of

the rays falling on it and absorbs the rest. As

a result of this scattering, some light from all
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Chart showing the difference in wave lengths of radiations from oscillating

electric circuits, light sources, X-ray tubes, and radioactive substances

parts of the building in the field of view falls

upon the eye; and the eye, through the optic

nerve, conveys the message to the brain.

Furthermore, the parts of the building all

appear in their characteristic colors. If the

bricks, for example, appear yellow, it is be-

cause in general they absorb relatively few of

the rays of wave lengths which are capable of

giving the impression yellow. In the same

way the brown mortar absorbs most rays ex-

cept a particular combination of waves which

make up the color of brown; and when these

are reflected to the eye, they convey the im-

pression that the mortar is brown. If there are

any parts of the building which absorb prac-

tically all the sun’s light that falls on them, we

get the visual impression called black. Con-

versely, portions of the building that reflect

equally for all wave lengths nearly all the light

that falls upon them appear white. (See dia-

gram on this page and that qn page 276.)

The pillars appear round only because the

eye has become accustomed to recognize cer-

tain gradations of light and shade as being

characteristic of round objects. Likewise,

recesses in the wall are recognized as such be-

cause the parts in shadow do not receive so

much light from the sun and therefore reflect

correspondingly less light to the eye.

This phenomenon of light and shade is used

by the artist in making a black-and-white

sketch of a building, where he uses no color

but simply depicts, by the shading of lines,

the amount of light that each part of the

building directs toward his eyes. The camera

does the same thing with even greater exact-

ness. Even a child can recognize these trans-

lations of the actual object to a flat surface,

which shows only the varying degrees of light

reflected to the eye.

White light

containing

all colors



Black block

A certain amount of light must be available

if we are to see objects clearly and readily.

For example, in examining the works of a

watch we naturally move to a window to get

the maximum illumination. Likewise, while

one is playing tennis in the early evening, the

ball may be clearly visible when held in the

opponent’s hand, but the light may be entirely

inadequate for the players to see the ball in

motion.

Care should be taken to avoid confusing

the amount of illumination on a surface with

the brightness of the surface. A gray surface

lighted by a given amount of illumination will

not appear as bright as a white one, for a

greater proportion of the light falling upon the

gray surface is absorbed and lost. The bright-

ness of an object depends upon both the in-

tensity of its illumination and the percentage

of light that it reflects.

Since the facility with which objects can be

s«en depends upon the amount of light they

reflect, high levels of illumination must be

provided when one is working upon dark-

colored materials.

Seeing is a highly complicated process

which the eyes are performing constantly. It

is particularly important to remember that in

both natural lighting and artificial illumina-

tion an object is seen not as a result of the

light which travels directly from the light

source to the eye, but only as a result of the

light which travels first from the source to the

object and thence to the eye.

Development of Eyes. It has taken man
centuries to develop into what he is today.

During most of this period of development

man was essentially an outdoor creature. His

eyes were built to function under the high in-

tensity of illumination of daylight. He used

his eyes primarily for long-distance seeing;

when the sun went down, he went to sleep.

This continued for ages, and it was only

relatively recently that man began to use his

eyes for activities requiring closer vision

—

making pottery, weaving, and later reading

books and papers. Most of the early tasks

were done out of doors. Very little work was
done under artificial light. Even in Abraham
Lincoln’s time very few people studied or

sewed or read, as we do, far into the night.

Within the past century we have developed

many kinds of indoor machinery, which are

run during the night as well as the day and on

dark days as well as on sunny ones.

Let us examine the new demands we have

made on our eyes

:

Man’s Plan

Close vision

Low intensities

All hours of the day and night

Abnormally severe visual tasks

Nature’s Plan

Distance vision

High intensities

Sunrise to sunset

Easy visual tasks
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We moderns, tossing lightly aside the fact

that our eyes have been in the process of de-

velopment for hundreds of thousands of

years, bring ourselves indoors, accelerate our

tempo of living, and create all sorts of jobs

for those eyes under conditions vastly dif-

ferent from those that nature intended. In-

stead of distance vision, we have close vision

of 15 to 30 inches. Instead of broad daylight,

we have the extremely low intensities of ar-

tificial light. And, not content with all this,

we have, on the average, lengthened the work-

ing day of our eyes one third. Perhaps that

i is why eye trouble is so prevalent today. Sta-

tistics show that among school children 20

I

per cent have defective vision, notwithstand-

;

ing the fact that nearly all are born with nor-

! mal eyesight.

At birth usually without defects

School age ... 20 per cent have defective vision

College age ... 40 per cent have defective vision

60 years old ... 95 per cent have defective vision

Measuring Intensity of Light. The intensity

of light is measured in candle power. If you

hold a piece of paper 1 foot square a foot

away from a standard candle, the amount of

light which falls upon this paper is known as

1 foot-candle (ft-c) of illumination (see dia-

gram at the top of page 278). An idea of

what is represented by a foot-candle of light

may be obtained by reading a newspaper

for ten minutes with the paper held approxi-

mately 1 foot from a standard candle. At first

the illumination may seem adequate, but the

observer will soon discover that he needs

more light.

Sunlight measures about 10,000 foot-

candles. This is too bright for comfortable

reading but not for playing golf. The in-

tensity in the shade of a tree may be 1000

foot-candles or more, which is satisfactory

for reading. Or we sit on the porch under,

say, 500 foot-candles. Again, we sit inside

during the daytime, pull our chair close to

the window, and think we have good light.

Yes, it is reasonably good—200 foot-candles.

1000 foot-candle0

500 foot-candlcs
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Then at night, when many of us use our eyes

for close vision more than in the daytime, we
may turn on a 40-watt bulb in a bridge lamp

and proceed to read the newspaper under the

low intensity of only 3 to 5 foot-candles.

A small light-meter has recently been de-

veloped which measures light as readily as a

thermometer measures heat. Placed by the

window, it may register 200 foot-candles, but

3 feet away from the window only 20 foot-

candles; across the room from the window it

may register only 2 foot-candles. Thus we
find that there is a hundred times more light

by the window than across the room from it,

and we see how rapidly light intensity dimin-

ishes as we move from its source. Even with

a 100-watt bulb in a table lamp, at an average

reading distance we may get only about 20

foot-candles, and at twice that distance we

may get less than 5 foot-candles.

Let us see how the number of foot-candles

of illumination varies as we move away from

the source of light. With a source of 1 candle

power, as shown below, the intensity of il-

lumination on A, which is 1 foot distant, is

1 foot-candle. If, however, the plane A is re-

moved, the same beam of light, falling upon

plane B, 2 feet away, would have to cover four

times the area of A
,
and the average illumina-

tion on B would be one fourth as great as that

on A, or j foot-candle. In the same way, if B
also is removed and the same beam is allowed

to fall upon plane C, 3 feet away from the

source, it will be spread over an area 9 times

as great as A, and the intensity will be ^
foot-candle; at a distance of 5 feet there will

be only^ foot-candle; and so on. From this

we may conclude that the illumination falls

off, not in proportion to the distance, but in
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proportion to the square of the distance. This

i
relation is commonly known as the inverse-

square law.

It is obvious that if instead of an intensity

of 1 candle power there is an intensity of 2

candle power at the source, the illumination

at A will be twice as great
;
and if there is an

intensity of 5 candle power, the illumination

at A will be 5 times as great; and 1 foot far-

ther away the intensities will be respectively

i foot-candle and f foot-candle.

, Many poor lighting installations have re-

! suited from mounting the source of light too

low, with the idea of getting more foot-candles

j

on the objects to be looked at. Mounting a

I local lighting unit close to the work is entirely

1 correct if the area to be lighted is small, as in

i lighting the tool point of a lathe or the needle

! of a sewing machine. But the fixtures of a

I
general lighting system should not be lowered

I

to meet the need for more light over a par-

1 ticular point.

I

For general overhead lighting the units

should be mounted high enough, if possible,

so that every point in the room may be lighted

from several directions (thus reducing the evil

of sharp shadows)
,
and so that the room may

be lighted from several directions as uni-

!

formly as possible. Wherever a high concen-

tration of light is necessary, a local lighting

unit should be used to supplement the general

overhead system, but not to replace it.

I

Elements in Seeing. There are three ele-

ments in the process of seeing: the eyes, the

I

object, and the light which makes it possible

i for the eye to see. We can do very little to aid

1 the eyes except to use glasses if the eyes need

I

such aid. We can change the object, or seeing

j

task, very little: if we are typing, we must

i
continue to t5q)e ;

if we are working on a lathe,

we must continue; if we are reading a news-

paper, we cannot change the type or the color

,
of the paper. The one variable is the light,

j

and that we can control in almost any manner

we wish. How important it is, therefore, to

I

study the effects of this one controllable fac-

i
tor ! How important it is to know how much

light we should have and how much light we
are actually getting!

Every time we see an object, four principal

factors come into play: first, the size of the

object—the larger the object, the easier it is

for us to see it; second, contrast—white

thread on black cloth is more easily seen than

black thread on black cloth; third, the ele-

ment of time, for seeing requires a certain

amount of time; finally, the matter of light,

since without it we cannot see at all.

Take, for example, the letter E. Let us say

we can just see it under an intensity of 1 foot-

candle. As we increase the intensity, how
much smaller can we make the E and still see

it? Here is a surprising thing. If we decrease

the size of the E one half, we have to increase

the intensity of the light 100 times. Not only

is it important to know how much light it

takes to see a certain object; it is still more

important to know that small objects require

higher intensities if we are to see clearly. A
bright light, therefore, has somewhat the same

effect as a magnifier. Thus it is that higher

intensities increase our ability to see small

objects.

If we read a well-printed book under, let

us say, 25 foot-candles and then pick up a

newspaper, where the contrast between type

and paper is not nearly so great, how much
should we increase the light ? It requires three

times as much light to read the newspaper
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with the same ease. Sewing, therefore, which

generally deals with very small objects and

materials of very little contrast, requires tre-

mendously high intensities if we are not to

strain our eyes or consume too much energy.

A tailor, for example, who does much sewing

with dark thread on dark cloth may require

hundreds of foot-candles, and yet only a frac-

tion of that is required to read a well-printed

book.

A good setting for reading a newspaper is

out of doors in the shade of a tree with plenty

of light and no harsh contrasts. But such a

setting is not perfect, since any close vision is

not ideal. To make the reading of a news-

paper ideal, we should place that newspaper

at least 1 5 feet away from us, the page should

be 20 feet tall, and the type should be corre-

spondingly large. This would do away with

the conditions of close vision under which the

eyes converge on an object.

Seeing Consumes Energy. Good lighting not

only prevents eyestrain; it also prevents the

needless using up of untold amounts of nerv-

ous energy. The statement has been made
that the office worker who uses his eyes all

day under inadequate light may be actually

more tired at night than the man who spends

a day digging ditches. Scientific study indi-

cates clearly that it does take energy to see

and that seeing consumes energy just as defi-

nitely as digging ditches or washing dishes.

Suppose you drive an automobile for fifty

miles on a bright, sunny day over a straight

piece of road. At the end of the ride you

notice no particular exhaustion. Then take

the same automobile and the same road and

make the drive at night in a fog. After fifty

miles of this kind of driving, you know that

you have been doing some hard work. But

the only difference has been the lighting. You
have gripped the wheel, kept your muscles

tense, and strained your whole body, not in

doing any particular work but in using up a

great deal of nervous energy in trying to see

and avoid an accident.

This use of energy was tested in a labora-

tory. Many persons were asked to seat them-

selves in comfortable chairs, and to read page

after page of well-printed books. Each per-

son was asked to place his left hand on a but-

ton on the table and to push that button at

the end of each page. It was explained that

he should not try to read rapidly, but that this

timing device was planned to determine what

happened as the lighting intensity was varied

from 1 foot-candle to 10 foot-candles to 100

foot-candles, and so on. It was not explained,

however, that the chief interest was not in

having this button record the time that the

end of each page was reached but in getting

a continuous record on a revolving drum of

the amount of pressure exerted by the hand

all the time the reading was being done. After

thousands of tests it was proved that there

was a direct relationship between low intensi-

ties of illumination and heavy pressure on the

button. The higher the intensity, the greater

the relaxation of the reader and the less the

pressure on the button.
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The worker whose eyes are under constant strain requires the best

lighting that modern science can provide



To ti.e list of hardships we have imposed

on our eyes we must add another one, for

which faulty lighting is responsible—unneces-

sary expenditure of energy.

Workers such as typists, bookkeepers,

printers, and mechanics, who use their eyes

constantly, often become unnecessarily

fatigued before the day is over. Proper light-

ing will do much to correct this exhaustion.

STUDY GUIDE

1. What is light? What is the speed of

light?

2. What is the process of seeing?

3. How is the intensity of light measured?

4. Distinguish between illumination and

brightness.

TKe Nature of LigKt

Refraction. Perhaps the first important

thing to learn about light is that it can be bent

out of its original path. This can be illustrated

by placing a spoon at an angle in a glass of

water and looking down at the spoon. It will

appear to be broken right at the water level.

Evidently the light is bent out of its path as

it goes from one substance to another. In this

case it goes from water to air. This bending

of light is called rejraction.

If we stand the spoon straight up in the

glass of water and sight down the handle, it

will no longer appear to be broken at the

water’s edge. From this it would seem that

light is bent when it goes obliquely from one

substance to another but is not bent when its

path is at right angles to the surface between

the two substances.

What happens to light as it passes through

a triangular piece of glass called a prism? We
find that the light is not only refracted, or

bent, out of its original path, but is also

broken up into all the colors of the rainbow.

(See diagram at the bottom of page 283.)

The colors thus produced are known as the

spectrum. The spectrum produced by sun-

light is the solar spectrum. This breaking up

of white light into its component waves is

called dispersion. How can we explain these

phenomena?

First, light travels faster through air than

through glass. Also, light seems to travel in a

straight wave front. These two facts may
help us to explain the passage of light through

a prism.

We can illustrate the principle as follows:

An automobile goes more slowly through deep,

sticky mud than on a smooth pavement. Sup-

pose, as we drive along a smooth road, that

we come to a triangular break filled with deep

mud. When the right front wheel strikes the

soft mud, it slows up while the left wheel still

goes on without interference. The result is

that the car tends to swerve to the right.

Then, when all the wheels are in the mud, the

interference of the mud is equal and the auto-

mobile tends to go straight until it leaves the

mud. The left front wheel leaves the mud
first and begins to speed up, thus tending to

turn the car still farther to the right (see dia-

gram at the top of page 283).

The same thing happens when light strikes

a prism. The part of the light-wave front

which strikes the glass first is slowed up first,

and thus the light is bent to one side. The
light travels in a straight line through the

glass prism. But the opposite side of the light-
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wave front comes out first and regains its

original speed first, thus bending the light still

farther to one side.

We have accounted for the bending effect

which a prism has upon light, but how can we
explain the many colors which come from the

prism? Some colors travel faster through

glass than others. For example, red is not

slowed up as much as violet; consequently

the red light is not bent out of its path as far

? as violet light when it passes through a prism.

I

Thus each color will have a separate path as

! it leaves the prism.

Ij

Reflection. What happens to light when it

li strikes an opaque object, through which it

cannot pass, and bounces away? If a beam of

I

light strikes a perfectly smooth opaque sur-

i face, it will be reflected away at the same

ij angle at which it approached the surface. This

I law of reflection is technically expressed by

saying that the angle of incidence equals the

angle of reflection. (See diagram A, p. 284.)

This is an important fact, which should be

kept in mind for a number of practical pur-

poses. For example, the trouble caused by

glare from reflected light on the pages of a

book can be stopped by moving the lamp or

the book into a position where the light will

strike the book at such an angle that it will

be reflected away from the eyes. A still more

important use for this principle of reflection is

in the construction of reflectors for headlights

on automobiles. If the reflector were flat, the

light would be reflected in many directions, as

shown in diagram B on page 284. But if the

reflector is properly curved, the light can all

be reflected forward in the same direction.

Notice in diagram C on page 284 that each

ray of light leaves the reflector at the same

angle as that at which it strikes the reflector.

s

283



c

A modern headlight, of course, makes use

of both reflection and refraction. The reflec-

tor returns the light and the lens bends it still

farther, with the result that a low horizontal

beam of light shines forth from the lamp.

Many tilt-beam headlights make use of two

filaments in the same globe, one filament be-

ing below the other, so that by changing the

light from the top filament to the lower, the

angle with which the light strikes the reflector

is changed, and the beam of light is tilted up

or down.

Smooth reflectors have many uses, but

there are also important uses for rough re-

flecting surfaces. Whenever we want diffused,

or scattered, lighting, especially in a room, it

is necessary to use rough surfaces for the walls

and other reflectors. A beam of light which

strikes a dull or rough surface is not reflected

as a beam but as scattered or diffused light.

Polarization. The light which is reflected

from a mirror has only one wave front and is

known as polarized light. There are many
other devices for polarizing light. One of the

best ways is to pass the light through certain

crystalline structures which have the ability

to stop all light except that which travels in

a given plane.

These crystals on an emulsion which is

placed between two layers of glass polarize

light cheaply and effectively. Much of the

glare from night driving could be eliminated

in this manner by making the headlights on

automobiles polarize the light in one plane

and the windshield polarize the light at right

angles to the polarized light from the head-

lights. Then when one automobile ap-

proached another at night on the highway,

the drivers would not be bothered by the lights

when they looked at them through the wind-

shields.

Most of the glare which is reflected from

the surface of water is horizontally polarized

light; hence, if a person out boating wore

glasses which polarized light vertically, he

would not be inconvenienced by reflection

from the water.

Lenses. The refraction of light is made use

of in all lenses. Hold a magnifying glass in

the sunlight and hold a sheet of paper close to

the lens on the opposite side of the glass from
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the sun. Now move the paper slowly away
from the lens. We can see the circle of sun-

light which passes through the lens get smaller

and smaller until the light is all brought to

one spot. If we hold the paper in this position

for a moment, it will catch fire. Evidently the

sunlight which struck the lens was bent out

of its path in such a direction that all of it

was brought together at one spot.

The magnifying glass is a convex lens (by

convex we mean that the surfaces of the lens

are bulged out). The total effect of a lens is

to bend the light together at one point, called

the focal point. (See diagram below.) The
more the lens is bulged out, the more it will

bend the light and the closer the focal point

I

will be to the lens. The focal distance, or focal

I

length, is the distance between the center of

i

the lens and the point where all the light comes

together, the focal point.

Hold a piece of paper behind the lens as

before; then place the lens in a vertical posi-

tion facing a tree instead of in the sun. By
moving the paper back and forth it is possible

( to find a position where there will be an image

I

of the tree upon the paper. The tree will be

upside down but distinct. (See diagram at

the top of page 286.)

If an object is close to the lens, the lens

will have to be thick in order to bend the light

sufficiently to produce an image on a given

surface; if the object is far away, the lens

will not need to be so thick in order to focus on

the same surface. But you can use the same
lens for producing an image of a distant ob-

ject and then an image of a near-by object if



you move the paper farther away from the

lens for the latter image. The ability of a

convex lens to bend light in such a way that

it can reproduce images from the light which

it receives makes possible such wonderful in-

struments as our eyes and cameras.

A convex lens will magnify an object, or

make it look larger. If we hold a short-focus

lens close to an object, the light from the ob-

ject will follow the path shown in the diagram

below through the lens to the eye. Notice

that the light is bent as it passes through the

lens, but the eye appears to see in a straight

line, as shown by the dotted lines in the dia-

gram. These dotted lines converge beyond
the object, as shown. The image of only two
points of the object is shown in the diagram;

but since all points -of the image are at the

same distance from the eye, what we think

we see, the virtual image, is much larger than

the real object.

Instead of being bulged out in the center,

some lenses are caved in. These are the so-

called concave lenses. These lenses spread

the light. With concave lenses conditions

opposite to those above exist. Our eyes, in

trying to see in a straight line, appear to see

the object much closer to the lens than it

really is, and thus much smaller, as shown in

the diagram below.

The Eye. We are now ready to study the

construction and functioning of our eyes. The
illustration on page 287 shows the similarity

of the eye to a camera. If we examine the

cross section of an eye shown in the illustra-

tion, we find a convex lens in the front part.

This lens is a transparent object made up of

long fibers of transparent tissue which sepa-

rates the front from the back part of the eye.

The wall (or retina, as it is called) in the back

part of the eye is so shaped that the lens can

focus on it an image of whatever the eye sees.

This image, as with all convex lenses, is up-

side down. When you look at a tree, the lens

in your eye produces on the retina an exact

image of the tree, except that it is upside down.

The nerves in the back of the eye are affected

by this image, and they send a message to the

brain. The details of this latter process, how-

ever, do not greatly concern us while we are

studying lenses.



Since our eyes are needed for seeing both

close and distant objects, it is necessary for

the eye to be able to adjust its focus. The

method used is to change the thickness of the

lens, because that appears to be easier than

I
to change the shape of the eyeball. This

method is the same in principle as if we ac-

!
tually changed lenses each time we changed

I

our focus for different distances.

It sometimes happens that the lenses in

people’s eyes are not the right shape. The

[

image will be in front of the retina if the lens

i,
is too thick or behind it if the lens is too thin.

1 If the image falls in front of the retina, the

j

person is said to be nearsighted; and if the

li
image falls behind it, he is farsighted. These

1 difficulties can be overcome by wearing spec-

I

tacles. If the image falls behind the retina, it

I

means that the lens is too thin and is not able
' to bend the light sufficiently to produce a

I sharp focus on the retina. However, if that

person wore convex lenses in front of his eyes,

,

these lenses would bend the light together a

I

little. Then the lenses in the eyes would be

1

able to take this light and bend it sufficiently

! to produce a clear image on the retina.

On the other hand, if the lenses in the eyes

;

bend the light too much and produce an image

;

in front of the retina, it will be necessary to

i
wear spectacles which contain lenses that will

spread the beam of light apart. Then the

:

lenses in the eyes can take this spreading light

and bring it together sharply on the retina.

As stated on page 286, a lens which spreads

the light instead of bringing it together is

known as a concave lens. Instead of being

bulged out in the center it is caved in. It has

the same effect upon light as two prisms with

their edges together.

The Telescope and the Microscope. The ordi-

nary telescope is a clever yet simple device

which makes use of a magnifying glass. It

was discovered years ago by a boy who held

up a magnifying glass and then looked at this

glass with another magnifying glass. He was
surprised to find that they made distant ob-

jects look large and close. Let us find out how
a telescope operates. If you hold a long-focus

lens in front of a ground glass and let the lens

focus an image of a distant object on this

glass,, you can take a second magnifying glass

with a short focus and hold it up close to the

glass and magnify the image produced by the

first lens. If you remove the ground glass

without disturbing the two lenses, you have

left a simple but complete telescope. (See

diagram at the top of page 288.)

A crude but effective compound micro-

scope can be made out of two convex lenses

in much the same manner. In this case you

hold a short-focus lens close to the object and

let it produce an image on a ground glass.

Then if you take another short-focus lens and

magnify this image, you can produce an image

which is many times larger than the original

object. (See diagram at the bottom of page

287



288.) The microscope magnifies the object

twice, and therefore it is called a compound
microscope. The microscopes in our biological

laboratories are much more complicated and

have many more lenses than the simple one

just described, but they all operate on the

same principles. The fundamentals of a

microscope appear so simple that it is hard

for us to realize that most of our present

knowledge of bacteria and disease control was

acquired through the use of the microscope.

STUDY GUIDE

1. What is refraction? dispersion? reflec-

tion? polarization?

2. Explain the use of a convex lens; of a

concave lens. Define focal point, focal dis-

tance.

3. Describe the eye. What are some pos-

sible defects?

4. Describe the telescope and the micro-

scope.

IMPORTANT THINGS IN THIS CHAPTER

Light is radiant energy within a certain

range of wave length.

Light travels at the rate of 186,000 miles a

second. Wave length and frequency are in-

versely proportional.

Light reflected from bricks, walls, and mor-
tar appears to be of different colors because

each object reflects light of a different wave
length. When nearly all wave lengths are

reflected equally, the surface appears white.

We recognize roundness and hollows be-

cause certain parts of an object reflect less

light to our eyes than others.
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The brightness of a surface depends upon

the intensity of the illumination and the

amount of the light the surface reflects.

Seeing depends upon the amount of light an

object reflects; hence a great deal of light

must be provided when dark objects are

worked on.

During centuries of man’s development his

eyes were used almost wholly to see during

the highly intense illumination of daylight and

for long distances. We now work both day

and night, often at abnormally severe eye

tasks of close vision, with medium-to-low in-

tensity of light.

]

Light intensity is measured in foot-candles.

j

The intensity of a beam of light varies in-

i
versely as the square of the distance of the

object from the light source.

I

Lights should not be mounted low, except

when a small area is to be lighted. Lights

I

should be high to provide an even illumination.

Of the three elements in seeing—the eye,

the seeing task, and the light—we can, gen-

erally speaking, change only the light.

' Seeing depends upon the size of the object,

the contrast between object and background,

the time we have to see it, and the light that

falls on ito

It takes energy to see. With high-intensity

light little energy is needed for seeing, but low

intensities cause strain and fatigue.

Light is refracted, or bent, as it passes from

one substance to another because its speed is

[

different in the two substances.

Light passing through a glass prism will

give all the rainbow colors. This is dispersion.

A beam of light can be reflected as a beam

from a smooth surface, but is reflected as

scattered, or diffused, light from a rough

surface.

Light with a wave front parallel to a smooth

surface is reflected, while most of that with a

wave front at an angle to the surface is ab-

sorbed and stopped.

Light can be polarized by being passed

through certain crystalline structures.

A convex lens bends the light together and

acts as a magnifying glass, while a concave

lens spreads the light apart and acts as a

reducing lens.

Convex lenses are found in both the eye and

the camera. The difference in focusing the

two is that the shape of the lens is changed in

the eye, while the lens in the camera is moved
back and forth.

Farsighted persons need to wear spectacles

containing convex lenses
;
nearsighted persons

wear concave lenses.

One type of simple telescope uses a long-

focus convex lens to project an image and then

a short-focus lens to magnify this image.

A compound microscope can be made by
projecting an image with a short-focus lens

and then magnifying this image with another

short-focus lens.

AFTER YOU FINISH THIS CHAPTER

1. Make a table of all the common types of

waves and give some of their uses.

2. Do you believe that it is entirely correct

to say that the rapid increase in defective

vision with age is due to the abnormally diffi-

cult tasks which we are giving our eyes in the

twentieth century?

3. Test the students in the class to find out

how many are nearsighted, how many are far-

sighted, and how many have normal vision.

LEISURE-TIME ACTIVITIES

1. Get a candle and set it up in a dark room

for your reading light. How does it compare

with your ordinary reading light?

2 . On a sunny day take a book outside and

try reading first in the open sunlight, then in

the shade of a tree, then on a porch, then

inside the house by a window, and finally in-

doors away from the window. At which posi-

tion did you find the light best for reading?
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13 • ELECTRICITY

Tke Nature of Electricity

Electricity in Modern Idfe. In the morning,

a man awakens at the ringing of an electric

alarm clock. An electric thermostat controls

the heater which has kept his home com-

I fortably warm throughout the night. A
i shower may be already heated by an elec-

I

tric storage heater, and his razor may be

electrically operated. The clothes which he

puts on were made by electrically operated

machinery.

M As he goes downstairs, he is greeted by the

aroma of fragrant coffee bubbling away in

the electric percolator. His breakfast has

been prepared on an electric cooking stove.

The cream which he pours into his coffee has

come from an electrically operated dairy,

where even the milking of the cows is done by

electricity. His breakfast fruit is straw-

berries, which an electric refrigerator has

kept cool and fresh.

He then goes out to his garage, gets into his

automobile, turns on the electric ignition sys-

tem, and starts the engine with the electric

starter. As he backs out of his garage, he

sounds his electric horn to warn anyone who
may be crossing his driveway.

On his way to work he passes several street-

cars, all driven by electric motors. At certain

intersections he has to stop until the traffic

lights, operated by electricity, show a green

light.

He parks his automobile in a parking sta-

tion, and walks to the building where his office

is located. Here he enters an electrically

operated elevator, which takes him to one of

the upper floors. The office in which he works

has many electrically operated devices, such

as adding machines, typewriters, signal-bell

Powerful searchlights scanning the sky at night for hostile

aircraft are a result of years of scientific research in the

field of electricity. (Courtesy of Acme)
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system, "Teletype” machines, "Dictaphones,”

and telephones.

During his lunch hour he goes to his bank
to get some papers from his safety-deposit

box. He signs his name on a peculiar-looking

pad which is the sending part of an electric

device that transmits his signature to the sig-

nature department of the bank. His signature

having been verified, he is allowed to enter

the vault where his deposit box is kept.

As he is leaving, he meets a friendly bank
official who offers to show him the burglar

alarms and explain how they are operated.

He is not permitted to see them all, but he is

shown several cunningly concealed photo-

electric cells. It is explained to him that at

night a beam of light is directed upon each

one of these cells; and if at any time during

the night one of these beams of light is inter-

rupted by a person walking between the light

source and the cell, a large alarm on the out-

side of the bank will start ringing. The cells

are also connected with the nearest police

station, so that the police force is notified of

an attempted robbery at the bank.

The necessary business transacted, he re-

turns to his home, made light and cheerful by

means of electric lamps. Seating himself in

his easy chair, he reads the evening news-

paper, which has been printed by many
electric devices.

After dinner he and his family attend a

local motion-picture theater. The streets

along their way are illuminated by many elec-

tric street lamps and numerous flashing and

moving electric advertising signs. At the

theater they are entertained by a sound mo-

tion picture, made and shown by means of

many of the latest electric inventions. After

returning home, they all go into the living-

room, where he tunes in his electric radio

receiving set to the correct broadcasting sta-

tion for the latest news reports.

Later, as they all sit quietly in front of the

fireplace, watching the flames and listening to



the music of a distant orchestra, he reviews

in his mind the events of the day with a feel-

ing that it has been profitable and happy. He
does not think of his ever-ready servant, elec-

tricity; but, without it, would he have had the

same feeling of contentment and happiness?

Early History of Electricity. About the year

600 B.c. a Greek named Thales made several

important discoveries. Others may have made
the same discoveries, but Thales kept a writ-

ten record of his and hence is the one to re-

ceive credit for discovering magnets and also

some of the simpler electrical phenomena. He
discovered, for example, that an amber rod,

after being rubbed with cloth, will attract

light objects, such as small bits of paper.

Thales’ experiment was the same as the one

we have all performed by rubbing a rubber

comb with a cloth and then using it to pick up
small pieces of paper. Historical records do

not reveal any further electrical experiments

for hundreds of years.

About the year 1600 a.d., William Gilbert,

Queen Elizabeth’s physician, discovered that

many other substances would act like amber

and pick up light objects after being rubbed

with cloth. He published a book, called De
Magnete, in which he described his electrical

experiments and for the first time used the

terms electric force and electric attraction.

The first electric machine was constructed

in 1672 by Otto von Guericke. His machine

consisted of a sphere of sulfur mounted in a

frame so that it could be rotated on an axis.

While this sphere rotated, he rubbed it with

a cloth and succeeded in getting small sparks

and light electric shocks from it. (See illus-

tration, bottom of page 293.) This first ma-

chine had no practical value, but it was one

step farther along the path of progress lead-

ing toward our modern electric devices.

In 1752 Benjamin Franklin proved that

lightning is electricity, when, through a kite

string, he succeeded in conducting electricity

from a storm cloud to the ground. He gave

us the theory of two kinds of electricity

—

positive and negative. Franklin’s experiments

were the beginning of the long series of elec-

trical experiments continuing to the present

time.

Electron Theory. For more than a hun-

dred years after these experiments scientists

struggled to find out just what electricity is.

Many theories were formed, only to be dis-

carded. Finally, from the results obtained by
scientists in many experiments during the

past fifty years, the electron theory has been

developed.

According to this theory, all substances are

made up of very tiny particles called atoms,

which, in turn, consist of two kinds of very

tiny electric particles. One of these kinds,

called a proton, is a positive charge of elec-

tricity. The other, an electron, is a negative

charge of electricity. A single atom may have

many protons and electrons. According to the

electron theory, the protons, together with

some electrons, are grouped together in the

center of the atom and constitute the nucleus

of the atom. Scientists believe that other elec-
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trons whirl around the nucleus somewhat as

the earth and all the planets whirl around the

j

sun. When an atom has equal numbers of

electrons and protons, it is said to be neutral.

If an atom loses some of its electrons, it is

said to have a positive charge, and if it has

some electrons added to it, it is said to have

a negative charge. The atom which has lost

electrons will have more positive than nega-

tive charge, and the atom which gains elec-

trons will have more negative than positive

charge.

Electric Charges. Like charges repel one an-

;

other; unlike charges attract one another.

When an object is charged, the electrons on

I

the surface of the object move away from one

I

another. If the size of a charged object is

I
increased by adding more material to it, the

electrons which are giving the object its

I

charge immediately spread out to cover the

I

added part. For example, if a negatively

I
charged ball is brought in contact with a neu-

tral ball, the excess electrons on the charged

ball will move about on the two balls until

they are equally charged.

There is a tendency for a charged object

to lose its charge. A positively charged object

will get some electrons, if available, from some

other object. A negatively charged object will

get rid of its excess electrons by giving them

to some other object. The earth is such a

large object that it can take electrons from,

or give electrons to, a charged object without

showing any charge itself. Its size makes it

possible to discharge any object easily. To
discharge a charged object, one need only

touch it to the ground or connect it to the

ground with some object which will allow

electrons to pass over it freely. The extra



electrons of a negatively charged object will

then pass into the ground. If a positively

charged object is held to the ground, electrons

pass from the ground into the object until it

is completely neutralized.

The electricity of charged bodies is known

as static electricity.

Current Electricity. The simplest kind of

electric current is that from an electric cell

or battery. It is called direct current because

electrons flow steadily through a conductor in

one direction only. Frequently, especially

when used as an adjective, its name is abbre-

viated d-c—for example, d-c electricity.

Probably the more common type of electric

current is the alternating current {a-c). It is

the type of current used for heat, power, and

light in most of our homes. A wire carrying

alternating-current electricity has electrons

passing through it in one direction for a very

short time; then the direction of the electron’

flow is reversed, and the electrons flow in the

opposite direction for a very short time. The

reversing of the direction of flow occurs 120

times each second in the common 60-cycle

alternating current.

A wave of water passing back and forth in

a bathtub is somewhat like the passage of

electrons back and forth in a conductor when

it is carrying an alternating current. Of course

a water wave in the tub will get smaller and

smaller until it finally disappears entirely
;
but

the electron flow in a wire carrying alternating

current does not diminish, because the gener-

ator producing the current is forcing it back

and forth.

All materials which allow electrons to pass

over them are called conductors. A substance

which will not allow electrons to pass over it

is called an insulator, a dielectric, or a non-

conductor. Conductors consist mainly of dif-

ferent kinds of metal. A list of insulating

materials includes such common things as

glass, wood, amber, wax, rubber, cloth, paper,

air, and asbestos.

Some conductors carry electrons from one

object to another better than others do. For

example, copper is a better conductor than

iron. Insulators likewise are not all alike.

Their ability to keep electrons from passing

over them from one object to another varies

considerably. For example, common glass is

not so good an insulator as amber or hard

rubber.

The development of electricity for man’s

use was very slow until recent years. One
reason for this slowness was that the early

scientists could not understand a type of

energy which they did not see. They knew
many things about electricity, and, because

it acted in many ways like a liquid, they began

to compare it in all ways to a fluid.

Franklin thought that electricity was a

fluid that could be stored like water in a tank,

and that, like water, electricity had pressure.

294



He was able to observe in a crude way the

I

flow of electricity from one place to another,

I

and he learned by experience that not all sub-

I

stances were equally good conductors. But

I

he had no way of determining which way elec-

tric currents flowed through a wire, although

f some of his experiments seemed to indicate

I

that when two unlike charges were connected

by means of a conductor, the flow was from

the positively charged body to the negatively

charged body. The electron theory teaches us

I

that when two bodies charged with unlike

t charges are connected by means of a conduc-

J|
tor, electrons flow from the negatively charged

body to the positively charged body.

In spite of our knowledge that electricity

(or electrons) flows from the negative toward

the positive in any electric device, we continue

I

to speak of electricity as passing from the

;

positive terminal of a battery or generator

I

and going to the negative terminal. Diagrams

I

of electric circuits, when the direction of cur-

rent flow is indicated, show the current flow-

I

ing away from the positive and toward the

i
negative terminal, but in each case we must

I

remember that the motion of the electrons is

in the opposite direction. (See diagram at top

:
of page 296.)

i

Electrical Measurements. Remnants of the

! old fluid theory remain with us in some of

;
our electrical terms. We speak of the "flow”

I

and the "pressure” of electricity as well as

1
the "capacity” of objects to hold electricity.

I These and other terms, though not accurate,

are helpful in getting a clear idea of just how
i electricity acts.

Coulomb. One of the fundamental terms

i
in electrical measurements is the name of the

I unit of quantity of electricity. This unit is

called a coulomb. Although it is not used so

often as some of the other electrical units, it

is important to understand in order to get a

I

clearer comprehension of the other electrical

, units.

The coulomb measures electricity just as a

*] pound measures butter or a quart measures

milk. When electrons are taken away from a

I

neutral object, it becomes charged. The size

of the charge depends upon how many elec-

trons are moved. When 6.3 billion billion

(6,300,000,000,000,000,000) electrons have

been moved from an object, it is charged with

1 coulomb of electricity. If 6.3 billion billion

electrons flow through a conductor, 1 coulomb

of electricity will have passed through it. The
coulomb refers to both stationary charges and

moving charges. We can have either a cou-

lomb of static electricity or a coulomb of

current electricity.

Ampere. Most of our electric devices de-

pend on current electricity for their operation;

Lightning at Cotton Valley Recycling Plant, where

high octane gas is manufactured



so we have a unit of electrical movement, or

flow. This unit is an ampere (amp). When
1 coulomb of electricity passes along a con-

ductor each second, we say that a current of

1 ampere is flowing through the conductor.

This unit involves both a quantity and a time

element. When we measure the flow of water

through a pipe, we find out how many gallons

or cubic feet of water flow each minute, and

we label our answer gallons or cubic feet per

minute. When we measure the flow of elec-

tricity through a wire, we find how many
coulombs flow through the wire each second,

but we do not express our answer in coulombs

per second. We use the one word amperes.

Ohm. In any conductor there is a resistance

to the free flow of electrons. Electrical re-

sistance is often compared to the friction be-

tween a pipe and water flowing through it.

The friction prevents the flow of the water to

a certain extent, just as resistance tends to

prevent the free flow of electrons through a

conductor. The unit by which we measure the

resistance of conductors is called the ohm.

An ohm is equal to the resistance of about

400 feet of No. 16 copper wire.

Volt. Whenever a body is electrically

charged, there is a tendency for that body to

neutralize itself by taking electrons from, or

giving electrons to, another body. This tend-

ency of charged objects to become neutralized

results in a certain force which acts on the

electrons by either attracting them toward or

repelling them away from the charged object.

This force is sometimes called the electro-

motive force (emf).

Electromotive force results in electrical

pressure, which may be compared to water

pressure. If one of two tanks placed side by

side and connected by means of a pipe is filled

with water, the water will flow through the

pipe from the full tank to the empty tank.
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1
1

This flow could not take place if there were

1
1

no water pressure in the filled tank. Elec-

jj trical pressure is similar to water pressure.

If two unlike electrical charges are connected

by means of an electric conductor, electricity

; flows from one to the other; but there would

I be no flow of electricity if some sort of pres-

i

sure did not push the electricity through the

]i conductor. (See diagram, bottom of page

I

296.)

The unit of electrical pressure, that is, the

unit of electromotive force, is the volt (v).

1 A volt is the amount of electrical pressure re-

quired to cause a flow of 1 ampere of elec-

,
tricity through a conductor that has 1 ohm

I

of resistance.

There is an important relation between am-

peres, ohms, and volts: = where / repre-

sents the current in amperes, E the electro-

motive force in volts, and R the resistance in

ohms. This is Ohm’s law.

STUDY GUIDE

1. List some of the common applications

i] of electricity in modern life,

i 2. What is meant by the electron theory?

1;

3. Distinguish between static electricity

I

and current electricity. What is a direct cur-

i

rent; an alternating current?

|:

4. Define coulomb, ampere, ohm, volt, and

li electromotive force.

Electric Cells

Galvani’s Discovery. In 1786 Luigi Galvani

announced a famous experiment. One day,

when he was preparing some frog-leg soup for

his sick wife, he was surprised to find that

when he touched the dead frog’s legs with a

fork or knife, they would kick. This puzzled

j

him greatly; so he spent considerable time in-

j

vestigating this problem. He hung the legs

I

of a freshly killed frog from an iron rod by
means of a copper hook in such a position

that a .slight breeze swung them back and

forth against another iron rod. He noticed

that each time the legs swung against the rod,

they jerked, just as if an electric shock had

passed through them. He did not know the

cause of what was happening; he knew only

that the legs jerked when they were in con-

tact with both kinds of metal. We now know
that the moisture on the muscles of the frog’s

legs reacted with the metals so as to produce

a slight current of electricity; and the electric

current, flowing through the legs, stimulated

the nerves and caused the muscles to contract.

The discovery of Galvani led Volta, an-

other scientist, to invent the electric cell.

When he put pieces of two kinds of metal into

a weak acid solution, he discovered that when
the two pieces of metal were connected by

means of a wire, electricity flowed over it.

This was the first time that a continuous flow

of electricity had been observed, and it was the

beginning of the electrical science of today.

Voltaic Cell. There are several methods of

combining metals and chemical solutions so

as to produce electric currents. All these com-

binations are called electric cells. The simple

form which Volta made is called either a

voltaic or a galvanic cell.
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A common method of making a voltaic cell

is to take strips of zinc and copper, called the

poles, and immerse them in a dilute solution

of hydrochloric or sulfuric acid, as shown

above. The liquid part of a cell is called the

electrolyte.

When hydrochloric acid is diluted with

water, the acid ionizes. In other words, the

hydrogen and the chlorine, which form the

acid, break apart as charged particles. Chlo-

rine has a greater attraction for electrons than

does hydrogen
;
so when the two break apart,

the chlorine takes an electron from the hydro-

gen. This results in a solution containing

negatively charged chlorine atoms and posi-

tively charged hydrogen atoms. These atoms,

Vt^ith their charges, are called ions—chlorine

ions and hydrogen ions. The solution is ion-

ized. The ions in an electrolyte of this kind

move about in the solution independently of

one another.

When copper and zinc strips are placed in

weak hydrochloric acid, the electrolyte acts

on the zinc so that zinc atoms are removed

from the plate. These atoms, moving into the

solution near the zinc plate, leave some elec-

trons on the plate. In other words, the zinc

atoms become positively charged, and the

zinc plate, or pole, becomes negatively

charged.

The zinc ions near the zinc strip repel the

positively charged hydrogen ions in the solu-

tion away from the zinc plate and toward the

copper plate. Some of the hydrogen ions touch

the copper plate; and as soon as this happens,

the plate gives up electrons to the hydrogen

ions. The ions neutralized in this manner form

small bubbles of hydrogen gas, which float off

from the solution or cling to the surface of

the copper plate. After giving its electrons to

the hydrogen ions, the copper strip has too

few electrons and is therefore positively

charged.

The result of all this action is that the zinc

strip acquires a negative charge, and the cop-

per strip acquires a positive charge. The ac-

tion in the cell goes on until the positive charge

of the copper strip becomes as great as the

combined positive charge of all the zinc ions

in the solution. When this condition has been

reached in a cell, the hydrogen ions are re-

pelled by both the copper strip and the zinc

ions, and, as a result, the hydrogen ions remain

midway between the two positive charges. A
wire placed between the two metal strips of

a cell of this kind will carry electrons from

the zinc to the copper strip and so reduce the

charge on both strips. The electronic flow, of

course, is an electric current in the wire.

The reduction of the charges on the metal

strips allows the action to go on inside the

An electric generator that delivers 5000 horsepower.

(Courtesy of Robert Yarnall Richie)
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cell, and, as a final result, a continuous elec-

tric current is produced in the wire connecting

the strips. The first part of a galvanic cell to

be used up is the zinc strip. It is gradually-

eaten away; and when it has entirely disap-

peared, the action of the cell stops.

A voltaic cell has little commercial value,

because its copper plate soon becomes covered

with small hydrogen bubbles, which prevent

hydrogen ions in the solution from coming

into contact with the copper strip. This stops

the formation of a positive charge on the cop-

per strip, and the action of the cell stops.

When the positive plate of a cell becomes

covered with hydrogen bubbles in this man-

ner, the cell is said to have become polarized.

Several cells have been developed which

either do not become polarized at all or re-

cover from polarization rapidly. Among
these so-called nonpolarizing cells are the

gravity cell, the Leclanche cell, and the dry

cell.

Dry Cell. The type of cell used most exten-

sively at the present time is the dry cell;

indeed, it is the only one used in any quantity.

Millions of dry cells are manufactured in the

United States each year for use in some tele-

phones, in flashlights, in signaling devices, in

doorbells, and in the battery type of radio

receiving set. They are also used in many

other places where a comparatively small cur-

rent of electricity is needed for short periods

of time.

A dry cell is contained in a paper-covered

zinc can lined with a layer of blotting paper.

In the center of the can is a carbon rod, and

the space in the can between the carbon rod

and the blotting-paper lining is filled with a

black pasty mass of ammonium chloride,

manganese dioxide, zinc chloride, powdered

coke, graphite, and water. Each of the sub-

stances in the black paste of a dry cell has

its own particular use. The oxygen of the

manganese dioxide unites chemically with the

hydrogen which has collected on the carbon

rod, and forms water. In this way the cell is

depolarized after it has become polarized by

being used continuously for comparatively

long periods of time.

The name dry cell is a poor one, for the

cell is not dry. The material between the

carbon rod and the can is distinctly wet; and

if it becomes dry through evaporation, the

cell is ruined. In order to prevent the evapo-

ration of a liquid in a dry cell, the can is care-

fully sealed with several layers of sealing

material, including paper, sand, and sealing

wax.

The action in a dry cell is like the action in

a voltaic cell. The electrolyte, which is am-

monium chloride dissolved in water, acts on

the zinc can, giving it a negative charge, and

the ions in the paste act on the carbon to give

it a positive charge.

Storage Cell. When electricity was first com-

ing into common use, electric cells such as the

gravity cell and the dry cell were satisfactory

as sources of electricity. However, these cells

were soon found to be too expensive, too

bulky, too heavy, and too easily injured to be

practical. As the needs grew for better sources

of electricity, new cells were developed and

put on the market.

In 1860 Plante developed the lead-plate

storage cell. Although heavy, this cell was
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not so expensive and not so easily injured as

••i the cells built previously. Later improvements

. of the lead-plate cell increased its value still

|:

further by reducing the expense, the weight,

1 and the liability to injury.

Some people may think that storage cells,

I

like those found in an automobile, store elec-

tricity somewhat as fruit is stored in cans.

This idea of the operation of a storage cell is

I

not correct. The electricity which goes into

a storage cell while it is being charged changes

;

the contents of the cell chemically. This

chemical change enables the charged cell to

give a current of electricity, just as any other

i

cell does.

A lead-plate storage cell, when charged, is

simply a group of lead peroxide plates and a

I

group of lead plates immersed in an electro-

lyte of dilute sulfuric acid. Thus we see that

! a lead-plate storage cell, like a simple gal-

i

vanic cell, consists of two dissimilar metal

plates immersed in an electrolyte.

When a lead-plate cell is discharged by con-

! necting its positive and negative terminals

I

with a conductor, all its plates become covered

with a layer of a chemical substance called

' lead sulfate. When the cell is charged again,

;

the layer of lead sulfate is removed. The lead

! sulfate is replaced on the negative plate by a

;

layer of spongy lead. On the positive plate

I

the lead sulfate is replaced by a layer of lead

peroxide.

A lead-plate cell requires little attention or

care, but that little is of vital importance to

I

the life of the cell. The two essentials in the

care of a lead-plate cell are to keep it full of

electrolyte and to keep it charged. The plates

of these cells warp and bend rather easily;

this warping can be caused by handling the

cell roughly or by charging or discharging it

I

too rapidly.

The amount of charge in a lead-plate cell

can be ascertained with either an instrument

which will measure the voltage of the cell,

called a voltmeter, or a hydrometer battery-

tester. A fully charged cell has a voltage of

about 2.2, and a cell that has a voltage of

about 1.8 or less needs charging. The specific

gravity, or hydrometer reading, of a fully

charged cell is about 1.280. If the hydrometer

reading is about 1.180 or less, the cell needs

charging.

In charging a storage cell, a direct current

with a greater voltage than the voltage of the

cell must be used. The positive terminal of

the charging unit is always attached to the

positive terminal of the cell being charged.

The negative terminal of the charging unit is

always attached to the negative terminal of

the cell being charged. Each lead-plate cell

has a voltage of about 2.2, and so the charg-

ing current must have a pressure greater than

2.2 volts. When three cells are connected in

series, as they are in an automobile battery,

the charging current must be greater than

3 X 2.2, or 6.6 volts.

The plates of a storage cell must be covered

with the electrolyte at all times. When evapo-

ration from a storage cell lowers the level of

the electrolyte, distilled water should be added

to the cell to replace the liquid which has

evaporated. But care should be taken not to

add so much distilled water as to cause the

electrolyte to overflow, for overflowing will

weaken the electrolyte and render the battery

less effective. The chemicals in ordinary tap

water make it unfit for use in a storage cell.
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Willard Storage Battery Company

Putting the sulfuric acid electrolyte

in storage batteries at the factory

A lead-plate storage cell should never be

allowed to stand uncharged.

Cells in Series and in Parallel. When several

cells are connected to furnish a larger electric

current than one cell could furnish, the group

of cells is referred to as a battery. We are all

familiar with the lead-plate storage battery

used in automobiles. In this kind of battery

three lead-plate storage cells are connected in

series.

When cells are connected in series, the posi-

tive terminal of the first cell is connected to

the negative terminal of the second cell, the

positive terminal of the second cell is con-

nected to the negative terminal of the third

cell, and so on until all the cells have been

connected (see illustration at the right). A
group of cells connected in series to form a

battery has a total voltage about equal to the

sum of the voltages of all the cells. For ex-

ample, if three storage cells are connected in

series to form a battery, and the voltage of

each cell is 2 volts, the voltage of the battery

will be 2 -{- 2 + 2, or 6 volts. The flow of elec-

tricity coming from a battery of cells con-

nected in series is approximately the same as

the flow from a single cell. In other words, the

amperage developed by a battery of three

cells in series is about the same as the am-

perage of a single cell.

When cells are connected in parallel, the

negative terminals of all the cells are con-

nected and the positive terminals of all the

cells are connected (see diagram below). A
group of cells connected in parallel has a total

voltage about equal to the voltage of a single

cell, but the amperage is incr«eased to an

amount about equal to the sum of the amper-

ages of all the cells.

The manner in which cells are connected to

form batteries depends on the circuit of con-

ductors through which the electricity must

travel. If the circuit has a high resistance,

then a high-voltage current is required, and

the cells must be connected in series. If the

circuit has a low.resistance, then the voltage

need not be high to force the electricity

through the conductors, and the cells may be

connected in parallel.

Battery of cells connected in series



STUDY GUIDE

I

1. What was the discovery of Galvani?
i 2. What are the parts of a voltaic cell?

How does such a cell operate?

I

3. What do we mean by saying that a cell

becomes polarized?

i 4. What are the parts of a dry cell?

5. How does a storage cell operate?

6. What is the result of connecting cells in

series? in parallel?

Magnetism and Electromagnets

I
Magnets. The ancient Greeks were familiar

with the fact that a certain ore would attract

small pieces of iron. This attraction of iron

or steel we call magnetism. The ore, mag-
i netite, we speak of as a natural magnet.

I

We are not dependent, however, upon
! natural magnets. Artificial magnets may be
? made from pieces of steel by stroking them

I

with a permanent magnet or with a temporary

I

magnet produced by an electric current. The

I

latter is temporary because it lasts only so

j

long as a current is flowing.

I

Magnets are usually shaped as bar mag-
nets or as horseshoe magnets. In either case

the force of attraction is centered at the ends

I

of the magnet. These two ends are called the

poles. The area in which the attraction of the

magnet extends is known as the field of

magnetic force.

No one can tell exactly what happens to

a bar of iron when it is magnetized but it is

thought that there is some change in the posi-

tion of the tiny molecules within the sub-

stance. It has been suggested that each tiny

molecule of iron is a magnet in itself and that

when these tiny magnet molecules are lined

up within the substance of a piece of iron the

entire piece of iron becomes a magnet.

Magnetic Poles. The existence of poles and
a field of force of a magnet can be demon-
strated by placing a piece of glass over a mag-
net and then sprinkling iron filings over the

surface of the glass. Some of the iron filings

will gather in a thick mass over the poles while

all around the magnet the filings will lie in

curved lines (see diagram above) . The curved
lines of iron filings show the location of mag-
netic lines of force. These lines of force are

always present in magnetic fields.

We always consider these lines as entering

the south pole of a magnet and going through
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the magnet to its north pole, where they

emerge into the air and return to the south

pole again. Each line of force makes a com-

plete loop, and one line of force never crosses

or merges with another line of force.

A compass is a small, pointed bar magnet

pivoted on a jewel bearing so that it can swing

freely from side to side. The north pole of a

compass needle is that which always points

north, unless the compass is near some other

piece of magnetic material. It will always

point north because there is a strong magnetic

pole in the earth in a northerly direction from

us. A compass needle or any other permanent

magnet which is free to change its position

will, when put in a magnetic field, always

come to rest in a position parallel to the lines

of force of the field, and the north pole of

the moving magnet will always be pointing in

the same direction as the lines of force (see

diagram at the bottom of page 303).

To test the polarity of a magnet it is only

necessary to bring a compass up to the end

of the magnet. If the north pole of the com-

pass needle is attracted by the end of the

magnet, that end of the magnet is a south

magnetic pole. If the south pole of the com-

pass needle is attracted to that end of the

magnet, that end is a north magnetic pole.

All dissimilar poles attract each other
;
that is,

north and south magnetic poles attract each

other. A magnetic pole that will attract the

north pole of a compass needle will be repelled

by the south pole of any other magnet, and a

magnetic pole that will attract the south pole

of a compass needle will be repelled by the

north pole of any other magnet. North mag-

netic poles repel all other north poles, and

south magnetic poles repel all other south

poles; or, simply, like poles repel each other,

and unlike poles attract each other.

Magnetic Induction. Magnetic lines of force

will, whenever possible, travel through iron or

other magnetic materials. If a piece of iron

and a magnet are placed under a pane of glass,

as illustrated above, and iron filings are then

sprinkled over the surface of the glass, the

lines of force, as shown by the iron filings,

will not form the typical magnetic-field pat-

tern. Those lines of force which in the normal,

or typical, pattern would pass near where the

piece of iron is placed change their course

enough to pass through the iron. When a piece

of magnetic material is placed in a magnetic

field in this manner, it immediately becomes

magnetized. If it is a piece of soft iron, it will

become strongly magnetized; but if it is a

piece of steel, it will become magnetized only

slightly.
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A piece of material magnetized in this way
is said to have been magnetized by induction.

An inductively magnetized piece of soft iron

retains only a small percentage of its mag-
netism when it is removed from the magnetic

field, but a piece of hard steel retains a high

percentage of its magnetism after it is re-

moved from the field of force.

Electromagnets. Magnetism may also be in-

duced by an electric current. This temporary

magnetism, lasting only so long as the current

flows, is called electromagnetism.

When a current of electricitypasses through

a conductor, a magnetic field is always formed

around it. This field can be demonstrated by
holding a compass near a wire carrying a cur-

rent of electricity, and watching the magnetic

needle move. Or a piece of glass may be

placed above a wire carrying a current of elec-

tricity, and iron filings sprinkled over the

glass; the filings will line up in a series of

straight rows perpendicular to the direction

of the conductor (see illustration, p. 304).

As in the case of permanent magnets, a

piece of iron or steel placed in this field is

magnetized. The magnets thus produced are

called electromagnets. These have many uses

in important electric devices. If, in making

electromagnetic devices, a person wants cer-

tain parts to be permanently magnetized, he

makes them of hard steel; if he wants certain

other parts to be easily magnetized and de-

magnetized, he makes them of soft iron or

some other easily magnetized substance.

The Magnetic Field around Electric Wires. If

a straight conductor is placed on a frame, as

shown below, and then connected to a bat-

tery, iron filings sprinkled on the platform

will lie in rings around the conductor. The
position taken by the iron filings proves that

when electricity flows through a conductor,

the magnetic field of force around it has lines

of force which circle the conductor.

A compass needle placed either below or

above a wire carrying a current of electricity

will point in a direction at right angles to the

direction of the wire. Since the north pole of

a compass needle always points in the same
direction as the lines of force when it is placed

in a magnetic field, we can use a compass to

determine the direction of flow of a current

through a wire.

If the open right hand is held near a wire

carrying a direct current of electricity, on the

same side of the wire as a compass, with the

palm toward the wire and the fingers pointing

in the same direction in which the north pole

of the compass needle is pointing, then the



extended thumb will point in the direction of

the current flow. (See diagram at top of

page 305.) This method of determining the

direction of current flow in a wire is some-

times called the right-hand rule. There are

four parts to the rule
: ( 1 ) the right hand is

on the same side of the wire as the compass,

(2) the palm is toward the wire, (3) the fin-

gers point in the same direction as the north

pole of the compass needle, and (4) the thumb
then points in the direction of the current flow.

Knowing any three of these four things, a

person can always determine the fourth. For

example: If a compass needle under a north-

and-south wire points east, the direction of

current flow in the wire must be from north

to south, because when the right hand is

placed under the wire as described above, the

thumb points south. If a compass is placed

on the south side of a vertical wire carrying

a current from the bottom toward the top, the

compass needle must point east, because if

the right hand is placed correctly on the south

side of the wire, the fingers point east.

If the wire is bent into a loop, as shown in

diagram A at the left, the lines of force circle

the wire as before. The lines circling the loop

form a magnetic field somewhat like that

around a very short magnet. The ends of the

loop act like north and south magnetic poles,

the lines of force within the loop are like those

within a magnet, and the lines of force on the

outside of the loop are like those around the

outside of a magnet. If the wire is bent into

a double loop, as shown in diagram B, more

lines of force will be added to the field. If

the wire is bent into a spiral, as shown in dia-

gram C, the strength of the field will be in-

creased still more. A spiral of wire like this

is called a helix.

In order to study the magnetic field of a

helix, a wire spiral may be threaded through

a board. Electricity must be passed through

the wire and iron filings sprinkled over the sur-

face of the board. The iron filings will show

the shape and position of the lines of force.

Not all the lines of force go around all the

wires. A few of them go around a single wire.

This leakage of the lines of force out between

separate wires of the helix can be prevented

by placing an iron core through the center of

the spiral of wire. Whenever possible, lines

of force will travel through iron rather than

air; so these leaking lines are gathered within

the substance of the iron core and travel the

complete length of the helix. If a helix is

equipped with an iron case, as well as with

an iron core, the number of leaking lines of

force will be reduced still further. Nearly all

electromagnets are equipped with iron cores,

and many of them have an iron pathway for

the lines of force outside the coil of wire. The

lower diagram on page 307 shows three types
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of electromagnets with their iron cores and

that small part of their magnetic fields which

has to travel through air.

Another way of reducing the total number
of leaking lines of force in an electromagnet

is to wind the loops of wire in the coil close

together. This is accomplished by using in-

sulated wire and winding it one layer on top

of another as closely as possible.

The Strength of an Electromagnet. The
strength of an electromagnet is proportional

to the strength of the current flowing through

it, as measured in amperes, and also to the

number of turns, or loops of wire, in the wind-

ings of the coils.

Many of our electromagnetic devices have

a part called the armature. An armature is

an iron pathway for the lines of force. Some-

times this iron pathway consists of a simple

iron bar placed across the opening between

the poles; at other times it is a rotating piece

of iron in the center of a motor. The arma-

ture of a laboratory model of a lifting magnet

consists of a disk of iron which, when placed

over the end of the magnet, forms an iron

pathway for the lines of force traveling from

the north pole of a magnet to its south pole.

If an armature does not fit tightly against

the poles of a magnet, it is not attracted by

the magnet nearly so much as when it fits

perfectly. A sheet of paper between the poles

of a laboratory model of a lifting magnet and

its armature will greatly reduce its lifting

power. The greater the space between an

electromagnet’s poles and its armature, the

less is the armature attracted by the magnet.

Electric Relays. An electric relay is an elec-

tromagnetic instrument used to start or stop

the flow of electricity in a circuit. In other

words, it is an electrically operated switch. A
telegraph relay is a good example of this type

of electric instrument.
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The diagram at the top of page 307 shows

the manner in which a relay operates. A
horseshoe-magnet core is magnetized by a cur-

rent flowing through the coils. The electricity

travels in a clockwise direction in one of the

coils and in a counterclockwise direction in

the other coil; this produces a north magnetic

pole at one end and a south pole at the other

end of the horseshoe-shaped core. The mag-

netism of the core attracts the soft-iron arma-

ture toward the magnet, and the contact points

on the frame and on the armature are brought

together. This closes a second circuit, which

starts at one of the terminals marked F,

travels through a connecting wire, the arma-

ture, the contact points, and the frame of the

instrument. When the electricity flowing

through the coils is turned off, a spring pulls

the armature away from the magnets and

opens the contact points. The moving end of

the armature then rests against an insulating

point. Starting and stopping the current flow

in the coils of the instrument starts and stops

a second current flow through the armature

and frame. In practice a relay generally has

a relatively weak current flowing through its

coils, and this small current controls a strong

current flowing through the second circuit of

the instrument.

Bells and Buzzers. An electric buzzer is in

part built somewhat like a telegraph relay.

It has an electric horseshoe magnet with two

coils wound in opposite directions, and an

armature which is alternately attracted

toward the magnet poles and drawn away
from the poles by a spring. The diagram be-

low will make clear how a buzzer operates.

Electricity enters the right-hand terminal

and travels to the nearest coil. After passing

through the windings of the first coil, the elec-

tricity goes to the second coil, traveling in the

windings of this coil in an opposite direction

from that in which it traveled through the

first coil. From the second coil the electricity

goes to the stationary contact point, and from

this point to the second contact point, which

is attached to the armature. From this second

contact point the electricity travels through

the length of the armature and the spring into

the frame of the buzzer and then out of the

buzzer through the second terminal. The
electricity passing through the coils magne-
tizes the horseshoe-shaped core. This action

attracts the armature toward the core and
separates the two contact points. The current

of electricity is interrupted, and the core of

the magnet becomes demagnetized. When the

core loses its magnetism, the spring attached

to the armature pulls it back, and the contact

points touch again. When this electric circuit

is completed again, the cores are magnetized

a second time. This action continues as long

as the terminals are attached to a source of

electricity. The rapid movement of the arma-
ture back and forth makes a buzzing sound,

which gives the instrument its name.
A vibrator-t

5q>e automobile horn is a special

type of electric buzzer. This instrument dif-

fers from the ordinary type of buzzer in that

it has only one coil, and its armature consists

of a disk of iron. The spring which pulls the

armature away from the magnet consists of a

corrugated disk of steel, which forms a part

of the frame of the instrument.

An electric bell differs from a buzzer in

only two ways. The bell has a gong attached

to the frame and a clapper attached to the
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armature in such a way that when the arma-

ture moves back and forth, the clapper will

strike against the gong. The operation of the

electric bell is exactly the same as that of the

buzzer.

STUDY GUIDE

j

1. What is the difference between a perma-

nent magnet and a temporary magnet?

2. What are magnetic poles? a magnetic

:

field?

3. How are electromagnets produced?

ii
What determines the strength of an electro-

;

magnet?
^ 4. Describe the field around an electric

I

wire.

!
5 . How do electric relays

,
bells

,
and buzzers

operate?

Electric Generators

I

Moving a Wire in a Magnetic Field. We have

j

seen how a current of electricity produces a

I magnetic field. On the other hand, when a

I

conductor moves through a magnetic field in

1 such a way as to cut through magnetic lines

I
of force, an electric current is formed in the

II
conductor. The direction in which the current

I

flows and the strength of the current depend

I

on how the lines of force are cut.

i For example, if the wire shown in the dia-

i gram on this page is pushed down between the

'
poles of the horseshoe magnet, the wire cuts

I

the lines of force running between the poles of

the magnet, and a current of electricity flows

through the wire. By applying the right-hand

rule, one can readily see that the lines of force

formed by the current induced in the wire

!

run in the same direction as the lines of force

' between the poles of the magnet on the lower

i

side of the wire. When an electric current is

formed in a conductor as the result of lines of

force being cut by the conductor, the lines

of force on the side of the conductor corre-

sponding to the direction in which it is moving

will run in the same direction as those in the

' field through which the conductor is moving.

If the wire had been moving upward, the

lines of force formed by the current in the wire

would have been in the same direction as the

lines of force between the poles of the magnet

on the upper side of the conductor, and the

current formed in the wire would have flowed

in the opposite direction from that shown by

the arrows in the diagram.

A conductor like that shown has a current

flowing in it only long enough to build up an

electrical pressure at the ends of the conduc-

tor. In order to have an electric current that

would flow as long as the conductor cut lines

of force, it would be necessary to join the ends

of the conductor with a wire. A loop of wire

dropped over the pole of a magnet has a cur-

rent flowing through it as long as the loop

cuts magnetic lines of force.

Generators. A generator, or dynamo,

changes mechanical energy into electrical

energy. In its simplest form a dynamo is a

loop of wire rotating in a magnetic field. As

the loop rotates, the total number of lines of

force in the magnetic field which go through

the loop is constantly changing. This means

that the lines of force are being cut by the

loop of wire. As a result of the cutting of the

lines of force, a current of electricity will be

formed in the loop.



Above, a loop of wire in a magnetic field

is shown in five different positions as it ro-

tates in a clockwise direction. In the first

position the face of the loop is at right angles

to the direction of the lines of force. When
it is in this position, more lines of force will

pass through the loop than when it is in any

other position. In the second position the

loop has rotated a little, and a few of the lines

of force have been cut. In the third position

the face of the loop is parallel to the lines of

force, and all the lines of force which were

passing through the loop in the first position

have been cut. In this position there are no

lines of force passing through the loop. In the

fourth position the loop has rotated a little

farther, and a few lines of force have been cut

so that some can again pass through the loop.

In the fifth position the loop is again at right

angles to the direction of the lines of force,

and a maximum number of the lines of force

are again passing through the loop. As the

loop is rotating from the first to the fifth posi-

tion, it has a current flowing in it in the direc-

tion shown by the arrows.

If the loop continues to rotate, the current

in it is reversed during the next half-

revolution. The reversing of the current can

be more easily understood if only a small sec-

tion of one side of the loop is followed through

a complete revolution. This wire section

passes through the field in a circular direction.

As the wire moves down through the field, the

current flows toward you; and as the wire

moves upward, the current flows away from

you. A further study of the series of diagrams

above shows that the amount of current

formed in the loop is not the same at all times.

In the first position the loop is moving in a

direction parallel to the lines of force. No
lines of force are cut at this instant, and as a

result no current is formed. In the second

position the side of the loop is moving in such

a direction as to cut a few lines of force, but

the movement is still only slightly away from

the direction of the lines of fofceT^d so only

a small current is formed. In the third posi-

tion the side of the loop is moving in a direc-

tion at right angles to the direction of the

lines of force, and a maximum number of lines

are being cut. The current formed at this

instant is greater than at any other time. In

the fourth position the loop is cutting lines

of force at the same rate as it was in the second

position, and in the fifth the loop is again

moving parallel to the lines of force and no
current is formed.

A graph showing the strength of the cur-

rent in a loop of wire rotating in a magnetic

field appears on page 311. The horizontal

line is the zero-current line; the curved line

represents the current strength in the loop as

it makes one complete revolution. Notice that

the current-strength line starts at zero, builds

up gradually to a maximum, and then de-

creases again to zero. The current builds up
to a maximum again, but this time in the op-

posite direction. This movement is indicated

in the graph by drawing the current-strength

line below the zero line. After reaching its
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maximum in the opposite direction, the cur-

rent decreases again to zero.

An electric current formed in a loop of wire

rotating in a magnetic field like that described

above is called an alternating current.

The common electric generators have three

major parts: a rotating coil or group of coils

called the armature, a magnetic field formed

by what are called the field magnets, and some

means of conducting the electricity to an ex-

ternal circuit. This may consist of a pair of

slip rings, brushes, and wire connections, or a

commutator, a pair of brushes, and wire

connections.

Slip Rings. The diagram below shows the

manner in which an alternating electric cur-

rent produced by a rotating loop of wire in

a magnetic field is taken from the loop and

conducted through an external circuit. The

loop of wire is mounted on a rotating shaft.

Two rings made of some insulating material

are also fastened on the shaft. Each ring has

a metal ring around it. One end of the wire

loop is fastened to one metal ring, and the

other end of the loop is fastened to the other

metal ring. Brushes made of some kind of

conducting material rest on the two metal

rings, and wires attached to these brushes con-

duct the electricity which is formed in the

rotating loop of wire to an external circuit.

As the wire loop rotates and a current of elec-

tricity is set up in it, the current passes to

the end of the loop, into one of the metal rings,

through the brush, and out through the ex-

ternal circuit.

Coming back from the external circuit, the

electricity passes through the second brush to

the metal ring upon which it is resting. From
this ring the electricity passes through a wire

which runs through a hole in the insulating

ring, and thence back to the wire loop, mak-

ing the electric circuit complete. When the

direction of the current flow in the rotating

loop reverses, the current in the entire circuit

changes. An arrangement of this kind would,

of course, produce an alternating current in

the external circuit, such as is commonly used

in lighting systems.

Commutator. To produce a direct current

of electricity, the generator just described



would have to be changed slightly. The

metal rings which connect the rotating loop

of wire to the external circuit through the

brushes would have to be replaced by a com-

mutator. A simple commutator consists of a

ring made of an insulating material covered

with a metal ring cut in two places. One of

these semicircular strips of metal covering the

insulating ring is fastened to each end of the

rotating loop of wire. This simple type of

commutator is sometimes called a split-ring

commutator.

In the diagram below of a loop of wire

rotating in a clockwise direction in a magnetic

field, the ends of the loop are shown connected

to the two halves of the split-ring commutator.

Two brushes attached to the frame rub over

the surface of the commutator as it rotates

with the shaft.

As the loop of wire rotates from the posi-

tion shown in the diagram through one half

of a complete revolution, a current of elec-

tricity is formed in the wire, which flows

through the loop, commutator, brushes, and

external circuit in the direction indicated by
the arrows. During the next half-revolution

of the loop the direction of flow of the current

in the wire loop reverses because the sides of

the loop are cutting magnetic lines of force in

the opposite direction. During the first half-

revolution the current flows out of the gener-

ator to the external circuit through the com-
^mutator segment marked B and the brush

marked F. During the second half-revolution

the current flows from the loop to the external

circuit through the commutator segment

marked A and the brush marked F. The di-

rection of current flow in the external circuit

is not changed, although there is a reversal

of the direction of current flow in the rotating

loop of wire. In other words, we have secured

a direct current.

A direct-current generator made with a

single coil and two magnetic poles produces

a current which starts at zero, rises to a maxi-

mum, and then decreases to zero again. This

rise and fall of the current strength occurs

twice for each revolution of the armature.

(See graph on page 313.)

This type of current is not desirable in

many instances. In order to obtain a more

even flow of current from a direct-current

generator, the armature is made up of several

coils of wire. These coils are so placed on the

armature that some of them are cutting lines

of force all the time, and therefore a nearly

constant flow of electricity flows from the

coils to the external circuit.

Strength of Current. The strength of the

current produced by a generator depends on

the rate at which magnetic lines of force are

cut by the moving conductors. The strength



I

of the current can be increased in three ways:

first, by increasing the strength of the magnets

i forming the magnetic field; second, by in-

' creasing the number of the loops of wire ro-

|tating in the magnetic field; and third, by

rotating the wire loops in the field faster. In-

I

creasing the strength of the magnet increases

^

the number of lines of force in the field. In-

creasing the number of rotating wires results

in the more frequent cutting of each line of

;

force. Increasing the speed of rotation of the

wire loops results in the more frequent cutting

' of each line of force.

' Magneto. One of the simplest types of

I

alternating-current electric generators is the

magneto generator. It consists of a set of per-

' manent horseshoe magnets set in a frame and

! a many-turn coil of wire wound on an iron

: core. The coil on its core rotates between the

poles of the magnets, which sets up an alter-

nating current in the coil. One end of the wire

,
forming the coil is grounded to the metal of

the generator. The other end of the wire is

: connected to an insulated slip ring of some

? sort, on which a brush operates to carry the

' electricity away from the generator. The

! second terminal is connected to the frame of

the generator.

The coil of wire in a magneto is made of a

great many turns of very fine wire, and the

magnets are strong permanent magnets. The

j

combination of the many-turn coil and the

strong magnets makes it possible, by turning

the coil between the poles rapidly, to produce
' an electric current with a fairly high voltage.

The Field Poles. The field magnets of a

generator are generally electromagnets. The
electricity which magnetizes the field is some-

times furnished by a second small generator,

but more commonly the electricity which

magnetizes the field comes from the generator

itself. This is accomplished in direct-current

dynamos by connecting the field coils to the

brushes in one of three different ways.

In a shunt-wound generator a small portion

of the current formed by the generator is car-

ried through many turns of fine wire in the

field coils. The field coils are connected in

shunt with the external circuit. (See diagram

at the top of page 314.)

In a series-wound generator all the elec-

tricity which is formed by the generator

passes through the field coils, which are made
up of a few turns of coarse wire. The field

coils and the external circuit are connected

in series.

In a compound-wound generator all the

electricity formed by the generator which goes

to the external circuit also passes through a

few turns of coarse wire on the field magnets.

A small portion of the current formed is con-

ducted through many turns of fine wire

around the field coils. This part of the field-

coil circuit is connected in shunt with the

external circuit.

A compound-wound direct-current generator

General Electric Co.



The current formed by alternating-current

generators cannot be used unchanged to mag-

netize their field coils; these coils must be

furnished with a source of direct-current

electricity.

Some alternating-current generators have

a separate direct-current dynamo, which fur-

nishes the electricity necessary to magnetize

their field coils. Other alternating-current

generators have separate coils wound on their

armatures, which are connected to a commu-
tator. The current formed in these coils is

conducted to the field coils of the generator,

and is entirely separate from the current

which goes to the external circuit.

Series and Parallel Connections. In connect-

ing an electric appliance to a source of elec-

tricity, one must connect it so that the

electricity can flow through it in the proper

channels and with sufficient strength to

operate it.

When several electric appliances are con-

nected to a single source of electricity, one of

two common methods of wiring is generally

used. In the first, called a series connection,

the electricity goes from one terminal of the

battery ot generator to one terminal of the

first appliance. After passing through this ap-

pliance, it emerges and flows to the second

appliance. After passing through the second

appliance, it goes to and through the third ap-

pliance. This pathway for the electricity is

continued in this manner until the current

emerges from the last appliance. A conductor

carries the current from this point back to the

source of electricity. The upper half of the

diagram below shows several electric appli-

ances, represented by circles. These appli-
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ances are connected in series, and the whole

series is connected to a generator, represented

in the diagram by a square.

The second method of wiring a number of

electric appliances to a source of electricity

is called a parallel or shunt connection. In

this method of electric wiring, one terminal of

the source of electricity is connected to one

terminal of each of the appliances by a low-

resistance conductor. The second terminal of

the source of electricity is connected to the

second terminals of all the appliances with a

second low-resistance conductor. The lower

half of the diagram on page 314 shows a num-
ber of electric appliances connected in parallel

and then connected to a generator. The ap-

pliances are represented by circles, and the

generator is represented by a square.

When several electric appliances are con-

nected in series and then the whole group is

connected to a generator, the full voltage of

the current is applied to the group of appli-

ances, and each one of the group uses its share

of the voltage. In the upper half of the dia-

gram on page 3 14, if the appliances had equal

resistances and the generator produced a cur-

rent with a pressure of SO volts, each of the

appliances would use J of the total voltage, or

10 volts. If the appliances were connected in

parallel, as shown in the lower half of the dia-

gram on page 314, each of the appliances

would have the full voltage of the generator

applied to its terminals.

If a certain electric appliance requires an

electrical pressure, or voltage, of 110, it will

not operate as it should if it is connected to

a source of 110-volt current in series with

some other appliance. On the other hand, if

the only source of electricity available to op-

erate a 55-volt appliance is a 1 10-volt current,

that source can be used if some other 5 5-volt

device is added in the circuit in series with the

appliance. This device may be a simple resist-

ance coil. Two or more 110-volt electric ap-

pliances will operate on a 110-volt current if

connected in parallel. Thus we see that it is

important to connect an electric appliance in

a circuit in the proper manner.

Currents of Electricity. When an alternating

current is used to charge a storage battery, it

is first sent through an electric appliance

called a rectifier. This device separates the

alternating current in such a way that only

that part of the current which flows in one

direction is used to charge the battery. This

separated current, however, is not like or-

dinary direct-current electricity, because it is

not flowing continuously. It passes through

the conductors for a short time, stops flowing

for an equally short time, and then flows

again. It is called a pulsating direct current.

A pulsating direct current might be com-

pared to the flow of water through a hose

fastened to a faucet that is being turned on

and off continuously. The water in the hose

would flow in spurts.

The electricity which forms a spark be-

tween the points of a spark plug is not flowing

in one direction all the time. It flows rapidly

back and forth between the points of the plug.

A current of this kind is called an oscillating

current. It is not the same as an alternating

current, because it changes the direction of

flow more frequently than an alternating cur-

rent does, and also because the electron flow

may become weaker with each reversal of the

current.

All the different kinds of electric currents

flow through a conductor at a very high speed.

An object traveling at the same speed as an

electric current could go completely around

the earth several times in one second. Elec-

tricity travels at the same speed in a high-

resistance wire as it does in a low-resistance

wire.

STUDY GUIDE

1. Describe the principles of a generator.

2. What is the purpose of a commutator?

3. What determines the strength of a

current?

4. What are the field poles?

5. What are the advantages of connecting

electric appliances in series? in parallel?

6. What is a pulsating direct current? an
oscillating current?
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Induced Currents Secondary terminals

Transformer Action. In the discussion of

5 electric generators we saw that an electro-

' motive force is always produced when a con-

l ductor cuts through magnetic lines of force.

In a generator, or dynamo, either the conduc-

I

tors move through lines of force or the mag-

I nets producing the lines of force move in such

! a way that the lines of force around them are

( cut by conductors.

However, it is not necessary to have either

the magnet or the conductor moving in order

to induce a current in the conductor. When
a current is induced in a conductor without

movement in either the conductor or the mag-

net, the action is called a transformer action.

If two coils are placed side by side, or one

[
on top of the other (as shown in the diagram

I on this page), and a current of electricity is

|i
forced through one of them, a magnetic field

f will be built up around it. As this magnetic
' field is being built up, its lines of force will be

I
cut by the wire loops of the second coil. The

^ cutting of the lines of force by the second coil

I

results in the formation of an induced current

!

of electricity in this coil. The direction of

I

flow of the induced current in the second coil

is opposite to the direction of current flow in

the first coil. The current flows in the second

coil only while the magnetic field is being built

up around the first coil. As soon as the mag-

netic field around the first coil is complete,

the induced current stops in the second coil.

An iron core in the coils increases the strength

of the induced current because the core con-

centrates the magnetic field in such a way as

to cause more of the lines of force to cut

through the windings of the second coil.

If the current is turned off from the first

coil after the induced current has stopped

flowing in the second coil, the magnetic field

which was built up will collapse suddenly. As
a result of the collapse of the magnetic field,

the lines of force will cut through the windings

of both coils, thus inducing a current of elec-

tricity in both coils. The direction of flow of

the current in this case is the same as the

direction of the current which has been shut

off from the first coil. The induction of a

current in the first coil is sometimes referred

to as the self-induction of a coil.

The induced current in the second coil re-

sulting from the collapse of a magnetic field,

as described above, is stronger than the cur-

rent induced when the same magnetic field

was built up. This is true because the field

collapses very much faster than it can be built

up, owing to the choking effect of the coil.

Induction Coils. Commercial induction coils

operate on the principle just described. The

electric current produced by an induction coil

is an alternating current with the flow in one

direction stronger than that in the opposite

direction. The starting and stopping of the

current in the first, or primary, coil of an in-

duction coil is accomplished by an automatic

circuit-breaker which operates in exactly the

same manner as the circuit-breaker on an

electric bell. The two coils of an induction

coil are wound one on top of the other so that

nearly all lines of force in the magnetic field

formed around the first, or primary, coil must

be cut by the windings of the secondary coil.
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The principal use of the induction coil is

to produce an electric current with a higher

voltage than that which is used in the primary

windings of the coil. This is accomplished by

placing many more windings of insulated wire

on the secondary coil than on the primary

coil. If a perfect induction coil could be

made (that is, one that was 100 per cent effi-

cient) and that coil were wound with twice

as many turns of wire on the secondary coil

as on the primary coil, the voltage of the cur-

rent coming from the secondary coil would

be twice as great as that flowing through the

primary coil. In actual practice induction

coils have many times the number of turns

of wire on their secondary coils as on their

primary coils, so that the voltage of the in-

duced current is many times as great as the

voltage of the current used in the primary coil.

A modern automobile high-tension coil is

an induction coil with a primary coil of few

turns of wire and a secondary coil of many
thousand turns of wire. The circuit-breaker

for these coils is not attached to the coil, as it

is on an ordinary induction coil, but is opened

and closed by a cam which is turned by the

engine through a series of gears. The same

series of gears turns the distributor arm which

carries the high-voltage current from the high-

tension coil first to one spark plug and then

to another in the proper order.

Choke Coil. A choke coil is made by wind-

ing many layers of insulated wire on a hollow

spool and fitting a core of magnetic material

inside it. (See diagram on this page.) The
magnetic core may be fixed solidly in the

spool, or it may be built so that it can be

slipped in and out of it. In operation, a cur-

rent of electricity is sent through the windings

of a choke coil, and, as it passes through, the

magnetic field formed by the current passing

through one loop of the wire sets up an op-

posing current in the other loops of wire on

the coil, as has been explained in the discus-

sion of induction coils.

If the current connected to a choke coil is

a direct current, there is no interference with

the flow of the current after it has passed

through all the loops of wire on the coil. The

current, in starting through the coil, is de-

layed a little, but this action lasts such a very

short time that it is rarely considered of any

importance. If, however, the current con-

nected to a choke coil is an alternating cur-

rent, there is a choking effect in the coil with

each reversal of the current. A 60-cycle al-

ternating current has 120 alternations each

second. Each alternation produces a choking

effect in the coil. The presence of a mag-

netic core in the coil increases the choking

effect.

A coil equipped with a removable core can

be used to vary the strength of the current

passing through the coil. When the core is

entirely within the coil, the choking effect is

greatest. As the core is withdrawn from the

coil, the choking effect is decreased steadily

until the core is entirely out of the coil, when

the choking effect is least. When the position

of the core of a choke coil is changed in this

manner, the strength of the current passing

through it is also changed.
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Choke coils are used frequently in

I

alternating-current circuits to reduce the flow

of electricity without producing heat and

wasting electricity, as an ordinary resistance

coil does. Choke coils are often used in cir-

cuits to prevent an alternating current from

flowing but at the same time to allow a direct

i| current to flow.

i

Transformers. An induction coil operates

! on direct-current electricity, and a circuit-

j

breaker of some kind is essential to start and

I

stop the flow of electricity through the pri-

! mary coil, which, around this coil, in turn

I

builds up a magnetic field and causes it to

I

collapse.

j A transformer is a modified induction coil

' with the automatic circuit-breaker eliminated.

!' A transformer has a primary and a secondary

coil, as does an induction coil, but a circuit-

breaker is not necessary, as the transformer

operates on alternating-current electricity.

' The alternating current in a transformer

builds up a magnetic field around the pri-

mary coil with the lines of force in one di-

rection, and when the current changes direc-

I tion this field collapses. Immediately after the

! collapse of the magnetic field a second field is

built up, but this second field has its lines

:
running in the opposite direction to that of

! the lines of the first field. This second field

i collapses when the current reverses again, and

a third field is formed which is exactly like

: the first one. This action continues as long

' as the alternating current flows through the

primary coil.

As a result of the building up and the col-

lapsing of a magnetic field around the primary

' coil of a transformer, the lines of force of

' those fields are cut by the windings of the

I secondary coil. This action, of course, sets up

an induced alternating current of electricity

in the secondary-coil circuit.

The strength of the current in the second-

ary coil of a transformer is directly propor-

tional to the strength of the current in the

primary coil. If the current strength in the

I

primary is doubled, the current strength in

the secondary also will be doubled.

If a transformer has twice as many turns

of wire on the secondary coil as on the primary

coil, the voltage in the secondary is twice as

great as in the primary, and the amperage of

the current will be half as great as in the

primary. Three times as many turns of wire

on the secondary as on the primary results in

a secondary voltage three times as great as

the voltage in the primary, and the amperage

of the current in the secondary coil will be

only one-third as great as in the primary coil.

Transformers are among the most efficient

of all man’s inventions. A little electric power

is lost in a transformer, owing to the forma-

tion of heat, but only a little. In actual prac-

tice transformers may be built within 2 per

cent of being perfect; that is, they are 98 per

cent efficient.

Step-Down Transformer. If the primary

coil of a transformer has more turns of wire

than the secondary coil (see diagram below),

the voltage of the current in the secondary is

less than in the primary, and the amperage is

greater than the amperage of the primary

current. For example, a transformer with 100

turns of wire on the primary coil and 2 5 turns

of wire on the secondary coil will produce a

secondary current with a voltage one-fourth

as great and an amperage four times as great

as the current in the primary coil. A trans-

former with fewer turns of wire on the second-

ary coil than on the primary is called a step-

down transformer because it decreases the

voltage of the current.

Step-Up Transformer. A transformer

wound with more turns of wire in the second-

Step-down transformer

Primary
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Primary

ary coil than in the primary coil is called a

step-up transformer because it increases the

voltage of the current. (See diagram above.)

Step-up transformers are used to increase the

voltage of electric currents before they are put

on transmission lines for transportation to

distant cities. An electric current produced

in some mountain powerhouse at 220 or 440

volts may be increased to 22,000 volts or more

before it is sent over the power wires to some

Transformers which step up voltage to carry current

many miles on high-tension lines

Bobert Yarnall Bichie

distant city. When it reaches the city, the

current is put through a step-down trans-

former to reduce the voltage to a point where

it can be safely used in common electric

devices.

Use of Transformers. The reason for chang-

ing the current by a step-up transformer be-

fore it is sent over long distances is that there

is less loss of power when a high-voltage cur-

rent is sent over a transmission line than when

a low-voltage current is sent over the same

line.

Transformers are used extensively in the

design of radio equipment to obtain the many
different voltages required. A special type of

step-down transformer is used to get a current

of low voltage but of very high amperage for

welding metal. These transformers have only

one or two turns of wire in the secondary

windings and many turns of wire in the pri-

mary windings. The ratio between the num-

ber of turns of wire on the two coils is often

more than 100 to 1. The metal core of a trans-

former is made of many pieces of materials

which are easily magnetized and demagnet-

ized. The shape of the core is generally a

ring or a hollow square. This is important.

The core must be of such a shape that

an iron path is available for all the mag-

netic lines of force. A transformer built with

a core that did not have an iron pathway

for the lines of force would not be efficient,

because the lines of force would not move
back and forth, as they should in a good

transformer.

STUDY GUIDE

1. What is an induced current and how is

it brought about?

2. What are induction coils?

3. How is a choke coil constructed and

what is its purpose?

4. Describe the construction of a step-up

transformer; of a step-down transformer.

5. What are the purpose and action of a

step-up transformer? of a step-down trans-

former?



Rectifiers and Condensers

Rectifiers. Electric devices for changing al-

ternating currents to direct currents of elec-

tricity are called rectifiers.

Crystal Rectifier. One type is called a crys-

tal rectifier. It consists of a crystal of galena,

iron pyrites, "Carborundum,” or other ma-
terial which will allow electricity to flow

through it to a metal conductor more easily

than it will allow a current to flow from the

metal to the crystal.

When a rectifying crystal is inserted in a

circuit in which an alternating current is flow-

ing, that part of the current flowing in one

direction passes through the crystal with com-

parative ease. However, that part of the al-

ternating current flowing in the opposite

direction meets with a greater resistance and

is almost completely shut off from that part

of the circuit beyond the crystal.

Rectifiers which act like crystals are known
as half-wave rectifiers because only half of the

alternating current applied to them succeeds

in getting through them to the remainder of

the circuit. The current obtained by passing

an alternating current through a half-wave

rectifier is a pulsating direct current.

At one time crystal rectifiers were com-

monly used to change the alternating current

in the aerial wires of a radio receiving set to

a pulsating direct current in the receiving set

itself.

Tungar Rectifier. Tungar rectifiers are

used to change an alternating current to a

direct current in charging storage batteries.

The diagram above shows the parts of a
tungar rectifier. In the diagram is shown a
glass bulb filled with argon gas at a very low

pressure. Note the anode terminal and the

filament terminal in the bulb. In the diagram

are shown also the primary and secondary

coils of a transformer, a storage battery, and
the terminals attached to a source of alter-

nating current. The alternating current pass-

ing through the primary windings of the trans-

former sets up a current in the secondary

windings. This secondary current passes

through the filament terminals in the glass

bulb. The filament becomes heated, and,

when the alternating current applied to the

filament makes it negative, the heated fila-

ment gives off electrons, which travel through

the ionized argon gas in the bulb to the anode.

When this condition exists, the electricity

flows from the anode through the battery, and

out of the apparatus through a terminal.

The net result of the action of the tungar

bulb and its attached transformer is to change

the alternating current into a pulsating direct

current, which flows through the battery from

its positive to its negative terminal and in this

manner charges the battery.

Mechanical Rectifiers. Another method

of obtaining direct-current electricity from

alternating-current electricity, which is used
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commercially in factories, oil-refineries, and

other business concerns, is the use of a me-

chanical rectifier. This rectifier consists of

a constant-speed alternating-current motor,

which turns a commutator and a pair of slip

rings. The current to be rectified is connected

to the two slip rings, and the brushes resting

on the slip rings conduct the rectified current

to the direct-current terminals of the machine.

The alternating current enters the apparatus

through one of the commutator segments.

From there it is conducted to one of the slip

rings and through a brush to the external cir-

cuit. Coming back from the external circuit,

the current enters the apparatus through the

second slip ring. From this slip ring the elec-

tricity is conducted to that commutator seg-

ment on the opposite side of the commutator

from which the current entered the apparatus.

A brush resting on this commutator segment

conducts the electricity away.

When the alternating current entering the

commutator reverses its direction, the commu-
tator turns through a quarter of a revolution.

This action brings the alternating-current

brushes into contact with two other commu-
tator segments. These two segments are con-

nected to the slip rings in such a way that the

current enters the same ring and returns to

the apparatus through the same ring as before.

The net result of the action of a mechanical

rectifier of this kind is to change the direction

of flow of an alternating current so that it

flows in one direction all the time. A mechani-

cal rectifier is a full-wave rectifier because it

uses all the alternating current instead of half

of it, as does a crystal or a tungar rectifier.

Other Rectifiers. In communities where the

power companies furnish only alternating-

current electricity, it is common to produce

strong direct-current electricity with a motor-

generator set. Such a set consists of an

alternating-current motor which turns a

direct-current generator.

One other important type of rectifier is the

vacuum-tube rectifier, which is used to a con-

siderable extent, particularly in connection

with radio transmission.

Condensers. There are many shapes and

types of condensers, but they all consist of

at least two pieces of conducting material

separated from each other by an insulator.

The insulating material used in condensers is

generally referred to as a dielectric.

Each type of condenser has its own par-

ticular use; but no matter where or how
condensers are used, they all have the same

function. That function or use is to store

charges of electricity. Generally the length of

time a condenser is required to store a charge

of electricity is very short. In radio and tele-

phone work, for example, the condensers are

built and used to hold a charge for only a

small fraction of a second.

One type of condenser consists of many
layers of metal foil separated by layers of

waxed paper. The alternate layers of metal

foil are connected so that the condenser is in

reality simply two large pieces of metal foil

separated by a layer of waxed paper. Con-

densers are built in this way in order to make
them more compact and easier to use. An-

other type of condenser consists of several

pieces of sheet aluminum separated by layers

of air. The alternate pieces of aluminum are

held in place and connected electrically by
means of a metal frame. A third type of con-

denser consists of a glass jar the lower half of

which is coated on the inside and on the out-

side with metal foil. The glass jar in this case

is the dielectric separating the two conductors.

A fourth type of condenser consists of two

long strips of metal foil separated by a layer

of waxed paper. The two strips of foil and

the waxed paper are rolled into a cylinder,

and the cylinder is placed in a metal box. The
box is then filled with paraffin, and all the air

around the metal foil and the wax paper is

taken out of the box. Condensers of this kind

are commonly used in radio and telephone

work.

A very simple condenser might consist of

two metal plates fastened to two wooden
blocks, as shown on page 323. In the diagram,

plate A is connected to a charged object by
means of a wire, and plate B is connected to
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blocks

Qround

the ground by means of a second wire. If the

charged object has a negative charge (that is,

an excess of electrons), some of the electrons

! will flow through the conducting wire to

;

plate A. Plate B immediately becomes posi-

I:

tively charged because the electrons on plate A
i repel electrons from plate B, leaving it with

I
an excess of protons. The electrons from

I plate B flow into the ground.

The Capacity of Condensers. If the plates

|,

were made larger, a larger negative charge

j

would flow to plate A
,
and a correspondingly

larger charge would be induced on plate B. If

; a better dielectric than air were used to sep-

! arate the two plates, a larger charge could be

;

induced on plate B, If the plates were moved
closer together, there would again be a larger

charge induced on plate B.

Thus we see that there are at least three

common methods of increasing the ability of

a condenser to hold a charge of electricity,

namely, increasing the size of the plates, using

a better dielectric to separate the plates, and
moving the plates closer together. The ability

of a condenser to hold a charge of electricity

is called the capacity of the condenser. Vari-

able condensers commonly used in radio re-

ceiving sets are constructed in such a way that

the average distance between the plates is in-

creased or decreased to change the condenser’s

capacity.

The unit of measurement of the capacity

of a condenser is called a jarad. One farad is

the charge produced by 1 coulomb on a con-

denser when the electrical pressure is 1 volt.

The farad is a very large unit; in fact, it is

so large that it is seldom used. In place of

the farad a unit only one-millionth as large

is commonly used. This unit is called a micro-

jarad. In radio work a still smaller unit of

capacity is often used. This unit, called the

micromicrojarad, is a millionth of a micro-

farad.

Condensers Used with Induction Coils. Com-
mercial induction coils have a high-capacity

condenser in addition to the core, the two coils,

and the automatic circuit-breaker. The con-

denser is connected in parallel with the circuit-

breaker, so that when the points of the

circuit-breaker open, the current which is

surging forward in the wires can flow momen-
tarily into the condenser. Without a con-

denser connected in this manner in the pri-

mary circuit, an induction coil produces a

spark between the contact points of the

circuit-breaker. The sparking occurs just as

the contact points are being separated, and

the result is that the current in the primary

coil is shut off more or less gradually. This

gradual shutting off of the current causes

the magnetic field around the primary coil

to collapse more slowly, and the induced

current resulting from the collapse of the

magnetic field is very much weaker than it

would have been with a sudden collapse of

the field.
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Condensers in Alternating-Current and

Direct-Current Circuits. The operation of a

condenser in an electric circuit can be de-

scribed by reference to the diagram shown

above, in which a condenser is connected in

series to an electric-light bulb and two termi-

nals A and B.

If the terminals A and B are connected to

a source of direct-current electricity, elec-

tricity flows through the circuit until it reaches

the condenser. When the electrical pressure

in the condenser has been built up to a point

where it is equal to the pressure of the source

of electricity, the flow will stop. During this

very brief period when electricity is flowing

in the circuit, the lamp will glow. The time

when the electricity is flowing is so short that

the glow of the lamp amounts to only a mo-

mentary flash. There will be no further flow

of electricity or flashing of the lamp, no mat-

ter how long the circuit is connected to the

source of direct-current electricity. If the

connection between the terminals A and B
and the source of electricity is broken, and

then a connection is made between the two

terminals, there is again a momentary flow

of electricity and a flash of the lamp. This is

due to the discharging of the plates of the

condenser.

If the terminals A and B are now connected

to a source of alternating-current electricity,

an alternating current will flow continuously

in the circuit, and the lamp will glow all the

time. The explanation of this action is simple.

Electricity from the source of the alternating

current flows in one direction through the cir-

cuit up to the condenser but not through it;

and while it is flowing, the lamp glows. Im-

mediately after this action the direction of

current flow from the source of electricity

changes, and the electrons accumulated on one

set of condenser plates flow away from the

condenser, while other electrons accumulate

on the other set of condenser plates.

This entire action really amounts to a

charging of the condenser, followed immedi-

ately by its discharging. Immediately after

the first charging and discharging a second

charging and discharging take place, but this

time the charging is in the opposite direction;

that is, the plates of the condenser which were

charged negatively in the first charging are

charged positively in the second charging.

This action of charging and discharging takes

place so rapidly that the momentary flashings

of the electric-light globe fuse together, and

we experience the sensation of continuous

light shining from the bulb.

The foregoing description of the action of

a condenser makes it clear that a condenser

completes the circuit for an alternating cur-

rent of electricity but not for a direct current

of electricity.

When certain electric circuits, especially

some radio circuits, are constructed, they

must be so made that a direct current of elec-

tricity cannot flow through them, although an

alternating current can do so. All that is

necessary in this case is to put a condenser in

series with the remainder of the circuit.

STUDY GUIDE

1. What is the purpose of a rectifier?

2. What are the different types of rectifiers?

3. With the help of the illustration on page

321 describe the manner in which a storage

battery may be charged by the use of a tungar

rectifier.

4. What is the purpose of a condenser?

5. Of what do all types of condensers

fundamentally consist?

6. How may the capacity of a condenser

be increased?

7. What is a farad? a microfarad? a micro-

microfarad?
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Measuring Electricity

Galvanometers. One type of galvanometer,

used to detect the presence of small direct

I

currents of electricity and to compare their

strength, is known as a D’Arsonval galvanom-

eter. (See diagram at the right.) It consists

of a horseshoe magnet and a coil of wire which

is free to swing between the poles of the mag-

net. Springs attached to the coil of wire con-

j

duct electricity in and out of the coil and also

;

bring the coil to rest in a position where the

I

face of the coil (front side in diagram) is

parallel to the lines of force between the poles

I

of the magnet.

When a direct current of electricity flows

i

through the movable coil of aD’Arsonval gal-

vanometer, a magnetic field is set up around it.

,
This magnetic field is more concentrated, and

i;

therefore stronger, in the center of the coil.

!' This strong part of the field has lines of force

I running at right angles to the face of the coil,

i When electricity first enters the coil of a gal-

' vanometer of this kind, the lines of force run-

ning through the center of the coil are at right

angles to the lines of force running between

the two poles of the horseshoe magnet,

j

Whenever two magnetic fields occupy the

same space at the same time, their lines of

!
force tend to become parallel. If one of the

I

fields is free to move, it will swing around

' until its lines of force are parallel to the sta-

tionary lines of force. This is exactly what

happens in a D’Arsonval galvanometer. The

D’Arsonval galvanometer

lines of force in the center of the coil and the

coil itself turn around against the pull of the

spring holding the coil in place. A stronger

current through the coil makes its magnetic

field stronger, and it turns around farther

against the pull of the spring. The farther the

coil of a D’Arsonval galvanometer turns, the

stronger is the current of electricity flowing

through it.



Voltmeter, cut away

Direct-Current Voltmeters. It is frequently

necessary to measure the electrical pressure,

or voltage, of a direct current. The most com-

mon method of measuring this voltage is to

attach in the circuit an instrument called a

voltmeter. (See diagram at bottom of page

325.) A voltmeter is used to determine the

total electrical pressure, or voltage, which

a given source is capable of exerting or to

measure the loss in electrical pressure result-

ing from the presence of some resistance in a

circuit.

There are several kinds of direct-current

voltmeters, but the most common type is built

like a D’Arsonval galvanometer. The main

difference between them is that the voltmeter

has, in addition to all the parts found in a

galvanometer, a high resistance which is con-

nected in series with the moving coil (see

diagram above).

To measure the decrease in voltage in a

circuit due to any device connected in the cir-

cuit, a voltmeter is always connected in shunt

with the device.

The scale of a voltmeter is marked in volts.

This marking, or calibrating, of the scale is

accomplished by placing marks on the scale

where the needle rests when varying known
amounts of electrical pressure are connected

with the voltmeter. When a great number of

voltmeters are built exactly alike, one scale is

calibrated with known electrical pressures,

and others are marked like the first one.

Direct-Current Ammeters. When too large

a current of electricity flows through an elec-

tric device, it is apt to melt the conductors in

it. For this reason and many others it is fre-

quently necessary to measure the amperage

of electric currents. Instruments called am-

meters are connected in electric circuits to

measure the amperage of the currents flowing

through the circuits. When an ammeter is

used, it is always connected in series with the

circuit through which the electricity to be

measured flows.

Since the amperage of an electric current is

the flow of the current, one should never, in

measuring the flow of electricity through a

given circuit, insert an instrument in that cir-

cuit which would interfere with the flow of

the current.

The only difference between the most com-

mon type of direct-current ammeter and a

D’Arsonval galvanometer is that the ammeter

has a low-resistance shunt conductor connect-

ing its two terminals (see diagram below).

A galvanometer ordinarily does not have a

particularly high resistance, but it does have



enough resistance to interfere to some extent

with the flow of electricity. In an ammeter a

very small part of the electricity in the circuit

flows through the moving coil, but most of

it flows directly through the shunt connection

between the terminals of the instrument.

Since the shunt is a very low-resistance con-

' ductor, it does not interfere with the flow of

the electricity in the circuit.

The calibration of an ammeter scale is ac-

complished in much the same manner as is

that of a voltmeter scale. A current with a

: certain known amperage is connected to the

I

terminals of the ammeter, and a mark is

placed on the scale where the pointer comes

I

to rest. This process is repeated with several

' currents of different strengths. An ammeter
i designed to measure currents up to and includ-

! ing 3 amperes might be calibrated by connect-

;
ing it to currents of 1, 2, and 3 amperes, and

I

making marks on the scale where the needle

! rests when each of the three currents passes

through the instrument. The spaces between

I

the marks would then be divided into 10 equal

I

parts, so that any current not greater than

3 amperes could be measured to the nearest

ampere.

Alternating-Current Measuring Instruments.

There are several types of alternating-current

measuring instruments, but probably the most

1 common is the moving-vane type. In their

simplest form the moving-vane alternating-

;
current voltmeters, and the ammeters of this

type, consist of a coil of wire enclosing two

pieces of soft iron. One of these small pieces

: of iron, called the moving vane, is held close

to the inside of the coil by a supporting wire

which extends from a pivoting rod in the cen-

t ter of the coil. A pointer is fastened to this

j

rod, so that when the moving vane moves, the

pointer will move across a scale.

The diagram on this page shows the essen-

tial parts of an instrument like that described

above.

The operation of a moving-vane type of

! electric measuring instrument is simple. It

' has already been explained that a piece of

magnetic material in the center of a coil of

Pointer

Moving-vane alternating-current voltmeter

wire which carries a current of electricity be-

comes magnetized. If two pieces of magnetic

material are in the center of a coil of wire

carrying an electric current, both will become

magnetized. The polarity of the two magnets

thus formed will be the same; that is, the

south poles of both magnets will be at the

same end of the coil.

Two magnets placed side by side with like

poles close together in this manner will al-

ways repel each other. In the instrument

diagramed the moving vane is repelled by the

fixed vane, and as a net result the moving

vane moves to the left, and the pointer moves

to the right across the scale. Being fastened

solidly, the fixed vane does not move. An
increase in the strength of the current pass-

ing through the coil causes the moving vane

and the pointer to move farther apart, and a

decrease in the strength of the current de-

creases the magnetism of the vanes, so that

the moving vane and the pointer move closer

together.

If the direction of the flow of current

through the coil is reversed, the polarity of

the vanes is also reversed; but this has no

effect on the repulsion between the two vanes,

because similar poles of the vanes are still

side by side. This fact makes it possible to
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Ail electric meter. The dials record the number of

kilowatt-hours of electricity which have been used

use these instruments to measure alternat-

ing current, which reverses its direction re-

peatedly and rapidly.

When used to measure the strength of an

alternating current, the pointer of a moving-

vane type of measuring instrument has a tend-

ency to vibrate. This vibration is caused by

the change in the strength of the current as

it alternates back and forth. Frequently this

vibration is overcome by attaching a light-

weight paddle to some part of the moving-

pointer mechanism. In moving through the

air, this paddle prevents any rapid movement
of the pointer, but it does not interfere with

a slow movement. Both ammeters and volt-

meters are made with the moving-vane type

of mechanism. The ammeters are equipped

with shunt wires between their terminals, and

the voltmeters have high-resistance units in

series with their coils.

Watt-Hour Meter. The product of the volt-

age and the amperage of a current is equal

to the wattage of the current. For example,

if a current of 10 amperes is flowing in a cir-

cuit under a pressure of 5 volts, that current

has a power of 5 X 10, or 50, watts (w). This

is the rate of flow, or power

^

of the electric

current.

The unit of electric power is the watt^

named after the inventor James Watt, whose

pioneer work in the development of the steam

engine has already been described. This unit

is most useful in measuring small amounts of

power, such as are used in radio receiving sets

or electric appliances. For the measurement

of large amounts of power, the more fre-

quently used unit is the kilowatt (kw)
,
which,

as the name implies, is equal to 1000 watts.

One kilowatt is equal to about l^j horsepower.

In most cases we are not particularly inter-

ested in the wattage of a current alone. We
are, however, interested in the total amount of

electrical energy. The unit of electrical energy

is the watt-hour (whr). This unit is the

product of the wattage of a current and the

time in hours. Thus when a current having a

power of 20 watts flows through a circuit for

3 hours, 20 X 3, or 60, watt-hours of elec-

tricity flows through the conductors.

The instrument used to measure watt-

hours is called a watt-hour meter. It is made
in many sizes and forms. The instrument

commonly used to measure the power con-
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I

i

sumption in our homes is a single-phase, two-

! wire watt-hour meter made to operate on a

1 60-cycle alternating current with a voltage of

from 115 to 120 and an amperage not greater

I

than that required for ordinary house use.

I

The mechanism of one of these meters is

attached to a set of dials which indicate the

number of watt-hours of electricity which

j

have passed through the meter. The dia-

' gram on page 328 shows the four dials of a

watt-hour meter. As they are diagramed, the

pointers on the dials indicate that 6841

kilowatt-hours (kwhr) of electricity have

passed through the meter. The first dial in-

I

dicates that 6000+ watt-hours have passed

through the meter. The second dial shows

800+ watt-hours, the third dial shows 40+
watt-hours, and the fourth and last dial

I
shows 1 watt-hour.

i When a watt-hour meter is installed in a

^

home, it is sealed in such a way that none of

I
the operating parts can be disturbed. It is

I
unlawful to tamper with these meters in any

I way. Watt-hour meters in homes and fac-

I

tories are inspected frequently, and any evi-

'!
dence that a meter has been tampered with

I

results in an immediate investigation.

I

STUDY GUIDE

1. What is a galvanometer?

|!
2. How are volts and amperes measured?

|l
3. What is a watt? a watt-hour? a kilo-

i
watt? a kilowatt-hour?

Resistance

Ohmmeter. There are several common
methods of measuring the electrical resistance

of conductors. One of the easiest methods,

although not an extremely accurate one, is to

measure resistance with an ohmmeter.

An ohmmeter is an instrument for measur-

ing the electrical resistance of conductors. It

is made from a low-reading ammeter or volt-

meter and a variable-resistance unit connected

as shown above. These instruments are made
and calibrated in such a way that they must

be used with a source of electricity having a

nearly constant voltage or amperage, such as

a fully charged storage cell or a new dry cell.

If they were used without the proper source of

electricity, the readings would not be correct.

In using an ohmmeter a person first adjusts

the variable resistance so that as much resist-

ance as possible is connected in series with

the meter part of the instrument. Usually this

operation consists of turning a knob as far to

the left as possible. The next step is to con-

nect the correct source of power to the battery

or power terminals. Wires which are to be

used to connect the unknown resistance to the

meter are then fastened to the resistance ter-

minals. The free ends of the two wires should

then be fastened together.

After this has been done, the resistance of

the instrument should be gradually decreased.

This decrease in resistance brings the needle

of the meter slowly toward the zero mark on
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the scale. When the needle is exactly over

this mark, the two resistance-connecting

wires should be separated and attached to the

unknown resistance. After these connections

have been made secure, the position of the

needle over the scale indicates the number of

ohms of resistance of the unknown resistance

attached to the instrument.

If the needle of an ohmmeter comes to rest

halfway between two marks on the scale, the

resistance of the conductor being measured is

not the average of the numbers on each side

of the needle but something less than this

average; for example, if the needle of an ohm-

meter came to rest halfway between the 4-ohm

mark and the S-ohm mark on the scale, the

resistance of the conductor being measured

would not be 4-^ ohms but something less than

that amount.

Voltmeter-Ammeter Method of Measuring

Resistance. When one wishes to measure the

resistance of a conductor but has no regular

resistance-measuring devices at hand, he can

use a voltmeter and an ammeter to measure

the number of ohms of resistance of the con-

ductor. To measure the resistance of a con-

ductor with a voltmeter and an ammeter, the

conductor should be connected in a circuit

like that shown above.

The cell furnishes an electric current for

the circuit, the ammeter measures the flow of

the current, and the voltmeter measures the

fall in electrical pressure due to the resistance

in the circuit. The resistance of a conductor

like that in the diagram is equal to the read-

ing of the voltmeter divided by the reading of

the ammeter; for example, if the ammeter

reading in a circuit like that diagramed is S

and the voltmeter reading is 110, then the

resistance of the conductor is 110-^5, or 22,

ohms.

Resistance of Conductors. The resistance of

a conductor depends mainly on three things

:

first, its length; second, its cross-sectional

area; and third, the material from which it

is made.

Resistance and Length. Resistance varies

as the length of the conductor varies. A wire

which is twice as long as another wire will

have twice as much electrical resistance; a

wire three times as long will have three times

as much resistance. One way of expressing

this fact is to say that the resistance of a con-

ductor is directly proportional to its length.

The fact that a long conductor has more

resistance than a short one is used in con-

structing rheostats, variable resistances, and

resistance boxes. These three devices are all

used to control the resistance of electric

circuits.

A wire rheostat consists of a long wire

wound around a nonconducting core of some

kind, with a fixed terminal at one end of the

wire and a sliding terminal arranged so that

varying lengths of the wire can be included

in the circuit to which the rheostat is con-

nected by moving the sliding terminal back



and forth across the wire. A diagram of a

typical wire rheostat is shown on page 310.

When two exactly similar wires are con-

nected in series, their total resistance is equal

to twice the resistance of either one. Connect-

ing similar wires in series, then, is the same

as using one wire as long as the combined

lengths of the several wires.

Resistance and Cross Section. The resist-

ance of a conductor varies as the cross-

sectional area of the conductor varies. A
large wire offers less resistance to the passage

of an electric current through it than a small

wire. Examples of this fact can be seen on

almost any city street. The wires extending

between electric-power poles are much larger

than the wires extending between a home and

the main wires. This is so because the electric

mains on the poles have to carry a large

electric current, and a high-resistance wire

would interfere too much with the current

flow. The wires used to connect an electric

bell are smaller than the wires used to connect

an electric stove to a source of power. The
bell uses only a small amount of power, and

a small wire, even though it has a high resist-

ance, will carry this small current with little

loss and no danger. An electric stove uses a

large amount of electricity, and if a small wire

were used to connect it to a source of power,

the resistance would be so great that only a

small percentage of the required amount of

electricity could get to the stove.

A wire with twice as great a cross-sectional

area as another wire has just half as much
resistance as the other wire. A wire with

three times as great a cross-sectional area as

another wire has only one-third as much re-

sistance as the other wire. Therefore we can

say that the resistance of wires is inversely

proportional to their cross-sectional areas.

Parallel connections reduce resistance.

When two or more conductors are connected

in parallel, as shown in the diagram on

page 314, the resistance of the circuit is less

than it would be with only one of the con-

ductors. When two wires are connected in

parallel in a circuit, they have the same re-

sistance as a single conductor with a larger

cross-sectional area. If a single wire having

1 ohm of resistance is replaced in a circuit

with two exactly similar wires connected in

parallel, the resistance of the circuit will be

only half as great.

Resistance and Composition. Some sub-

stances carry electricity better than others.

The resistance of a conductor varies accord-

ing to its composition. Silver, one of the best

conductors of electricity, has a very low re-

sistance. Copper and aluminum, like silver,

are very good conductors and therefore have

a very low resistance. The common metal

which has the highest resistance is mercury.

Lead and steel are both high-resistance sub-

stances. Platinum is about halfway between

silver and lead in its power to conduct a cur-

rent of electricity. Tungsten, the substance

used to make the filament of some incandes-

cent lamps, has a comparatively low resist-

ance. Some alloys, especially nichrome,

which is commonly used to make the heating

elements of household heating appliances,

have a very high resistance. The resistance

of a piece of nichrome wire is about 60 times

as great as that of an exactly similar piece of

silver wire.

Heat Produced by Electricity. There are two

methods by which the heat developed in an

electric circuit can be increased: first, by in-

creasing the amperage of the current flowing

through the circuit, and second, by increasing

the resistance of the circuit.

Heat developed by a current depends on

its amperage. The heat developed by a cur-

rent in a circuit is increased when the amper-

age of the current is increased, but the

increase in heat is not proportional to the in-

crease in the amperage. Twice as much cur-

rent in a circuit develops not twice as much
heat but four times as much. Nine times as

much heat is developed by a current three

times as strong, and sixteen times as much is

developed by a current four times as strong.

In other words, the heat developed by a cur-

rent is proportional to the square of the

current flow in amperes.



A circuit with twice as much resistance as

another circuit will develop twice as much

heat. Three times as much heat could be de-

veloped in a circuit if the resistance were made

three times as great. In other words, the heat

developed by a current in an electric circuit

is directly proportional to the resistance. The

methods by which the resistance of a circuit

can be changed were discussed in a preceding

paragraph.

High-resistance wire in a circuit develops

heat. All other things being equal, a high-

resistance wire in a circuit will develop more

heat than a low-resistance wire will. For this

reason the heating elements of common house-

hold appliances are made of high-resistance

wire. Nichrome wire is very commonly used

in the heating elements of electric toasters,

irons, heating pads, percolators, and reflection

heaters. Since this wire has about 60 times

as much resistance as copper wire, it develops

about 60 times as much heat when all other

factors are the same in the circuit.

STUDY GUIDE

1. How is resistance measured?

2. What determines the amount of resist-

ance?

3. Explain how heat is produced in a circuit.

Wiring

Electric Fuses. The wire used to conduct

electricity to the different parts of a home
(see diagram, p. 333) or factory, or, in fact,

to conduct electricity in any way, is always

capable of conducting a larger current than

is necessary in the particular place where it

is used. Wire of greater conductivity than is

necessary is used in this way so that when

a slightly larger current accidentally flows

through the wire, it will not get hot and burn

any inflammable material near it, such as the

insulation on the wire or the wood of a house.

In order further to ensure a wire against get-

ting hot, a small electric device called a fuse

is connected in series with the wire.

An electric fuse consists of a container of

some kind in which a strip of metal made of

a lead-tin alloy is placed between two brass

or copper terminals, which are on the outside

of the container. The lead-tin alloy metal has

a high resistance and a low melting point. If

too large a current passes through a strip of

fuse metal, the strip melts, or "blows out.”

The carrying capacity of a piece of fuse metal

depends on its size, a large piece being able

to carry a larger current than a small piece.

Fuses are generally marked with the number

of amperes which they will carry without

melting, or "blowing.”

One kind of common fuse, called a fuse-

plug, is shown above. The diagram shows

the fuseplug cut in half to indicate the con-

nections of the fuse wire. The plug has

two brass terminals exactly like the terminals

of an incandescent electric lamp. The fuse

wire forms a connection between the two ter-

minals on the inside of the plug. The top of

the plug is covered with a sheet of mica held

in place with a brass ring. The mica "win-

dow” makes it possible to see into the plug
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to determine whether the fuse wire is in good

condition or has been melted.

Fuses are placed in electric circuits to pro-

tect the circuits and also to prevent fires

which might start from overheated electric

wires. Replacing a burned, or "blown,” fuse

with a coin or with a piece of wire is a danger-

ous practice. It is one of the common causes

of fires, as the records of fire departments

show. If a fuse melts, it should be replaced

with a good fuse with the same ampere rating

as the fuse which melted. Several fuses

should be kept on hand for emergency.

Sizes of Electric Wire. A wire carrying a

current of electricity must be large enough

to carry the current without becoming hot

and also large enough to eliminate as much
of the resistance in the circuit as is prac-

ticable. Many fires have been started by con-

necting too many electric appliances to a

single electric circuit. The wires put in a

house when it is built are placed there by

electrical experts. Each circuit is made of

wire large enough to carry electricity to all

the outlets, provided that the circuits are not

overloaded. We often hear people say that

they had to replace 15-ampere fuses in certain

circuits in their homes with larger fuses be-

cause the small fuses blew out so often. The
fuses in a circuit which have been placed

Copper
Metal covering
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there by electrical experts carry as much elec-

tricity as the circuit is capable of carrying

safely, and the person who replaces small

fuses with larger ones is running the risk of

setting his house on fire.

The concealed wires in the walls of a house,

which carry electricity to the lighting system,

are generally No. 14 solid copper wire. The

drop cords and floor-lamp cords are generally

No. 18 flexible wire. Bell circuits are con-

structed with either No. 16 or No. 18 solid

copper wire. Wire leading to appliances

which use large currents of electricity must

be large. For example, the wire leading from

a convenience outlet to a flatiron or a reflec-

tion heater should be larger than the wire

leading to a floor lamp.

Insulation. The proper kind of insulation

for an electric wire depends on many things.

Among these are the strength of the current

which is to pass through the wire, the materials

with which the wire comes in contact, whether

the wire is to be moved or to remain sta-

tionary, whether or not it is to be protected

from the weather, and the temperature which

the insulation must withstand.

A wire carrying a small current, such as

the bell wire in a home, needs very little in-

sulation. The type of insulation commonly

used on bell wires is a single or double layer

of cotton windings saturated with paraffin.

On the other hand, high-power electric lines

going to and from a powerhouse must be

heavily insulated. Some of these high-power

lines are surrounded by more than an inch of

the best insulating material available.

If an electric wire is subjected to chafing,

it must be insulated with a material which will

withstand the chafing. Ordinary extension

cords, the wires leading to electric appliances

in the home, and some of the wires in automo-

bile lighting systems are samples of wires

which are subjected to chafing. The type of

insulation used to protect wires from chafing

varies considerably. In automobiles a metal-

lic sheath protects the wires. Extension cords

are sometimes encased in a heavy rubber

sheath. Sometimes a heavy layer of cotton

thread woven around wires is sufficient pro-

tection against chafing.

The high-voltage wires of the ignition sys-

tems of automobile engines have to be pro-

tected against both heat and the deteriorating

effect of the oil which comes from the engine.

These wires are protected from chafing by

being clamped in place in such a way that

they cannot rub against anything. Several

kinds of insulation are used on these wires,

the most common being a heavy layer of rub-

ber, which is sometimes covered with a layer

of cloth thoroughly soaked in an oil-resisting

varnish-like substance.

Electric wires which are exposed to

weathering conditions may be insulated in

several ways. Common low-voltage wires are

covered with a layer of rubber, which in turn

is covered with a layer of cloth. Sometimes

many wires, each of which is covered with a

layer of waxed paper, are enclosed in a lead

tube, the whole being called a cable. Iron

pipes are frequently used to protect wires on

the outside of buildings.

The wires which carry electricity to the dif-

ferent parts of our homes may be insulated

in a number of ways. Wires in a building

must be insulated to prevent fire and to pro-

tect people in the building from electric

shocks, which are sometimes fatal.

When electric wires are first placed in a

building, they should be placed in such a way
that they are never closer than one inch to

any wooden part of the building unless they

have, in addition to the insulation around the

wire, some further protection against the

shorting of the electric circuit. When wires

are placed parallel to a piece of wood, they

should be held away from the wood by por-

celain knobs. When it is necessary to run a

wire through a piece of wood, it must be sep-

arated from the wood with a porcelain tube

or a loom, which is a thick cloth tube saturated

with an insulating substance.

House wires which have to be placed close

to each other or across each other are always

separated with porcelain tubes, looms, or

some other insulating material. Splices in



Western Union splice

Bus-bar splice

U

Tap splice

Cable splice

^22^
Linesman’s splice

Insulating material

Copper mire

Wire properly prepared for splicing

Various ways of splicing electric wires

!
house wires are always soldered and then pro-

tected with insulation. This insulation con-

sists of a layer of rubber tape, a layer of fric-

tion tape, and a thick coat of paint.

Metal boxes or cups are always fastened

I into the walls and ceilings of homes at those

places where electricity from the main cir-

cuits is conducted through the walls and ceil-

ings to the electric appliances. Wires from

the main circuits pass through holes in these

boxes and cups. The wires are protected from

chafing on the sides of these holes by smooth

I

metal rings or short pieces of loom. House

! wires carrying high-voltage electricity to cook-

, ing stoves and similar appliances are placed in

iron conduit pipe and flexible hollow iron cable.

I

Those electric appliances which are near

j

plumbing fixtures in bathrooms and kitchens

should always be connected to the ground in

some way, so that if an electric short is de-

veloped in the appliance, the current will be

I

conducted to the ground. This safety meas-

ure makes it impossible for a person to get

I a shock from a shorted convenience outlet

even when some part of his body is in contact

with a plumbing fixture.

Amateur Electric Wiring. It happens fre-

quently that a householder finds it necessary

to do some electric wiring. He may want to

put a branch circuit in his garage, to add a

convenience outlet to a circuit in his living-

room, to repair the doorbell system, or to per-

form any one of many other wiring jobs which

fall to the lot of the handy man at home. To
do any one of these common tasks requires

only a little knowledge of the proper materials

to use and the correct manner of using them.

The first thing to do in a wiring job is to

select the wire to be used. Ordinarily the

lighting circuits of a home are constructed of

No. 14 wire. If the wire is to be concealed in

a wall or if it is to be used where its appear-

ance is unimportant, rubber-covered house

wire should be used. This wire is covered with

a layer of rubber, and this covering is pro-

tected with a layer of woven cotton. If the

appearance of the wire is important, the in-

sulation should be covered with woven silk.
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Next it is necessary to select one of the

main house circuits which can carry addi-

tional electricity without being overloaded.

This is very important because an overload

on a wire may start a fire.

The branch circuit should then be fastened

in place, all possible care being used in in-

sulating the wires from each other and from

all other conductors. All wires should be at

least one inch from any wooden or other in-

flammable material unless they are running

through porcelain, loom, or metal tubes.

Flexible metal cable, either BX cable or

loom cable, each of which has two parallel

wires running through it, is frequently used

in constructing branch lines. These two types

of cable can be placed directly in contact with

wood or any other substance without addi-

tional insulation, and are therefore con-

venient for the householder to use.

After the entire branch line has been

fastened in place and the fixtures or other

electric appliances have been connected to the

line, it should be connected to the main house

circuit. This operation is easier and more

safely accomplished if the electricity is turned

off at the main switch, where the electricity

enters the house.

If the householder wishes to repair or in-

stall a bell-ringing circuit in his home, he does

not have to be so careful about insulating the

wires, because the electric current in a bell-

ringing circuit is small and is not likely to do

any damage if it does become shorted. Two
bell wires can be placed side by side and

tacked to a wooden wall with no danger of

fire and very little danger of shorting.
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In wiring a bell system it is important to

j

avoid the use of more wire than is necessary.

I
In a bell-ringing circuit it is frequently found

[

possible to use one wire in two separate bell

j

circuits. How this can be done in one type of

'I
bell system is shown at the bottom of page

!336. In this kind of system a bell upstairs

and another bell downstairs ring when the

front-door push button is pressed. When the

back-door push button is pressed, a buzzer

I upstairs and another buzzer downstairs
I sound. The wires in the diagram marked with

the letter B are part of both circuits,

j

Electric appliances, including various kinds

f
of heating devices, lighting fixtures, motors,

iij

switches, and drop-cord attachments, are each

wired somewhat differently. Only general pre-

cautions and directions can be given here.

Drop-cord appliances of all kinds are gen-

erally wired in such a way that the terminal
' screws, to which the wires are attached, are

! not subjected to a strain when a person pulls

on the wires. This is accomplished by tying

a knot in the wire or by wrapping the wire

around some solid object inside the appliance,

! When adding branch circuits, it should be

! borne in mind that all appliances and lights

must be in shunt or parallel with the main

line. If the wires are not arranged in this

!
manner, the appliance v^^ill not operate, and

i
a fuse will probably be blown out when the

! electricity is turned on.

Switches to turn the electric current on and

off from an electric appliance must be placed

in series with the appliance so that, when the

switch is in the off position, the current path-

way is broken. Three-way switches, which

permit the control of an appliance from two

places, are connected as shown in the diagram

at the top of page 336.

STUDY GUIDE

1. What is the purpose of fuses?

2. What determines the proper size of an

electric wire?

3. What is the purpose of insulation?

Electrical Energy to Mechanical Energy. As
we have seen, the rotation of a coil in a mag-

netic field will generate a current of electricity

in a conductor. In this way large amounts

and intensities of electrical energy may be

generated. Upon this ready source of elec-

tricity have been built our giant electrical

industry and its ever-present applications,

which have so extensively transformed our

way of living.

Many of our applications depend upon

transforming electrical energy back to me-

chanical energy; to do this we make use of

a reversal of the phenomenon above. If a cur-

rent flows through a coil in a magnetic field,

the coil will move. This is the simple principle

of the electric motor.

A Current in a Magnetic Field. A horseshoe

magnet, with a part of its magnetic field, is

shown in the diagram above. The wire which

passes through the magnetic field is conduct-

ing a direct current of electricity. The lines

of force around the conductor, where it passes

through the magnetic field, are traveling in

a clockwise direction, as shown by the curved

arrows.
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When a conductor carrying a current is

placed in a magnetic field in this manner, a

force is set up which tends to move either the

wire conductor or the magnet. If the wire is

free to move, it will move in a direction away
from the point where its lines of force are

running in the same direction as the lines of

force of the magnet. In the diagram on
page 337 the wire moves to the right because

the lines of force around the wire and the lines

of force of the magnet are both running down
at a point just to the left of the wire. The
movement in this case results from the re-

pulsion between the wire’s lines of force and
the magnet’s lines of force at the left of the

wire.

If one wishes to know in which direction

an electric wire in a magnetic field tends to

move, he must first find out the direction of

the magnetic lines of force in the two fields.

The direction of the lines of force around the

magnet may be found by determining which

is the north pole. The lines of force around

a magnet always travel from the north to the

south pole. The direction of the field around

the wire can be found by applying the right-

hand rule. After finding the directions of the

lines of force in the two fields, one can deter-

mine the direction in which the wire tends to

move. As stated above, it will always move
away from that point where the lines of force

around the wire travel in the same direction

as the lines of force of the magnet.

The diagram at the left shows a coil of wire

held in a frame between the poles of a magnet

in such a way that it is free to rotate. The
coil is connected through a commutator and a

push button to an electric cell. When a con-

tact is made by pressing the button, the coil

will have an electric current passing through

it and a magnetic field built up around it. The
faces of the coil have magnetic poles exactly

like the poles of a short bar magnet. As soon

as the north and south poles are formed at

the faces of the coil, a force is set up between

the magnetic fields of the permanent magnet

and the coil. The north pole of the coil is

attracted by the south pole of the magnet and

repelled by the north pole of the magnet. The
south pole of the coil is attracted by the north

pole of the magnet and repelled by the south

pole of the magnet. As a result of these at-

tracting and repelling forces, the coil rotates

to a position where its north pole is as near

to the magnet’s south pole as possible and its

south pole is as near to the magnet’s north

pole as possible.

If the direction of the current through the

coil is reversed by turning the handle of the

commutator, the coil’s poles are reversed, and

the coil will turn through one half of a com-

plete revolution. A half-revolution of the

coil places its poles as they were before the

current was reversed. A coil of this kind,

equipped with a commutator that automat-

ically reverses the current at the time when
the poles of the coil are closest to the magnet’s

poles, revolves continuously.



Direct-Current Motors. One simple labora-

tory motor used to demonstrate the principles

of direct-current motors consists of a single

coil of wire wound on a soft-iron core and

placed in a frame so that it can rotate between

a north and a south magnetic pole. Fastened

‘ to the shaft of one of these simple demonstra-

I
tion motors is a two-piece commutator which

!

reverses the direction of the current flowing

I

through the coil at the exact instant when the

poles of the coil are closest to the permanent-

1 magnet poles.

j

The method of connecting the rotor and

(the field coils of a direct-current motor to a
' source of electricity is not always the same.

I

Sometimes the field coils are connected in

i shunt with the rotor, and sometimes the two

,i
parts of the motor are connected in series,

i Occasionally the field poles are magnetized

[partly by a few turns of heavy wire on the

coils connected in series with the rotor and
partly by many turns of fine wire on the coils

connected in shunt with the rotor.

A shunt-wound motor can be reversed by
reversing the direction of the current flow in

either the field coils or the rotor. A compound-
wound motor can be reversed by changing the

direction of the current in the rotor coils or in

both the field coils.

Alternating-Current Motors. In general,

there are four types of alternating-current

motors: (1) polyphase induction motors;

(2) single-phase induction motors; (3) re-

pulsion motors; (4) synchronous motors.

These four general types show many varieties

which cannot be discussed here.

Induction Motors. Induction motors, like

direct-current motors, have two parts: a sta-

tionary section, called the stator, which cor-

responds to the field coils of a direct-current

This Westinghouse 7000-horsepower reversing motor can go from top speed

in one direction to full stop and to top speed in reverse in 40 seconds

Robert Yarnall Richie
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motor, and a rotating part, called the rotor,

the same as the rotor in direct-current motors.

The stator of an induction motor is wound

so that when an alternating current is sent

through it, a magnetic field is set up. The
alternations, or reversals, of the electric cur-

rent when the motor is running cause the poles

of the magnetic field to revolve around the

field. The movement of these magnetic poles

is the same as the movement of ball bearings

around a rotating shaft.

In some induction motors the electricity

which enters from the main electric lines goes

only into the field coils and not into the rotor.

The movements of the magnetic field around

the stator result in the cutting of some of the

lines of force by the windings of the rotor.

This action generates an electric current in

the rotor windings, which in turn sets up a

second magnetic field in the motor. The mag-

netic field set up around the rotor windings

is attracted by the magnetic field of the stator,

and therefore the rotor is pulled around

continuously.

The rotor of an induction motor is made
of many layers of soft steel shaped like a

drum. Sometimes the rotor windings consist

of many copper bars placed in slots that run

lengthwise in the outside of the rotor. These

bars are fastened to a copper ring at each end

of the rotor.

Some large induction motors have windings

of wire on their rotors similar to the windings

on the stators. These rotor windings are dis-

connected when the motor picks up full speed,

and the motor operates exactly like one with

copper bars in place of the windings.

A single-phase induction motor differs from

a polyphase induction motor in that it has an

auxiliary starting coil in its stator. This extra

winding is used only while the motor is gain-

ing speed. As soon as full speed is attained

in the motor, a clutch-and-switch arrange-

ment automatically cuts off the supply of elec-

tricity to this auxiliary winding. This method

of starting single-phase induction motors is

known as the split-phase method.

The rotor of a single-phase induction motor

is sometimes wound with insulated wire some-

what as the rotor of a direct-current motor is

wound. These windings are connected to the

source of electricity through a pair of brushes.

When this kind of motor attains its maximum
speed, the brushes are lifted from a distribut-

ing commutator, and the motor continues to

run as a simple induction motor. Single-phase

series motors with commutators are very

simple in design and rugged in construction.

Polyphase induction motors are simple and

rugged in construction. They are powerful

while starting, and they have nearly constant

speed with all loads.

Repulsion Motors. Repulsion motors op-

erating on alternating current depend on the

repulsion between rotor and stator poles for

their operation. These are common. They
are built much like an ordinary direct-current

motor. These motors are very powerful while

starting, and after starting they operate prac-

tically the same as an induction motor.

Synchronous Motors. Synchronous motors

operate on the principle of the reaction be-

tween an unchanging magnetic field and a

magnetic field which constantly reverses its

polarity. Either the fixed or the changing

magnetic field may be produced by the rotat-
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i'

'1 ing part of the motor. In clocks and in labora-

, ,
tory models of synchronous motors the fixed

,
'
magnetic field is produced by a rotating steel

i;
wheel like that shown in the diagram on page

,[ 340, and the changing magnetic field is pro-

1
duced by a stationary electromagnet supplied

I

with an alternating current of electricity. In

j[
large motors the fixed magnetic field is an

I

electromagnet supplied with a direct current

of electricity. In operation the rotating steel

wheel of a laboratory model of a synchronous

motor turns at an exact rate, so that one of its

j

magnetic poles moves past the points of the

I

field poles each time the current reverses the

field magnet.

I

In the diagram on page 340, the right-hand

1
field pole is shown as a north magnetic pole.

If the rotor is turning in a clockwise direction,

there is an attraction between the right-hand

field pole and the rotor pole B and a repulsion

between this same field pole and the rotor pole

A. When the rotor turns to a point where the

rotor pole B is closest to the field pole, the

alternating current in the field magnet re-

verses and the field pole becomes a south

magnetic pole. While the alternating current

is reversing, inertia carries the rotor pole B a

little past the field pole. After the polarity

of the field pole has changed, it will attract

the rotor pole C and repel the pole B. A simi-

lar action takes place on both sides of the

motor. As a result of the reaction between

the two magnetic fields, the rotor turns at a

constant speed.

Propeller blades must be polished till they are "as smooth as silk.” The man
in the picture is using a universal motor

Division, Curtlss-Wright Corporation
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In this four-unit Diesel-electric locomotive, each unit has a 5000-horsepower Diesel engine

which operates a direct-current generator. The units use large electric motors

to turn the driving wheels. The number of units used depends on the weight

of the train and the maximum incline of the tracks

One of the main advantages of synchronous

motors is that they rotate at an exactly con-

stant speed. One disadvantage of the simple

type of single-phase synchronous motors is

that they cannot be started simply by turning

on the electricity in their coils. They must

be rotated by some other means until they

attain the synchronous speed, that is, until

they attain a speed equal to the speed at

which they operate.

Polyphase synchronous motors are self-

starting when they are not under load. When
it is possible to use induction motors, syn-

chronous motors are seldom used, because of

the difficulty of starting them, their low start-

ing power, and the necessity of having a sup-

ply of direct-current electricity.

Universal Motor. A series-wound motor can

be reversed by changing the direction of the

current in the rotor or in the field coils. If the

direction of current flow is changed in both

the rotor coils and the field coils, the motor

will continue to run in the same direction as

before. This fact is important because it

makes possible the use of either an alternat-

ing current or a direct current to run one of

these series-wound motors. The reversing of

an alternating current which is being used to

run a series-wound motor results in the re-

versal of the rotor poles and also of the field

poles. When both the rotor poles and the field

poles are reversed, the same repulsion and

attraction exist as were present between the

poles before the current was reversed.
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The small universal motors used to operate

fans, vacuum cleaners, and food-mixers are

two-pole motors whose rotors and field coils

are connected in series.

STUDY GUIDE

1. How is mechanical energy transformed

into electrical energy, and how is electrical

energy transformed into mechanical energy?

2. Describe the operation of a direct-

i

current motor.

3. What are the chief types of alternating-

current motors?

4. What is a universal motor?

Uses of Electricity

The Electrical Age. An understanding of

i the principles of electricity and a utilization

i of these in some practical fashion were a slow

I
development through the nineteenth century.

I

By the end of that century we were well

I
launched in that phase of the Industrial Revo-

i

lution which may be called the Electrical Age.

We may be reasonably sure that further

startling developments will mark the progress

!|

of electricity in the twentieth century,

j

The energy resources of waterfalls and

rapidly moving streams, which otherwise

[would be wasted, have been converted into

[
electrical energy by means of water turbines

! which turn the rotors of generators. Some of

I

these generators are of giant size, producing

large amounts of electricity at a high voltage,

which is transmitted many miles to points of

H;
consumption.

Both in factory and in home the motor has

ijbeen fundamental. In the one it operates

'

I

heavy machinery or fine instruments for an

I

almost endless diversity of tasks which with-

j

I out it would either be impossible or else much

more time-consuming and laborious. In the

other it operates devices which make living

more comfortable or healthful and which have

come to seem almost indispensable. These in-

i

elude the vacuum cleaner, the electric refrig-

erator, and the electrically operated oil-

'
;

burner.

But not all electrical energy which is dis-

tributed from a central power plant is recon-

verted into mechanical energy. Electricity is

used for the production of heat and light. It

is also used for the making of X rays and in

radio transmission.

Electric Heating. As we have already no-

ticed, the resistance of a conductor results in

the conversion of some electrical energy into

heat. This fact is utilized in the familiar elec-

tric iron, curling iron, toaster, and heater.

Fine wire will be raised to incandescence by

the passage of an electric current.

In some industries the electric-resistance

furnace is essential to secure the temperature

desired. Certain welding also makes use of

the same principle.

Electric Lighting. The base of an electric

lamp, or bulb, consists of two pieces of brass,

insulated from each other and fastened to the

bulb with cement. A short glass tube sealed

on the inside of the bulb carries the wires

which support the filament and also the wires

which conduct the electricity to the filament.

The supporting wires do not pass all the way
through the tube, but the lead-in wires must
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pass completely through the tube and connect

the brass terminals with the filament. (See

diagram on page 343.)

When an incandescent lamp is giving off

light, it becomes hot. The heat causes the

entire lamp, including the glass tube and the

lead-in wires, to expand slightly. If the glass

tube and the lead-in wires expand in exactly

the same amount, an airtight seal is main-

tained where the wires pass through the glass.

A slight difference in the expansion of the

glass and the wires would result in a leak,

through which gas could pass out of the lamp

or air could get into the lamp. In order to

have an absolutely airtight seal where the

wires pass through the glass tube, copper-

coated nickel-iron wire is used. This kind

of wire expands with heat exactly as much
as glass.

Either on the inside of the glass tube or

on the surface of the bulb there is a seal-

ing tip. This tip is the sealed end of a glass

tube through which air has been taken out

of the bulb, and in some cases it is the place

where some sort of gas has been put into

the bulb.

Modern electric lamps are either evacua ted

or gas-filled. Evacuated lamps have had most

of the air taken out of them so that their fila-

ments will not burn. Gas-filled lamps are

filled with a gas which will not unite chemi-

cally with the substance of the filament; such

gases are called inert. These lamps have sev-

eral advantages over the evacuated bulbs. To
some extent the gas in a lamp prevents small

particles from flying off from the hot filament.

this action of the filament being one of the

main causes of the burning out of incandes-

cent lamps. The gas carries the small par-

ticles that do come from the filament into the

neck of the bulb, where they are deposited,

but this deposit does not interfere with the

passage of the current through the lamp. The
filament can be heated very much hotter in

a gas-filled lamp than in an evacuated lamp,

and for this reason the gas-filled lamp is more

efficient.

The filaments of incandescent lamps are

made of tungsten. Tungsten filaments are

made of tungsten wire. In some tungsten-

filament lamps the wire is wound back and

forth over small supporting wires; in others

it is first wound into a very fine, tight spiral

and then fastened to supporting wires. The
size of the wire used in making filaments

depends on the size of the lamp. A small

lamp has a very fine tungsten-wire filament,

almost as fine as a hair, while a large one

has a very much coarser wire filament.

The most common method of connecting

incandescent lamps to a source of electricity

is in parallel, as shown above. A home sup-

plied with a 110-volt electric current uses

1 10-volt lamps, but the lamps need not be the

same size in all parts of the house. In a

reflector-type flood lamp in the living room

there may be a 300-watt lamp, and in the

basement or in a closet there may be a 2 5 -watt

lamp. The size of a lamp is measured in watts.
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and the wattage is usually stamped on the

outside of the glass bulb.

Neon Lights. The very bright orange-red

lights used on advertising signs are neon

lights. A neon lamp is simply a long glass

tube filled with neon gas at a very low pres-

sure. At each end of this long glass tube a

metal terminal is sealed in the glass. A high-

voltage current from a step-up transformer,

when conducted to the terminals in the glass

tube, results in a brilliant orange-red light

coming from the entire length of the glass

tube. When different kinds of gases are used

in these tubes, different colors of light are

given off. In order to get still more colors

of light, the tubes are coated on the inside

with fluorescent materials which, when the

tubes are operating on high-voltage elec-

tricity, fluoresce brilliantly.

Electric Arc. When an electric current un-

der a pressure of about 50 volts passes

through two carbon rods placed end to end,

the point of contact between the two rods be-

comes so hot that some of the carbon is vapor-

ized. The carbon vapor is a conductor of

electricity; so when the rods are separated a

little, the electricity continues to flow through

the carbon vapor, forming an arc.

Arc lamps give a very powerful light; but

since the incandescent electric lamps have

Timken electric furnace, which depends upon the electric

arc to supply the intense heat required in steel mills.

(Courtesy of Robert Yarnall Richie)

been perfected, arc lamps are used very little

for light, except in powerful searchlights and

in large motion-picture projectors.

An electric arc develops so much heat that

a temperature of between 3000° and 4000° C
is reached. Electric furnaces in which an arc

is used to supply the heat are common, es-

pecially in the steel industry, where electric-

arc furnaces produce large quantities of steel

annually.

Photoelectric Cell. Photoelectric cells are a

comparatively recent development in electric

apparatus. (One kind consists of a glass bulb

filled with argon and containing two elec-

trodes. One electrode, called the cathode,

consists of a thin layer of sodium or potassium

on the inside of the bulb. Lead-in wires sealed

in the bulb connect the electrodes to terminals

on the outside of the bulb. When the cell is

in use, the cathode is connected to the nega-

tive terminal of a battery, and the anode to the

positive terminal (see diagram above). When
light strikes the sodium or potassium elec-

trode which is spread on the inside of a photo-

electric bulb, the electrode gives off electrons.

The passage of these electrons across the bulb

to the wire anode forms a very small electric

current. This current, although very small,

is large enough to operate a sensitive relay,

or electric switch.

Photoelectric cells are used for many pur-

poses, such as ringing burglar alarms or

setting up electric currents which operate

automatic counting devices. Recently they
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have been used in telephotography and

television.

When used as part of a burglar-alarm sys-

tem, a photoelectric cell is placed in such a

position that a small beam of light shines into

the cell at all times. The beam of light sets

up an electric current in the cell. The small

current operates a sensitive relay, and the re-

lay in turn keeps an electric switch open.

When the beam of light entering the photo-

electric cell is broken by a burglar’s walking

between the cell and the source of light, the

small current from the cell is not set up, the

electric switch is closed, and the burglar

alarm is sounded.

The apparatus described above can be used

in an electric counting device to count cans

of fruit or boxes moving along on a conveyor

in a fruit-packing plant.

Light passing through the sound track on

a sound-motion-picture film falls on a photo-

electric cell. The variations of this light pro-

duce a small, variable electric current, which

is greatly amplified and sent into a loud-

speaker. In this way the sounds produced

when a motion picture is filmed can be repro-

duced in a theater.

X Ray. We are all familiar to some extent

with X rays. All the details of the manner in

which they are produced and the apparatus

used to produce them are subjects for study

by advanced science students in colleges and

universities. Nearly everyone has seen pic-

tures taken with X rays of the bones of the

body, which are used by doctors to determine

conditions inside of the body, where they can-

not be seen. A more recent development of

the use of these wonderful rays is found in

what is called a fluoroscope—an apparatus

which enables a doctor to see the movements
of the parts of the body, such as the heart, the

lungs, and the stomach. Since the discovery

of these powerful rays, doctors, engineers, and
scientists have found more and more uses for

them, and now they are used in many ways.

X rays are used for treating many kinds of

abnormal body conditions, such as cancer and
skin diseases

;
they are used for finding flaws

in metal objects, such as cannon barrels and

high-pressure tanks; and recently X-ray ma-

chines have been used with another kind of

instrument, called a stroboscope, to study the

parts of moving machinery.

STUDY GUIDE

1. Describe the use of electricity in heat-

ing; in lighting.

2. What is the principle of the photoelectric

cell? What are some of its uses?

IMPORTANT THINGS IN THIS CHAPTER

Thales, a Greek, first recorded results of

electrical and magnetic experiments about the

year 600 b.c. Gilbert, in 1600 a.d., recorded

some of his electrical experiments in a book

called De Magnete. Otto von Guericke, in

1672, constructed the first electric machine.

Franklin, in 1752, proved lightning to be

electricity and gave us the fluid theory of

electricity.

The electron theory teaches that all things

are made of atoms. The atoms are made of

electrons and protons. When an atom has

equal numbers of electrons and protons, it is

neutral; when it loses electrons, it has a posi-

tive charge; and when it gains electrons, it

has a negative charge.

Substances that will carry electrons from

place to place are called conductors. Sub-

stances that will not carry electrons from

place to place are called insulators, dielectrics,

or nonconductors.

Electrons flow from a negatively charged

body to a positively charged body, but we

always consider an electric current as flowing

from a positive charge to a negative charge.

The unit of the quantity of electricity in

charges and currents is the coulomb
;
it repre-

sents the movement, or flow, of 6.3 billion

billion electrons.

An electric-current flow of 1 coulomb each

second is equal to 1 ampere.
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J

I

' All conductors show a certain resistance to

j

the free passage of electrons through them,

jl
One ohm is about equal to the resistance of

400 feet of No. 16 copper wire.

The unit used to measure electromotive

‘ force, or electrical pressure, is called a volt.

One volt of electrical pressure applied on a

wire having 1 ohm of resistance will result in

a flow of 1 ampere of electricity through the

wire.

!

Galvani accidentally discovered the prin-

I

ciple of an electric cell late in the eighteenth

century. Volta was the first man to make an

! electric cell.

* A common voltaic cell consists of two
I dissimilar metals in an electrolyte. In the

= action of a cell one terminal has a positive

' charge, and the other terminal has a negative

charge.

!

When the positive plate of a cell becomes

covered with hydrogen bubbles, the cell is

! said to be polarized.

A dry cell has a negative zinc plate and a

!

positive carbon plate, the electrolyte is am-

j

monium chloride, and the depolarizing ma-

I
terial is manganese dioxide.

^ Charging a storage cell changes its plates

i| chemically. A charged storage cell consists

i essentially of several positive plates of lead

,

peroxide, several negative plates of spongy

[

lead, and an electrolyte of dilute sulfuric acid.

i The plates of a discharged lead-plate cell are

; covered with a layer of lead sulfate.

: The voltage of a group of cells connected

I in series is about equal to the sum of the volt-

ii ages of all the cells. The amperage of a group

||
of cells connected in series is about the same

ii as the amperage of one of the cells.

The voltage of a group of cells connected

in parallel is about equal to the voltage of a

^ single cell. The amperage of a group of cells

connected in parallel is about equal to the

I

sum of the amperages of all the cells.

j

Connect cells in series to get a high-voltage

current. Connect cells in parallel to get a high-

amperage current.

The characteristics of a magnet are its two

poles and its magnetic field, through which

magnetic lines of force run. Magnetic lines

of force circle a conductor carrying an electric

current.

The magnetic field around a loop of wire

carrying a current of electricity is like that

of a bar magnet. A coil of wire carrying a

current of electricity has a stronger magnetic

field than a single loop of wire. An increase

in the amperage of the current in a wire

strengthens the magnetic field around the

wire.

When the right hand of a person is placed

on the same side of a wire as a compass, with

the palm toward the wire, and the fingers are

extended in the direction in which the north

pole of the compass points, then the extended

thumb points in the direction in which the

current is flowing in the wire.

The strength of an electromagnet depends

on the product of the amperage of the current

and the number of loops of wire.

An armature is a piece of magnetic material

between the poles of a magnet which serves

as a good pathway for magnetic lines of force

between the poles of the magnet.

A relay is an electrically operated switch

which can operate on a very small electric

current.

An electric bell or buzzer consists of a

horseshoe magnet and an armature. The
armature forms a part of the electric circuit

of the instrument. Its movements result in

the turning off and on of the electric current,

which produces the ringing of the bell.

An electric current is formed in a conduc-

tor when it moves through a magnetic field.

Lines of force formed around a wire moving

through a magnetic field are in the same direc-

tion as the lines of the field on the same side

of the wire as the point toward which the wire

is moving.
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The electric current in a loop of wire rotat-

ing in a magnetic field flows in one direction

half of the time and in the opposite direction

the other half of the time.

A loop of wire rotating in a magnetic

field has a varying electric-current strength

because during a part of its rotation it cuts

lines of force rapidly and during other parts

of its rotation it cuts only a few lines of

force.

A pair of slip rings on the shaft of a simple

electric generator is used to connect the rotat-

ing wire loop to an external circuit. As a re-

sult of this type of connection, an alternating

current flows in the external circuit.

A commutator on the shaft of a simple elec-

tric generator is used to connect the rotating

wire loop to the external circuit when a direct

current of electricity is desired in the external

circuit.

The strength of the electric current pro-

duced by a generator can be increased by in-

creasing the speed of the rotor, increasing

the number of wire loops on the rotor, and

increasing the strength of the magnetic field

of the generator.

An induction coil consists of two coils

wound on a single core. The first, or primary,

coil is connected through an automatic circuit-

breaker. The starting and stopping of the

current in the primary results in the formation

of a current in the secondary coil.

Choke coils are used to control the flow of

alternating-current electricity. They consist

of a coil of wire with a movable core. The
choking effect of the coil is increased when
the core is thrust into the coil and decreased

when it is withdrawn.

Transformers are used either to increase

or to decrease the voltage of an alternating

current.

A rectifier is used to change alternating-

current to direct-current electricity.

A tungar rectifier depends for its operation

on the passage of an electric current across

an evacuated bulb when a hot filament in the

bulb is charged negatively. This filament is

negative only when the alternating current

passing to the bulb is flowing in the desired

direction.

Mechanical rectifiers depend for their op-

eration on a motor-driven commutator which

changes the direction of half of the alternat-

ing current flowing to them and allows the

other half to flow through without changing

its direction.

A condenser consists essentially of two

conductors separated by a dielectric. The
function, or use, of a condenser is to store

electric charges. A farad, the unit of capacity

of a condenser, is a charge of 1 coulomb of

electricity under an electrical pressure of

1 volt.

A D ’Arsonval galvanometer consists of

a rotating coil of wire in the field of a

permanent magnet. A direct-current volt-

meter is a D’Arsonval galvanometer with

a high-resistance wire connected in series

with the coil. A direct-current ammeter is

a D’Arsonval galvanometer with a low-

resistance wire connected in parallel with

the coil.

An ammeter is connected in series with the

apparatus through which the current to be

measured is flowing.

A voltmeter is connected directly to the

terminal of a source of electricity to deter-

mine the electrical pressure of the source. A
voltmeter, used to determine the effect on the

electrical pressure of some electric apparatus

in a circuit, is connected in parallel, or in

shunt, with that apparatus.

The watt is the unit used to measure elec-

tric power. The product of the voltage and

amperage of a current is equal to the watts

of power.

The resistance of a wire depends upon its

length, cross section, and composition.

The heat produced in a circuit depends

upon the amperage and the resistance.
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Fuses are used to prevent too large a cur-

J rent from flowing in a circuit. A fuse is made
I'l of a piece of lead-tin alloy metal in some sort

i of container.
'11

Ij The size of wire to use in any circuit de-

jj

pends on the amount of electricity that the

*

wire will have to carry. In wiring jobs an

electrician always uses a size of wire that will

ij carry safely the current which is to pass

jj

through it.

:j

The insulation used on electric wires must

i

be able to withstand all the wear and use to

which it is going to be subjected, without

breaking down in any way.

(j

In house wiring a number of devices are

p
used to insulate the wires in addition to the

!|
insulation on the wires themselves. Among

[i these are porcelain tubes, porcelain knobs,

ii loom, tape, conduit pipe, and paint.

j

A wire carrying a current through a mag-

netic field will move away from a point where

> the magnetic field around the wire is in the

same direction as the lines of force of the field

of magnetism. A loop of wire carrying a cur-

rent in a magnetic field will, if free to turn,

rotate until the magnetic poles of the loop are

as close to the poles of the field as possible.

The rotor and field coils of motors may be

connected in parallel, in series, or in a com-

bination of parallel and series connections.

Changing the direction of the flow of elec-

tricity in a motor in such a way as to change

the polarity of either the rotor or the field

will cause the motor to turn in the opposite

direction.

;

A series-wound motor will operate on

' either alternating-current or direct-current

I

electricity.

A photoelectric cell depends for its opera-

tion on the giving off of electrons by one of

its two electrodes when light is shining on it.

These electrons pass across the tube to the

other electrode, thus completing an electric

circuit. The circuit thus completed operates

a relay, and the relay in turn closes a second

circuit, in which is located a burglar alarm,

electric counters, or other electric devices.

AFTER YOU FINISH THIS CHAPTER

1. What do you think is the most valuable

electric device invented? Give reasons why
it is more valuable than other great electric

inventions.

2. What reasons can you give for consider-

ing the direction of flow of an electric current

to be from positive to negative when the elec-

tron theory teaches us that electrons flow

from negative to positive?

3. Is alternating-current or direct-current

electricity more commonly used in our homes?

4. If two suspended pith balls were at-

tracted toward each other, and you knew that

one of them had an electric charge, would

their attraction prove that the other ball was

charged? Give reasons for your answer.

5. If a negatively charged rubber rod re-

pelled a suspended pith ball, would the repul-

sion prove that the ball was charged?

6. Would an increase in the voltage of the

electric current in a circuit result in an in-

crease in the flow of electricity?

7. Do the two metal plates of a galvanic

cell have electric charges like those described

on page 293?

8. If one dry cell furnishes a direct cur-

rent of electricity with a strength of 15 am-

peres and an electrical pressure of 1.5 volts,

what would be the current strength and elec-

trical pressure of three such cells connected

in parallel? What would be the current

strength and electrical pressure of eight such

cells connected in series?

9. Make a diagram showing how you

could connect eight dry cells like those of the

preceding problem in order to get a current

strength of 30 amperes and an electrical

pressure of 6 volts.

10.

Would it require more power to oper-

ate a dynamo which was furnishing electricity

to a group of electric lamps than to operate

the same dynamo when it was not connected

to any electric apparatus? Explain.
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11. Describe the magnetic field which

would exist near a wire carrying alternating-

current electricity. How would it be different

from the field about a wire carrying direct-

current electricity?

12. Give one good reason why the rotating

coils of an electric generator are wound on

iron cores.

13. How could you determine which way a

rotating coil would move if it were placed in

a magnetic field and a direct current of elec-

tricity were connected to it?

14. Explain in detail why the armature of

a motor rotates.

15. If two wires were placed parallel to

each other, 1 inch apart, and then connected

in parallel to a battery, would the wires

repel each other or would they attract each

other?

16. When is a voltmeter used in series in a

circuit, and when is it used in parallel, or

shunt?

17. If you wanted to make a transformer

that would reduce the voltage of the current

from 110 volts to 10 volts, how many turns

of wire would you place in the primary and

in the secondary coil?

18. Make a diagram of an electric circuit,

including in the diagram a condenser and two

other pieces of apparatus, as well as connect-

ing wires. One of the pieces of apparatus is

to operate on direct current only. The second

piece of apparatus will operate on either al-

ternating current or direct current. Arrange

the wiring so that only the first piece of ap-

paratus will operate when direct current is

sent through the circuit and both pieces of

apparatus will operate when alternating cur-

rent is sent through the circuit.

19. Why is it that a choke coil will stop

the flow of a high-frequency current but will

not interfere with the flow of a direct current

of electricity in a circuit?

20. Make a diagram showing how an elec-

tric current which is produced in a power-

house at a pressure of 440 volts is changed so

that it may be connected to 110-volt lamps
in a home.

21. What is the advantage to the people of

the United States in having electric current

for home use furnished usually at 110 volts?

22. If the drop in the pressure of an elec-

tric current due to an electric motor in the

circuit is 50 volts, and there are 2 amperes of

current flowing through the motor, what is

the resistance of the motor?

23. What is meant by a 110-volt incan-

descent lamp? What would happen to a lamp

of this kind if it were connected to a 220-volt

electric circuit?

24. What would be the result of connect-

ing a 220-volt incandescent lamp to a 1 10-volt

electric circuit?

25. If you were standing under a wire

carrying a direct current of electricity in a

northerly direction, which way would the

needle of a compass held in your hand point?

26. If a compass needle on the south side

of a vertical wire carrying a direct current of

electricity points in an easterly direction, is

the current flowing up or down the wire?

27. Where should you have to place a

compass near a wire carrying a current from

north to south in order to have the north pole

of the compass needle point in a westerly

direction?

28. How would a compass needle act near

a wire carrying an alternating current of

electricity?

29. Which would require the larger wire,

the electricity flowing to the lighting system

of a house or that flowing to an electric

cookstove?

30. Make a diagram of the apparatus that

could be used to count the number of people

who pass through a door in one day.

31. Give reasons why the electric wiring in

homes is generally broken up into several

circuits.

32. Make a group of labeled diagrams

showing different kinds of electric-wire

insulation.

33. What is the insulating material used

on wires inside a telephone cable? on bell

wires? on house wires? on lamp cords? on
transformer windings?
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LEISURE-TIME ACTIVITIES

1. Find out how a jeweler demagnetizes a

watch.

2. Place a compass in a glass dish and

determine whether a magnet under the dish

will attract the compass needle. Repeat the

experiment, using an iron dish in place of a

glass dish.

3. Examine the lights of an automobile to

determine how they are connected to the

battery.

4. Construct a galvanic cell with materials

which you can find in your kitchen at home.

5. Examine and describe the condenser

that you have in your radio receiving set at

home.

6. Obtain an old automobile ignition coil

from a garage. Take the coil apart and ex-

amine it thoroughly; then make a diagram of

each part and explain its use.

7. Examine commercial transformers to

determine how the coils are placed on the

core, the shape of the core, the methods of

keeping it cool, and the types of terminals

used. Electric shops, telephone exchanges,

and power stations are places where trans-

formers can be seen and studied.

8. Consult a house-wiring contractor to

find out the regulation governing the number

of watts which should be used in any branch

circuit of a home, the number of outlets per-

mitted on each branch, the size of wire that

must be used, the size of fuse used in each

branch, and the size of fuse used in the main

lines.

9.

Examine the branches and outlets of

your own home to determine whether all regu-

lations are being observed in operating elec-

tric devices there.

10. Examine electric appliances at home to

see whether they are of good or poor quality.

Look for the following good qualities in each

appliance:

Solid and sturdy means of connecting the

plug to the appliance.

Thorough insulation of the heating

element.

Complete protection of the heating element

from all kinds of injury.

Protection against electric shocks while the

appliance is in use.

1 1 . Read the watt-hour meter in your home
on a Saturday morning, and one week later

read the meter again. How many kilowatt-

hours of electricity are used in your home in

one week?

12. Examine with as much care as possible

first a small universal motor, like one used

on a food-mixer, fan, or sewing machine, and

then larger motors, like those used to operate

lathes, drill presses, or pumps. Observe the

plates on the side of the motors. Write down

a list of the ways in which the motors are

similar and the ways in which they are

different.

13. Examine a motor-generator set in a bat-

tery station or at a telephone exchange. While

examining the generator try to determine the

use of each part which you can see.
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11 SCIKNCE IN COMMUNICATIONS

TKe TelepKone

Sending Messages. Runners were probably

the first to carry messages. But runners some-

times did not reach their destinations. In the

;

African jungles there is a speedier method of

communication between tribes. One tribe has

developed a method of using two drums, one

of high pitch and one of low pitch. The com-

bined tones of the two drums sound somewhat

like the speech used by that tribe. They can

be heard and understood over amazing dis-

tances.

The smoke telegraph was used by the

j

American Indians. Smoke indicated, in those

j

days, the presence of man. In certain places

I

it would tell that men were friendly, but in

: other and unexpected places it might indicate

J a foe. A blanket, alternately held over the fire

and removed, produced puffs of rising smoke

i

arranged in an understood code. Both the

[

drum and the smoke telegraph have carried

information over long distances more quickly

than a runner could have.

An arrow dipped in pitch and shot flaming

\
into the air was a forerunner of the modern

signal rocket. A lantern signaled Paul

Revere’s famous ride. Beacon fires told of the

fall of Troy. It is said that Alexander the

I
Great relayed messages by the use of huge

I megaphones that threw the voice for many

? miles. In 1588 fires on hilltops and in towers

i warned London and the rest of England of the

approach of the Spanish Armada.

In 1690 Amontons, a young Frenchman,

devised a scheme for sending messages. He

painted large letters or messages on flags or

! on large placards. These were placed so that

I

they could be read from a distance through a

,

telescope.

I

The American Congress in 1776 provided

' a means for the communication of intelli-

I

gence. A rider was to be placed on every 25-

i mile to 30-mile stretch of highway; he was

to ride over his stretch three times a week.

On the receipt of a message he was to travel

without stopping until he had delivered it.

In 1793 Claude Chappe, a young French

engineer, set up a device for signaling. A cross-

arm, the position of which was adjustable,

carried other arms on each end which also

could be set in different positions. He called

it a semaphore telegraph. The semaphore was

widely used as a military signaling device.

Some idea of the difficulty of getting word

from one part of this country to another in

the early part of the nineteenth century is

shown by a trip made from Astoria, a trading

post settled by John Jacob Astor in the

Oregon country. On June 29, 1812, five men
started from Astoria to St. Louis across the

wilderness of western America. Ten months

later, on April 30, 1813, five weary men
struggled into St. Louis on foot. Their horses

had been stolen by Indians, and they had

undergone extreme suffering on their long

journey.

Man has constantly exerted effort to make

more rapid and more sure the means of com-

munication. We have already seen how the

electromagnet is used in the telegraph. The

clicks made when the circuit is opened and

closed made possible the development of a

code and the transmission of messages based

upon it.

Speech Takes to Wires. In June, 1875, Alex-

ander Graham Bell was working on what he

called a harmonic telegraph, which used a

combination of tuned vibrating springs in

transmitter and receiver. Accidentally one of

the springs in the transmitter was set in vibra-

tion, and the spring at the receiving end also

vibrated in response. The circumstance led

to the invention of the telephone.

From this start Bell and his assistant

Watson developed a telephone instrument

that same month. It is hard for us to compre-

hend the thrill that came to these two men
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when Bell spoke into the instrument and

called Watson to him, and Watson, listening

at a similar instrument in another room,

heard.

The modern telephone, developed from

these first crude instruments, consists essen-

tially of a transmitter and a receiver. In the

transmitter the air vibrations produced by the

voice cause an aluminum disk, or diaphragm,

to move back and forth. A small cup filled

with carbon granules is behind the diaphragm,

as shown above.

The motion of the diaphragm causes a con-

tact attached to it either to press the carbon

granules together or, when the motion of the

diaphragm is outward, to reduce the pressure

on the granules. A steady direct current flows

through the carbon granules. But the motion

of the diaphragm constantly changes the pres-

sure against them. This changes their resist-

ance to the flow of current. The steady direct

current is then changed into a pulsating direct

current, the character of which is similar to

that of the voice waves. This current flows

through the primary of a transformer and in-

duces a like current in the secondary, which

operates the receiver.

In the receiver is a long horseshoe magnet,

as shown below. On the ends of the magnet

are wound coils of insulated wire. The mag-

net is enclosed in a shell. A soft-iron dia-

phragm rests on the end of the shell a very

small fraction of an inch from the ends of the

magnet. The diaphragm is held in place by the

magnetism of the cores and the receiver cap,

which screws on the case over the diaphragm.

The diaphragm is caused to move when

currents of varying strength flow through the

electromagnet’s coils. When a current flows

through the coils in one direction, the electro-

magnets add to the pull of the permanent

magnets and draw the diaphragm closer to the

ends of the cores. But when the current flows

in the opposite direction, the electromagnets

set up a magnetic field which opposes and

weakens the field of the permanent magnets.

The diaphragm moves away from the cores.

When the current flow is steady, the pull of

the cores keeps the diaphragm under a light

pull.
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The motion of the diaphragm sets up air

vibrations which correspond to the current

pulsations coming to the coils from the trans-

mitter over the line. The air vibrations caused

by the motion of the diaphragm escape as

sound waves through the receiver cap.

The Telephone System. A telephone system

common in rural districts uses what is known

as the bridging-type telephone set. The sets,

or instruments, are connected in shunt or are

bridged across a two-wire line. Sometimes

one wire is used for the line, and the return is

made by a ground connection at each instru-

ment.

This type of set consists of a transmitter

and its battery, a receiver, connections to the

line, and a switch connected to the receiver

I

hook, which switches off the batteries in the

j

telephone set when the set is not in use, and

which turns on and off the talking-and-

listening circuit. (See diagram above.)

When a person wishes to call another per-

son, he rings the proper number of times to

get a response from that person by turning

' the crank on the instrument. The crank is

! connected to a magneto, which generates a

j

low-frequency alternating current. As the

I current flows through the line, it rings an elec-

!
trie bell on each telephone that is connected

receiver. This connects the battery to the

transmitter circuit and connects the receiver

in series with the line and the secondary of the

induction coil.

When the other person lifts the receiver on
his instrument, he makes the same connec-

tions, and it is now possible to talk over the

line. When either person speaks into the

transmitter, current pulsations flow in the

primary of the induction coil.

The induction coil is used to separate the

line circuit from the transmitter circuit. The
transmitter is wired in series with the primary

coil, and the line is connected to the secondary

coil. The pulsating direct currents set up by
the transmitter in the primary circuit are

changed to alternating currents of higher

voltage in the secondary and in the line.

The popularity of this type of telephone set

is due to the ease with which it can be installed

and maintained. It is relatively inexpensive,

both the sets and the line. It has, however,

many disadvantages. When the crank on any

magneto on the line is turned, all the bells

ring, so that anyone on the line can listen.

In the common battery system both mag-

neto and batteries at the subscriber’s set are

done away with, since power is supplied from

storage batteries at the central office, and the

central operator does all the ringing. A direct
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Induction

\ coil

current carries the speech on this kind of set,

but ringing is done by a 20-cycle alternating

current. A condenser in each telephone set

keeps the direct current from flowing through

the ringer and helps the action of the induc-

tion coil (see the diagram above). When the

receiver is on the hook, the alternating current

flows to the ringer, through a 1-microfarad

condenser. When the receiver is lifted off the

hook, connection is made, so that the trans-

mitter is in the circuit and the subscriber can

talk over the phone.

Let us consider a central office to which

many lines are connected. A direct current

from the central office is connected to all the

lines. But the circuit is open in each line be-

cause the receivers on their hooks break the

circuit and no current flows. Now when one

party lifts his receiver, the hook on his tele-

phone rises and closes the circuit, and the

direct current flows through the line, lighting

a lamp at the central office. The central op-

erator now plugs her listening set to the line

and asks for the number that the party wishes

to call. The listening circuit is separate from

the main line and is used only while making

connections between parties.

The central operator then plugs from the

party calling to the line that reaches the party

being called. Pushing the plug into the jack on

the switchboard connects the 20-cycle alter-

nating current, which rings the bell for the

party being called through the 1 -microfarad

condenser. The operator then disconnects the

listening circuit. The plug also opens contacts

which cut the direct current off the line while

the ringing alternating current is on the line.

Weak currents are used on the switchboard

and listening circuit. The connection made
by the plug causes relays to operate. A com-

plicated system of relays performs the many
switching and ringing operations entirely

Number, please! A modern telephone switchboard

Robert Yarnall Richie



automatically. When the plug is pushed into

the jack, a choke coil at each set helps to

keep the alternating ringing current out of the

transmitter and the receiver. When the ring-

ing key is released, relays again operate, and

the direct current is cut back on the line.

Talking is done over a direct current.

Automatic Telephone. A telephone system

which automatically does all the switching at

the central office is now common. A dial with

ten finger holes around its rim is used on the

subscriber’s telephone. Each hole is marked

with a number and letters. To make a call

the subscriber turns the dial by placing his

finger consecutively in the holes that corre-

spond to the letters and numbers of the person

he is calling. The dial is turned until the finger

reaches a fixed stop. When released, the dial

returns to its original position at a steady

speed, making and breaking the current the

proper number of times for the letter or num-

ber that was dialed.

A highly complicated system of relays is

thrown into operation when the subscriber

first lifts the receiver. Several operations im-

mediately occur in the automatic machinery.

Rotating arms make contacts which, when

completed, cause a hum to be heard in the

receiver. This hum indicates that the circuits

are complete, or "ready,” and the number

may then be dialed.

As each number and letter is dialed, con-

tacts are moved into position automatically,

one after another, until the switching and con-

necting operations are completed. The ma-

chine then rings for the other person. It

continues to ring until he answers or until

the person who called hangs up. When the

line is busy, a recurring buzz comes over the

line. A person not familiar with the operation

of this system can call the central operator

and get the desired number, as in the common
battery system, previously described.

The dial system saves the labor of tele-

phone operators, thus reducing the cost of

operation. It also saves time for the person

who uses the telephone. For these reasons the

American Telephone & Telegraph Co.

A part of the complex mechanism at the central office

of a dialing system

dial system is growing ever more popular, and

promises ultimately to supplant the older

system entirely in cities and towns.

STUDY GUIDE

1 . What were some of the earlier means of

sending messages?

2. What led Alexander Graham Bell to turn

his attention to the development of a telephone

instrument?

3. Describe the parts of a telephone trans-

mitter and tell the function of each part

Likewise describe the construction of a tele-

phone receiver and state how it operates.

4. Describe the mechanism of the bridging

type of telephone, common in rural districts.

5. Give a detailed account of all that hap-

pens and how it happens from the time that

you give central a telephone number to the

moment your party answers.

6. Describe an automatic telephone system.

Mention some of its advantages and dis-

advantages.
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Radio

Columbia Broadcasting Co.

Broadcasting tower near Wayne, New Jersey

Radio Waves. We know little about the

exact nature of radio waves. We do know that

a transmitting, or broadcasting, station sends

out a disturbance called electromagnetic

waves and that these move through space fast

enough to encircle the earth at the equator in

one seventh of a second.

To collect energy from these radio waves

we use a wire, called an antenna, or aerial, sus-

pended above the ground. The antenna col--

lects the energy as weak alternating electric

currents. It is insulated from the earth so that

none of the collected energy will leak off the

wire into the ground. The surges of these cur-

rents follow accurately the strength variations

of currents produced when an artist sings into

the microphone at the broadcasting station.

The alternating current that flows in the

wire surges back and forth at a frequency of

between 500,000 and 1,500,000 cycles a sec-

ond, depending on the broadcasting station

that is sending out the radio wave. All fre-

quencies of over 20,000 cycles a second are

radio frequencies.

The most sensitive practical method of

changing electric currents into sound is the

telephone receiver. But if we connect a sen-

sitive receiver between the antenna and the

ground, we hear no sounds. Why will not this

radio frequency picked up by the antenna

operate the earphone? One reason is that

the metal diaphragm is too heavy to vibrate

1,000,000 times a second. But even if the

diaphragm could move so fast, we still should

not be able to hear a sound, for our ears will

hear only sounds that have a frequency of

from 16 cycles to about 20,000 cycles a sec-

ond. Vibrations of from 16 cycles to 20,000

cycles a second are called audio frequencies

because we can hear them.

Crystal Rectifier. Let us see if a direct cur-

rent will carry the voice satisfactorily. When
we connect a simple telephone system, con-

sisting of a telephone transmitter and a re-

ceiver, to a 6-volt transformer, as shown in
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f

diagram A above, all we can hear is a loud

ii
hum. We cannot hear in the earphones the

I words spoken into the transmitter. But if

! we connect the system to a storage battery

(see diagram J5)
,
we hear perfectly in the ear-

phones the words spoken into the transmitter.

The sound waves of the speaker’s voice are

^ changed by the transmitter into pulsations of

;|
direct current. The strength of the direct-

|l current pulsations corresponds to the strength

= of the sound waves. As these pulsations flow

i through the coils, they produce sound waves

[
like those made by the speaker’s voice,

j
To produce speech and music, then, the

sound-producer operates best on a direct cur-

? rent. Alternating currents in an aerial circuit

'i can be changed into direct currents by the

;

' '

use of a crystal rectifier. This rectifier con-

sists of a fine wire spring, called a "cat

whisker,” which rests lightly on a small crys-

tal of galena or silicon. When this fine point

touches certain spots on the crystal, a current

flows easily through the rectifier in one direc-

tion, but the resistance is so high that none

can flow in the other direction. When we wire

the rectifier in the circuit, as shown on

page 362, we can hear music in the earphones.

The alternating current surging in one direc-

tion flows easily through the rectifier, but the

surges in the other direction cannot flow

through the rectifier and are forced to flow

through the earphones. Now we have a pul-

sating direct current flowing through the ear-

phones. The rectifier has cut off half of the
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radio-frequency surges, leaving a pulsating

direct current which produces sound.

As one pulsation flows through the coils of

the earphones, it exerts a tiny pull on the

diaphragm. The next pulsation pulls down
the diaphragm a little farther. Each pulsa-

tion adds to the pull. From 16 to 8000 of

these single pulls occur each second. The
motion of the diaphragm is slow enough to

produce sound waves that we can hear.

The crystal rectifier has changed the radio-

frequency alternating current into a direct

current that will operate the earphones. This

current-control device is called a detector.

Tuning. We can now hear music fairly well,

but sometimes the sounds from several sta-

tions come in together. We can hear no station

as loudly or as clearly as we wish.

Each broadcasting station sends out radio

waves at a frequency assigned by the Federal

Communications Commission, which requires

that each station build the coils and condenser

of its tuning circuits in a size that will trans-

mit radio waves of the assigned frequency.

An antenna picks up waves from many sta-

tions. Each radio wave sets up in the wire an

alternating current differing in frequency

from that of other stations. The set must,

then, be arranged in some way so that we can

select the music from the chosen station. We
call this selective process tuning. The sim-

plest receiving set is shown in the diagram at
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the foot of page 362. It is operated by turn-

ing the variable condenser. When the plates

are set together, we hear low-frequency sta-

tions. When we turn out the plates, we hear

high-frequency stations.

Currents induced in the secondary from the

aerial circuit surge from one set of condenser

plates through the coil to the other set. When
the condenser is set, only one frequency can

flow in the tuning circuit. Let us call the

station with this frequency Station A. The
surges from Station A have just time to fill

one set of plates and start back through the

coil before the current in the antenna reverses

and gives the secondary surge a helping push.

This current builds up in strength, helped by
the current induced from the antenna and by
the surging effect in the tuning circuit.

When a higher-frequency current, from

Station B, starts to flow in the secondary

tuning circuit, the surges do not have enough

time to fill the condenser plates before the

aerial current reverses and induces a current

in the secondary that flows in the opposite

direction. Then one current cancels the other,

and we hear no music from Station B.

When the lower-frequency current, from

Station C, starts to flow through the second-

ary, the surges occur slowly enough for the

plates to fill and to produce sufficient back

pressure to oppose the current from the sec-

ondary. The plates are set so that there is not

enough capacity for this frequency. Again,

as from Station B, the surge cannot build up

enough power in the tuning circuit to operate

the detector; as a result. Station C is silent.

Vacuum Tube. The crystal detector is bet-

ter suited for use in the laboratory or for

amateur experiments than for practical serv-

ice in a set designed to produce music for

enjoyment in our homes. It has found little

use except by experimenters interested in

radio as an amusement, the military services,

and some commercial companies. Shipping

companies saw the value of this new method

of keeping in contact with their ships at sea;

yet the vibration of the ship’s engines made

the crystal-detector receiver a most unsatis-

factory receiving arrangement. None of the

experimental radio-telephone systems proved

practical. The receiving set that used the

crystal detector and earphones was never a

practical listener’s set. Something was needed

to take the place of the crystal detector.

In 1884 Thomas Edison, while experiment-

ing with electric lights, discovered that a cur-

rent of electricity would flow from the fila-

ment of an ordinary light bulb through the

vacuum to an extra wire sealed in the bulb.

But he found that the current would flow only

when a battery was connected between the

filament and this new wire. This seemed

strange to the inventor because there was no

connection between the new wire and the fila-

ment inside the bulb; but, busy with other

experiments, he did nothing to learn why the

current would flow through the vacuum from

one wire to another. (See diagram above.)



Complete tube

Some twenty years later, in 1904, Fleming,

a British scientist- saw a use for this so-called

Edison effect in the radio circuit. He built a

light bulb with the usual filament, but added a

curved metal plate in place of Edison’s extra

wire, connecting it in the receiving circuit in

place of the crystal detector. This early form

of rectifier marked the beginning of a tremen-

dous advance in radio.

Soon De Forest, an American inventor, ex-

perimenting with a similar lamp, found that

he could improve the action of this detector

by building into the bulb a third part, or ele-

ment, in the form of a grid of fine wire placed

between the filament and a cylinder built

around the filament. By adding a grid, the

vacuum tube can be made to act as a control

valve. The current in the secondary no longer

flows through the earphones; instead, it pro-

duces an alternating voltage on the grid which,

in turn, controls a much stronger current,

which flows steadily through the tube. From
this basic idea our modern radio receivers and
great broadcasting systems were developed.

Tubes have passed through years of ex-

haustive research and improvement. Once

made by hand, tubes are now manufactured

by automatic machinery which turns out

thousands a day. At first tubes were unreli-

able and difficult to operate on account of the

gas left in the bulb during manufacture and

because of the movement of the parts of the

tube; but better material, years of painstak-

ing research, and refined manufacturing

methods have produced a tube that is a mar-

vel of science.

In manufacturing a vacuum tube the air

in the bulb is pumped out through a small

glass tube which is connected to a special

type of vacuum pump in the automatic tube-

making machine. When practically ail the air

has been pumped out of the bulb, this small

glass tube is heated and sealed shut. The

machine then moves the tube past a coil of

heavy wire which carries a strong high-

frequency alternating current. The magnetic

field from this coil sets up currents in the

wires and other metal parts of the tube as it

passes through the field. These currents heat

the wires and drive out any air remaining in

the pores of the metal. The heat also ignites

a small piece of magnesium placed in the tube
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for this purpose. As the magnesium burns, it

uses up all the air remaining in the tube. The
action is known as getting, and the magnesium
is the getter.

If you break the glass and examine the

metal parts inside a vacuum tube, you will find

that each element is held rigidly in place by
wires sealed in the glass stem (see diagrams on

page 3 64) . The metal expands just as the glass

does when heated. This makes a tight joint

through which no air can leak into the tube.

The supports are welded to each tube element.

In the dome of the tube a mica spacer

rigidly holds the top of the elements in place,

but none of the elements are connected to one

another. A wire from the grid and a separate

wire from the plate are each connected to a

small prong on the base of the tube. The wires

from the filament are connected to two larger

prongs on the base of the tube. Prongs of

different sizes are used so that the tube can

be put into the socket in only the correct way.

Filament and Plate. The filament now used

in tubes is made of monel metal, an alloy of

nickel, copper, cobalt, iron, and titanium

with a white coating of barium and strom

tium oxides, which are very rich in electron-

emitting materials. The filament is heated to

a red heat by the current from a storage bat-

tery, called the A battery. A rheostat, or

resistance, is connected in series with the bat-

tery and the filament, to control the amount

of current that flows through the wire (see

diagram^ below).

When the rheostat is turned so that it is

on the resistance wire, the current from the

A battery flows through the filament. We can

see the light from the heated filament, but not

the tiny electrons boiling off the hot wire.

They form an invisible electron cloud around

the wires. The air has been pumped out of the

tube, so that the electrons can speed through

the space without interference; any air mole-

cules would slow up the motion of the elec-

trons and cause poor tube operation.
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The large metal part of a vacuum tube,

called the plate, is made of nickel, tungsten,

or molybdenum.

B Battery. The B battery draws electrons

from the plate and thus makes the plate posi-

tive ( see diagram B on page 365). As the posi-

tive plate pulls electrons from the filament, a

current of electrons flows to the positive ter-

minal of the B battery. A current of electrons

will flow through a vacuum tube from a hot

filament only when the plate is positive.

The current of electrons that flows from

the filament to the plate is called the plate

current. We can force more current through

the tube by making the filament hotter. More
current flows through the vacuum tube with

an increase of the B voltage. With this in-

crease in voltage, the plate pull grows stronger

and can pull more electrons from the filament.

When we cut down the B voltage, less current

flows. The B-battery voltage can be made so

strong that it will take all the electrons that

the filament can supply. No more electrons

can then flow through the tube, even though

the B voltage is made still stronger. It is well

to remember this when we try to make radio

music louder by increasing the B voltage.

Grid. The grid is put into the tube to con-

trol the flow of electrons from the filament to

the plate (see diagram on this page). The
positive grid wires pull electrons from the

filament. But few of the electrons hit the

small grid wires, and the rest speed past the

grid to the plate. The pull of the positive grid

helps the pull of the plate to force more elec-

trons through the tube.

Electrons on the grid of the tube control

the strength of the current that flows from the

filament to the plate of the tube and on to the

B battery. In one type of tube a few volts

on the grid can control 90 volts on the plate.

The Receiving Set. A receiving set can be

improved if its crystal detector is replaced by

a vacuum-tube detector. When this is done,

the receiving set is tuned by a variable con-

denser shunted across the coil, as was the crys-

tal set. When we turn up the rheostat to heat

the filament, the tube is in operation. As we
tune the set, we can hear stations that sounded

too faint to enjoy with the crystal set, and all

the stations sound louder. This increase in

volume comes from the use of the power of

the B battery to operate the earphones. The
detector tube does not get jarred out of ad-

justment, as the crystal detector did.

Before we tune our set to a station, we
hear no sound in the earphones. How does

a vacuum-tube detector make the radio-

frequency surges in the tuning circuit into an

audio-frequency current in the plate circuit

that will produce sound as it flows through

the earphones? When we tune a set into res-

onance with the station we wish to hear, an

oscillating current surges through the tuning

circuit. Its frequency is the same as that of

the broadcasting station. Electrons surge to

the grid of the tube from the tuning circuit.

There is now a radio-frequency alternating

current surging on and off the grid.

The steady flow of current through the

coils of the earphones pulls the diaphragm

toward the cores and holds it as long as the

current flows. But when the grid is made

negative by the radio-frequency surges, it cuts

down the plate current, and the diaphragm

moves away from the pole pieces. This pro-

duces a sound. When the grid is positive,

more electrons reach the plate, and the dia-

phragm is pulled closer to the pole pieces.

This also makes a sound. These motions of

the diaphragm are faithful reproductions of



the sound that was picked up by the micro-

phone in the broadcasting studio.

This completes the description of the four

fundamental parts of a receiving set. We know
how an antenna picks up radio-frequency

currents. We know how to select one current

by tuning. We know how a crystal or vacuum-

tube detector changes the alternating current

to direct current. We know how the direct

current produces sound in the earphones.

Now let us learn how this simple set can be

improved so that it will be more useful.

The Audio Amplifier. Music from a one-

tube set can be made much louder by using a

second tube. We use the power of a second

B battery to increase further the volume of

the music.

Examine the circuit of the audio amplifier

as shown in the diagram below. We connect

the detector-plate circuit to the amplifier-grid

circuit through a small step-up transformer.

When the detector-plate current flows through

the primary winding of the audio transformer,

it induces an alternating current in the sec-

ondary winding.

An alternating current flowing through a

transformer primary induces a current in the

secondary, but how does the direct plate cur-

rent induce an alternating current in the

transformer secondary? When the strength

of the direct current in the primary is chang-

ing, a current is induced in the secondary. We
then hear a sound in the earphones. A steady

direct current flowing through the trans-

former primary will produce no current in the

secondary winding, and we hear no sounds in

the earphones connected to the secondary.

The amplifier tube operates in nearly the

same way as the detector tube. The induced

alternating current in the audio-transformer

secondary drives electrons on and off the grid

of the amplifier tube in audio-frequency

surges. These alternating-current surges are

much stronger than the surges on the detector

grid. The changes in the amplifier-plate cur-

rent are much more pronounced than in the

detector, and the music from the amplifier is

louder. The current from the one-tube am-

plifier is strong enough to operate a loud-

speaker, but it is better to use earphones,

especially for weak stations.

As we have amplified the music by adding

power, we have produced thousands of times

the strength of the feeble sound heard in the



crystal set, where the original aerial current

picked from the radio waves had to operate

the earphones. The extra power needed to

increase the music strength comes from the

B batteries, which furnish plate power for

both the detector and the audio-amplifier

tubes.

In order to make it easy for us to under-

stand the operation of these circuits, we are

studying only the simplest arrangements of

parts and tubes, such as were used in home
radio sets long ago. Today, our modern radios

are much more efficient than the old-time sets

because they use more complicated circuits

and more advanced types of tubes. For ex-

ample, most home radios do not use batteries,

and one rarely sees a pair of headphones or

a crystal detector. However, the principles

used in the most modern radios are the same
as those we are studying with the aid of these

simple coils, condensers, batteries, and tubes.

Radio-Frequency Amplifier. We can also

build up the volume of the music from our set

by connecting an amplifier between the an-

tenna and the transformer in the detector set.

(See diagram below.) One radio-frequency

alternating current from the antenna is se-

lected in the tuning circuit before it reaches
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the grid of the amplifier tube. Surges produce

radio-frequency changes in the plate current

exactly similar to the aerial-current surges.

The amplifier-plate-current surges induce

surges in the detector tuning circuit. When
these surges reach the detector grid, they are

much stronger than the original aerial surges.

We tune the radio-frequency amplifier with

a condenser and coil. The tube amplifies

radio-frequency surges as easily as it amplifies

audio-frequency pulsations. We can now hear

signals from many stations that were too weak
for clear reception when only a detector set

was used.

The tuned radio-frequency stage makes
our receiving set more selective. The tuning

of the radio-frequency stage affects the tun-

ing of the detector; therefore they must be

tuned at the same time.

Screen-Grid Tube. The screen-grid type of

tube was developed to overcome the tend-

ency of a receiving set to howl when radio-

frequency amplifying stages were used. The
two connected parts of the screen grid are

placed one inside and one outside the plate

(see diagram at the right). The other tube

elements are the heater filament, the cathode,

the control grid, and the plate.

What is the effect of the new screen grid

on the tube action? The screen grid and the

plate of the tube act as a condenser. Since

both the screen grid and the control grid act

[

as condensers, the screen grid has the effect

! of connecting the two condensers in series.

I

The screen grid, made positive by the B
: battery, has another effect on the tube ac-

' tion. Its plate and cathode are so far apart

I

that not all the electrons near the cathode

receive sufficient pull from the plate to cause

them to fly to it. Some start from the cathode,

bump into other electrons in the intervening

I

space, and fall back to the cathode. Some fly

farther into the tube; yet they do not reach

the plate but wander around in the tube,

bouncing off other electrons. The screen grid

is positive, but not as positive as the main

plate. Being closer to the cathode than the

plate, the screen grid gives the electrons.

which would otherwise be useless in the tube,

enough additional pull to speed them on their

way toward the plate.

Regeneration. Edwin H. Armstrong, while

a student at Columbia University in 192 2, dis-

covered that he could make the one-tube de-

tector amplify currents about 100 times. In an

ordinary one-tube set all the alternating cur-

rent in the secondary circuit comes from the

antenna. But Armstrong connected a coil in the

plate circuit so that powerful pulses of plate

current could induce a helping current in the

grid circuit. (See diagram on page 370.) In

this way he added power from the B battery

to the power from the antenna in the grid cir-

cuit. The tones from this set were much
louder than the tones produced by a one-tube
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set. This set was also able to amplify signals

that before were too weak to be heard.

The wires must be connected correctly to

this plate coil so that the current induced in

the grid circuit will flow in the same direction

as the surges coming from the antenna. When
the plate coil is connected in the wrong way,

we find no increase in the strength of the

music.

Hand Capacity. The movement of the hand

toward or away from the tuning knob of this

set affects the tuning. The hand acts as one

plate of a large condenser and affects the

capacity of the tuning condenser. A hand

near the dial is close enough to the condenser

plates to have considerable effect on the tun-

ing. A set may squeal and go into oscillation,

as did the old ''Neutrodyne” sets, as the hand

is taken away. The removal of its capacity

upsets the nice balance to which the set is

adjusted, the set starts to oscillate, and the

signal is spoiled. It is then necessary to

retune.

The rotor plates of the tuning condenser

are connected to the filament side of the grid

circuit to reduce the hand capacity. Hand
capacity may be eliminated by setting a large

metal plate or shield between the control and

the condenser. The metal panel of the set acts

as a shield. This shield is connected to the

ground and prevents the hand capacity from

affecting any of the apparatus of the set.

Alternating-Current Tubes. Power for the

plate circuit of detector tubes and amplifier

tubes comes from a B battery or other power

supply. The B battery is used for portable

radio sets and for battery sets in districts

where other power is not available.

In districts where alternating current

is used for lighting, the radio sets use

alternating-current tubes and the alternating-

current source for filament and plate power.

Plate power is obtained by rectifying the

alternating current. A filter is then used to

reduce the voltage changes of the pulsating

direct current into a direct current with

steady voltage, which is used on the plate of

the tubes in the set.
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What is the principle of the alternating-

current tube? It is only that a heavy wire

cools more slowly than a light wire. By com-

bining a heavy wire, a low voltage, and an

alternating current, the alternating-current

tube is possible.

A heavy-wire filament not onlyheats slowly

and cools slowly, but tends to remain at nearly

the same temperature while the current is

turned on. By using a low voltage with the

heavy-wire filament, very little hum is heard

in the earphones. The hum may be further

reduced and even eliminated by special con-

struction of filament and plate.

Short-Wave Receiver. Until recently short

waves have been the province of the amateur

and of commercial stations, but recent devel-

opments in receiving sets have made it pos-

sible for the average broadcast listener to

enjoy foreign reception on short waves and to

hear the many excellent programs from other

countries. The increase in the receiving range

of sets has come largely from improvements

in tubes and circuits and from the develop-

ment of beam, or directional, aerial systems

at foreign broadcasting stations. These

antennae concentrate the radio waves suffi-

ciently to send to any country a broadcast

strong enough to be received clearly. Un-

wanted noises in short-wave sets are being

overcome by new circuit developments.

A simple form of short-wave receiver has

two tubes. The first is a detector, and the

second is an audio amplifier. This set is simi-

lar to sets used by thousands of amateurs and

"fans” who like to listen to police broadcasts.

Since it is the simplest set that is satisfactory

for amateur communication, it is popular.

Whereas we tune across the band from 200

meters to 550 meters with an ordinary wave

set, we tune from 10 meters to about 170 or

180 meters with a short-wave set. Its coils

are smaller and have fewer turns of wire than

the broadcast tuning coil. Midget condensers

are used for tuning, while regeneration is con-

trolled either by a condenser or by a resistor,

as in the broadcast regenerative sets.

Tuning on the short waves is sharper than
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on the long waves. The extra condenser

(called a band-spread condenser) is wired in

shunt with the main tuning condenser (see

diagram on page 370). In tuning this set we
adjust the large condenser near the setting for

the station we wish to hear. After this con-

denser is set, we tune exactly to the station

with the small condenser. The small number
of plates makes it possible to move the dial

about three times as far as the large condenser

dial moves to tune over the same frequencies.

The accurate tuning is done with the small

condenser. The setting of the large con-

denser can be made more accurate by a

gear arrangement with a 50-to-l step-down

ratio. When this is used, no small condenser

is needed.

Loud-Speakers. The magnetic speaker is an

enlarged and redesigned headphone with

larger and more powerful permanent magnet

cores than those used in earphones. To pro-

duce more sound the speaker needs a stronger

field. An armature balanced between two sets

of pole pieces is used in the speaker. The coils

are wound around the armature so that the

motion of the metallic armature is greater

than in the headphones, because the magnetic

field is stronger and because more current is

flowing through the coils. Movements of the

armature are carried to the cone by a rod and

lever. This speaker can handle without dis-

tortion much stronger currents than ear-

phones can. A magnetic speaker may be used

as an extra speaker in another room of the

house; for example, the radio may be in the

living-room with an extra speaker in the

kitchen, breakfast room, or den.

Still more efficient is the dynamic type of

speaker, which produces music of greater

volume and closer fidelity than the magnetic

speaker will give. It responds faithfully to

frequencies from about 50 cycles to 5000

cycles, whereas the magnetic speaker re-

sponds only to frequencies from 500 cycles

to 5000 cycles. Consequently the dynamic

speaker brings out low tones of musical in-

struments that sound weak or not at all in the

magnetic speaker. The fine quality of the



music reproduced by the dynamic speaker is

due to its construction.

As we have seen, when a current of elec-

tricity flows through a wire, it forms a mag-
netic field around the wire; and if the wire is

in a strong magnetic field, the effect of that

field on the weaker field causes the wire to

move. This principle is used in the dynamic

speaker.

The magnetic field in which the voice coil

operates is usually provided by a permanent

magnet of a special alloy metal. In some of

the larger radios, which use audio amplifiers

of considerable power, the magnetic field for

the dynamic speaker is produced by a field

coil to which a direct current is provided by

the power supply. In this latter type of

speaker there is a metal core inside the field

coil. In both types the voice coil, together

with the heavy paper cone to which it is at-

tached, vibrates back and forth in a very

small air gap between the inner core and the

front end plate. (In radios which have been

in use for several years, and particularly in

damp climates, a common cause of ^'fuzzy”

or unsatisfactory tone may be found in the

rubbing of the voice coil against the sides of

this air gap.)

The magnetism is very intense across the

gap in which the voice coil operates. When
a surge of current flows from the plate of

the power tube through the primary of the

output transformer, it induces a current in

the transformer secondary. The voice coil

of the dynamic speaker needs a heavy cur-

rent at low voltage for its operation. The
plate current of the power tube is too

low, and the plate voltage is too high,

to operate the voice coil efficiently. So a

step-down output transformer is connected

between the plate circuit and the voice coil

(see diagram at foot of this page.) The

secondary delivers a heavy current at a

low voltage, which operates the speaker

well. The pulsations of the plate current

induce alternating currents, which cause the
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voice coil to move in or to move out of

the powerful magnetic field.

Sound waves are produced in the air by

the motion of the speaker cone. These waves

leave both sides of the paper cone and move
rapidly through the air at the rate of 1100

feet a second. Waves from the two sides of

the cone meet as they spread away from the

speaker. If the waves come together before

,
they have traveled far enough, they will

;

oppose and cancel one another and make the

quality, or fidelity, of the music poor; it will

i
not sound clear and distinct, as it should.

I

When the speaker frame which supports the

: cone is attached to an open-backed radio

cabinet, the sound waves travel far enough to

mix correctly and work together instead of

opposing each other.

[
With an adequate audio amplifier and a

!

good dynamic speaker, almost any properly
' tuned receiving circuit can provide acceptable

^
programs from nearby broadcasting stations,

but today nearly all receiving sets make use

of a single outstanding circuit known as the

i superheterodyne. In general this circuit ac-

i
complishes a maximum combination of sen-

I sitivity and selectivity. The sensitivity of a

1 set is merely a measure of its ability to op-

j

erate on weak signals, such as those from very

' distant stations, while selectivity refers to the

t
extent to which it can avoid interference be-

!
tween stations whose frequencies are very

j

close to each other on the tuning dial. In the

[
superheterodyne receiver, the desired incom-

I

ing signal is selected by a tuning condenser

and combined with a second and much more

powerful signal which is produced by one of

the tubes in the set, called the "oscillator.”

The tuning condensers are so arranged that

the frequency of this local signal is always a

certain specified amount greater than that of

the incoming signal; this difference is called

the intermediate frequency. Through the

combination of the incoming and local sig-

nals, a third signal (at the intermediate fre-

quency) is produced; this signal has all of

the sound-producing characteristics of the

original incoming signal, except that its radio

frequency is always the same, regardless of

the frequency of the station from which it

was broadcast. The remaining sections (in-

cluding the detector and amplifiers) of the

superheterodyne circuit are designed for op-

eration at this fixed intermediate frequency

{IF), and are permanently tuned to that fre-

quency. This fixed-frequency feature makes

possible the design of highly efficient amplify-

ing circuits which add greatly to the over-all

performance of the set. Today more than

90 per cent of all our radio and television

receiving sets make use of this basic principle.

Radio at Work. The radio principles we
have studied in this chapter affect our lives in

many ways. We are all familiar with radio as

used for entertainment. Radio is also enjoyed

as a hobby (except in time of war) by some

80,000 American amateurs,people in all walks

of life, who build, experiment with, and oper-

ate radio sending and receiving sets for pleas-

ure. The radio amateur has provided a testing

field for many of the improvements in radio

circuits and apparatus; and he is always

ready for duty in emergencies during floods,

earthquakes, and storms.

At sea the fine tradition of safety and pro-

tection furnished by radio grows steadily.

Radio direction-finders bring ships into har-

bor safely in time of fog and at night. The

radio compass checks a ship’s position while

at sea. Radio performs a similar service on

our national airways. It directs swift air

liners along their paths. Radio landing beams

are being developed to bring the airplane to

earth safely at night or in fog.

STUDY GUIDE

1.

What are radio waves?

2 . What is the purpose of a crystal rec-

tifier?

3. Describe the parts of a vacuum tube.

What is the purpose of each part?

4. What is the purpose of a 5 battery in a

radio set?

5. What is the purpose of the audio ampli-

fier? of the radio-frequency amplifier? How
does each operate?
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6. What is meant in radio work by regen-

eration? by hand capacity?

7. Describe the operation of loud-speakers.

Frequency Modulation

A New Means of Broadcasting. Frequency

modulation, a relative newcomer in the field

of radio broadcasting, has many features that

are of interest and which provide three dis-

tinct advantages as compared with the older

system of broadcasting. Let us see what

those advantages are and how they are

obtained.

When you talk to a radio dealer about a

new set, he will show you both the older type

of AM set and the newer FM set. He will

explain to you that AM means ^'amplitude

modulation” and FM means "frequency

modulation.”

Examine the two sets and see how they

differ, though they may look alike at first

glance. The two sets may have similar cabi-

nets, both of them have volume and tone con-

trols, and each has a tuning dial; but when

you look closely at the tuning scales of the

two sets you will notice a difference. On the

tuning scale of the AM set you will see a

series of numbers which runs from 55 to 170.

The dealer will explain to you that these num-

bers refer to the frequencies in kilocycles

(kc) or thousands of cycles to which this set

will tune. These frequencies are 550 kc to

1700 kc and include all frequencies which are

assigned to the AM broadcasting stations by

the Federal Communications Commission;

they are called the "broadcast band.” The
final zero of each number on the frequency

scale is omitted to save space.

The dial of the FM set is marked from 88

to 108. These numbers are expressed in

megacycles instead of kilocycles. Megacycles

means millions of cycles; since each mega-

cycle is equal to a thousand kilocycles, you

can see that the FM band of frequencies lies

between 88,000 kc and 108,000 kc. These

higher frequencies are normally specified in

megacycles instead of kilocycles in order to

avoid the use of large numbers.

Short Waves for FM. This type of set, you

may be told, operates on very short waves or

on high frequencies. If you should ask for

more information about the meaning of high

frequency, the salesman might turn the two

sets around to show you what he calls the set

chassis. The chassis is the inverted metal box

on which the tubes and the tuning circuits are

mounted.

Both FM and AM sets look about the same

from the top of the chassis, but if you should

go into the service shop and look at sets

which are being adjusted or repaired, you

would see that the coils and condensers of

the FM set are very much smaller than the

same parts of the AM sets.

One advantage of the use of the high fre-

quencies in FM broadcasting is that there is

much more "space” for broadcasting stations

to be on the air between 88 megacycles and

108 megacycles. There is an interval of 20

megacycles or 20,000 kc in the FM band as

compared to only 1150 kc in the older AM
broadcast band. It is thus easy to see that

many more stations can be operated in the

FM band; this is the first of the three main

advantages of the FM over the AM system.

Special Antennae Required. Perhaps the

salesman will show you the antennae used by

the FM sets. They are short, under four feet

in length, because they operate on high fre-

quencies. In general we shall find that the

lower the frequency the longer the antenna;

conversely, if the frequency is high the an-

tenna is usually short.

There are several interesting forms of an-

tennae used for FM receivers. Some consist

of two or more horizontally placed rods with

a special cable or transmission line used for a

leadin. The leadin connects the FM receiver

to only one of these antenna rods. The other

rod helps to make the antenna directive, so

that it will receive better from one direction

and deliver a stronger signal to the set than

would be possible if it were to receive from

all directions simultaneously. Other antennae
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. take the form of a lo-ag narrow loop of metal

rod, but all have the same purpose—to make
* the antenna directive.

But what is the second main advantage of

the FM set over the AM set? Briefly, the

FM set, by its unique design, reduces or elim-

I
inates static—the popping, crackling, roaring

! noises that spoil so many programs received

I
by the AM set, especially in summer. Special

I

circuits called limiters are built into the FM
set to control the static; these limiter circuits

must receive a strong signal from the FM
I
broadcasting station to operate efficiently.

I

Both the directive antenna and the built-in

high-sensitivity circuits help deliver this

I
strong signal. The limiter circuit loses its

! effectiveness on the weaker signals, however,

I

and static and other noises are likely to be

present.

The Meaning of FM. The fundamental dif-

ference between AM and FM operation is in

the way the carrier frequency of the two

transmitters is modulated. In both the FM
and the AM transmitters, radio energy of a

certain fixed frequency—called the "carrier”

frequency—is produced in one section of the

transmitter circuit. This carrier frequency is

greatly amplified by a series of tubes and

their associated circuits before being radiated

from the transmitting antenna. It may be

noted that the carrier is maintained at the

I

desired frequency by the constant electrical

vibrations of a quartz crystal which is located

I in a chamber that is automatically held at a

[

fixed temperature. This control is necessary

; because temperature changes would cause the

;
crystal to shrink or to expand slightly, thus

!

causing a small change in its frequency. Since
' each transmitting station must keep its car-

i rier frequency constant, you can always re-

' ceive your favorite station by setting the dial

of your receiving set to its assigned fre-

quency. If the carrier frequency should be

changed at the transmitter, you would not

;
hear the desired station when you set your re-

ceiver to its frequency but would have to hunt

across the dial for it, and you would probably
' find it interfering with some other station.

In both types of transmitter, sound waves

in the studio strike the microphone and set

up electrical changes or variations which are

amplified and fed to a modulator tube and

circuit in which the variations appear as an

alternating current of a frequency which is

within the audible range. In effect, the modu-

lator is nothing more than a powerful ampli-

fier, such as is used for large public-address

systems to produce an audio-signal voltage.

In the broadcasting station this audio signal

is not connected to a loud speaker but is used

to control or "modulate” the carrier wave

before it is radiated from the antenna. In

the AM transmitter the audio signal causes

the strength of the carrier wave to be changed

or varied exactly in accord with the vibra-

tions produced by the sound waves at the

microphone.

Comparison with Amplitude Modulation.

The fact that the strength or amplitude of

the carrier is varied or changed by the process

of modulation gives its name, amplitude

modulation, to this system of broadcasting.

A weakness of AM broadcasting is that

lightning, sparking brushes on an electric

motor, a sewing machine, a cake mixer, or

other appliance may also change and affect

the carrier wave strength; the effects of such

changes are difficult to remove and usually

result in unpleasant static interference.

In the FM system of broadcasting we find

the same method of generating and amplify-

ing the carrier frequency but with the differ-

ence that modulation changes the carrier fre-

quency slightly and has no effect on the car-

rier strength.
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A represents the high-frequency carrier wave sent out by

the antenna of a radio station when no sound is made

into the microphone. B represents the audio signal

which is used to modulate or change the carrier wave.

C shows the carrier wave after it has been modulated in

amplitude by the audio signal, so that it can produce

sounds in an ordinary (AM) receiver set. In Z), the

original carrier wave has been modulated in frequency

but not in amplitude; signals of this type are used by

both FM radio and television

Although one tunes the FM receiver to the

carrier frequency, the bursts of static which

affect the strength of the carrier are cut out

by the limiter circuits in the receiver so that

the static is eliminated. The limiter, as pre-

viously explained, must have a strong signal

from the broadcast transmitter to operate ef-

fectively; this strong signal is provided by

the special type of antenna and by the effi-

cient design of the set itself.

The third great advantage of FM over AM
is immediately apparent when one listens to

"live” programs over the FM set; the FM

system is designed to reproduce voice and"'

music with a much higher degree of fidelity

than is possible with the standard AM sets.

High fidelity means that the set can reproduce

nearly all of the audible sound frequencies,

particularly the higher sound frequencies

which add lifelike qualities to speech and

greatly improve the "brilliance” of music.

The AM sets can also reproduce music with

reasonably good fidelity, but the available

(10 kc) frequency separation between sta-

tions on the AM broadcasting channels makes
it impractical to transmit sound frequencies

above 5000 cycles. The FM sets can produce

all sound frequencies that can be heard by

the average ear, including those as high as

8000 or even 10,000 cycles. It is these higher

frequencies which give lifelike quality to

speech and cause most people to regard the

FM system as superior to AM in this respect.

Range Limits for FM. The three new appli-

cations of radio waves, FM radio, television,

and radar, make use of much higher frequen-

cies (and therefore shorter waves) than are

used in AM radio. This is, as we have seen,

advantageous in some ways, but, for FM and

television, it also imposes one distinct and

unavoidable disadvantage. Radio waves of

these very high frequencies tend to assume

one of the characteristics of light waves in

that they travel in straight lines
;
accordingly,

any large object between the broadcasting

station and your receiving antenna produces

a "shadow,” or area, in which no satisfactory

signal can be received. A simple comparison

will serve to explain how this characteristic
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of the higher frequencies greatly limits the

range of an FM broadcasting station. Per-

haps, while standing on the beach, you have

had an opportunity to observe a ship far out

at sea; if so, you may have noted that, even

with powerful binoculars or a telescope, you

could not see the entire hull of the ship, right

down to the water. The curvature of the

earth obscured the lower part of the distant

ship from your view. Similarly, when looking

across the plains in the direction of a distant

mountain range, one can see only the tops of

the highest peaks. In the same way, the

curvature of the earth reduces the range of

any single FM station to the area which lies

within "sight” of its antenna—usually 20 or

30 miles, depending on how high the trans-

mitting antenna is located. This range, of

course, can be increased by increasing the

height of the receiving antenna.

STUDY GUIDE

1. Describe the three advantages of the

FM system over AM.
2. What is the function of the quartz crys-

tal in a broadcasting station?

3. A family lives far out in the country,

many miles from the nearest city where there

are both AM and FM broadcasting stations

;

would you consider an AM or FM set better

suited to their location? Why?
4. What is the main function of the limiter

circuit in the FM set?

5. Draw a diagram to show why it is ad-

vantageous to locate the antenna of an FM
broadcasting station as high as possible. Can

you make any conclusion as to the desirable

height for your FM receiving antenna?

6. Compare the relative sizes of the most

effective receiving antennae for AM and FM
sets.

Television

Possibilities in Television. Men who had

worked with the telephone, the telegraph, and

later the radio had long hoped that there

could be developed a system which would

send an actual picture through space instead

of only such sounds as the dots and dashes

of the telegraph code or the speech and music

we now have on our radio sets. Some wished

that it might be possible to see the distant

person with whom they were talking on the

telephone. Others hoped to find valuable

commercial and wartime uses for a live pic-

ture; they visioned the possibility of discuss-

ing, face to face, catalogues, correspondence,

and commercial documents with persons lo-

cated in distant cities. These aspects of the

live picture still lie in the future, but at the

present time television has been realized in

the entertainrnent field, inwhich plays, operas,

vaudeville, and much vivid advertising may
be brought directly into the home. It may
seem strange that television has been so many
years in becoming a popular reality, but per-

haps we can understand the reasons for this

delay after we have examined some of the

technical features of a television system.

The Transmitter. Let us first consider the

method of picking up a scene by television.

A large television camera, mounted on a

movable platform, is aimed at the scene to be

televised just as you would point a movie

camera at a scene you wished to photograph;

in fact, the television lens forms an image on

a small screen inside the camera, just as a

photographic lens forms an image on a film.

The light which forms the image on the screen

inside the camera is converted into weak elec-

trical impulses which control the output of

a specially designed radio transmitter. In the

transmitter, powerful amplifiers build up

these weak image or "video” voltages and use

them to modulate the carrier frequency which

is generated in another section of the set. The

modulated currents are fed to special anten-

nae from which they radiate into space as

high frequency radio waves (similar to those

of FM radio) on a video or picture frequency.

To provide the sound which is to accompany

the picture, an ordinary radio microphone

picks up the sound and a separate part of the

radio transmitter sends it out through space

simultaneously with the video wave (though
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NBC Photograph

The three television cameras at the left are focused on the scene from different angles

and distances, while the single camera on the right is used for title cards

and special background effects

on a slightly different frequency) as an or-

dinary FM radio signal.

The Receiver. At the receiver the two sets

of radio waves (video and audio) are received

and amplified. The sound part of the receiver

is the same as a standard FM radio set and

has the standard set of controls; but in the

video or picture part of the receiver, a sepa-

rate amplifier builds up the weak video volt-

ages from the antenna and delivers them to

a cathode-ray picture tube. The amplified

video voltages here control the intensity of a

swiftly flying stream of electrons which pro-

duces on the screen of the tube the picture

being viewed by the distant television camera.

This, in brief, is the television process.

The long delay in bringing television to the

public was due to several causes. It was

necessary to increase the sensitivity of the

camera tube so as to be able to transmit suc-

cessfully scenes with low intensities of illu-

mination. The solution of this problem took

years of research and long technical experi-

mentation. It was also necessary to develop

radio transmitting and receiving equipment

which would operate on the higher frequen-

cies where there was enough space in the radio

spectrum for the wide operating bands re-

quired by the video frequencies. These wide

bands of frequencies are needed in order that

the televised picture may be transmitted in

sufficient detail to provide a pleasing picture.

The development of suitable cathode-ray pic-

ture tubes for the receiver presented many
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time-consuming problems. It is interesting

to realize that many of the essential features

of modern television equipment were devel-

oped through research and experience gained

in the late war. The immense amount of con-

centrated technical activity which resulted in

the development of radar equipment and

frequency-modulation equipment for military

purposes contributed most effectively to the

later development of the television art.

Range of TV Signals. Like other high-fre-

quency radio waves, television waves tend to

travel in straight lines, so that the curvature

of the earth has the effect of limiting the

range of any single transmitting station. It

has been seriously suggested that the range

of the transmitter should be increased by in-

stalling it in a large airplane which would

circle high over the desired area while relay-

ing the signals from the studio and trans-

mitter on the ground. In order to operate a

number of television stations in a network it

is necessary to transmit the high-frequency

signals between distant cities by means of a

special type of cable or through the use of a

chain of high-frequency radio relay stations.

The special cable consists of a hollow copper

tube with a single copper wire extending

through its entire length, supported in the

center or axis of the tube by means of evenly

spaced insulators; the assembly is called a

coaxial cable. Such a conductor can carry

simultaneously many separate radio waves of

different frequencies so that it is also useful

for long-distance telephone communications

in which a number of voice currents are used

to modulate separate high-frequency carrier

waves.

TV in Color. Engineers working on the

development of television equipment look

forward to refinements which will provide

color in place of the black-and-white picture;

in fact, there have been several encouraging

successes in recent experiments in this direc-

tion, but it may be some time before color is

found in general use. There are many ob-

stacles to be overcome in the television studio

where a whole new acting and production
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technique is required. Special make-up is but

one of these details; another is the need for

special lighting methods, while even greater

technical obstacles relate to the many com-

plex circuits and costly equipment. Because

of these difficulties, it does not seem probable

that we shall see widespread use of color in

television in the immediate future, even

though many advertisers would like to pre-

sent their products to the public by this more
effective method.

STUDY GUIDE

1 . Compare a television camera with an or-

dinary camera.

2. Give several reasons why television was
slower to develop than was ordinary radio.

3. Can a single television transmitter send

pictures across the continent?

4. List three ways by which networks

may distribute television programs over the

continent.

Radar

Radar for National Defense. On the night

of the ninth of August, 1942, an American
task force, steaming through the inky black-

ness of a tropical night off the Pacific island

of Savo, suddenly burst forth with a torrent

of heavy-caliber gun fire. Shells screamed

through the sky, reaching out across miles of

sea to sink the major units of an enemy task

force which was completely invisible in the

night. The whole engagement, fought in total

darkness and with the two forces miles apart,

was made possible by one of the major scien-

tific developments of the Second World War,
the radar.

RAdio Detection And Ranging—the capi-

talized letters of these words give us the name
of RADAR—first "saw” the enemy on its

PPI (plan position indicator) screen. Alert

radar operators quickly made adjustments of

their complex equipment to determine the

range of the distant enemy ships. Other ad-

justments gave them the bearing or direction

to be used in aiming the guns. The marvelous

radar equipment had not only detected the



Using this radar antenna, Signal Corps engineers are able to transmit signals to

the moon and receive the returning echo signals



enemy but had given precise information as

to his distance and direction from the Amer-
ican force.

The radar operators, tensely watching the

moving spots which represented the ships on

their cathode-ray tube screens, gave the word

when the correct range was closed, and the fir-

ing order was given. It is even said that the

radar indicators showed the shells in flight and

that the spots indicating the enemy ships were

seen to disappear as the final result of the firing.

Later, at Anzio on the Italian coast, the

antiaircraft fire of the Allied units was so ac-

curate and deadly that the enemy was forced

to give up his night bombing of the Allied

positions. The Allied antiaircraft guns were

directed by radar, coupled with automatic

range-computing equipment. One part of this

equipment actually directed the guns so that

the shells reached a certain point in the sky

at the exact time the plane arrived at that

same position, while another complex device

automatically made other computations and

set the time fuses so that each of the shells

would explode at the precise instant when it

was nearest the plane. These computers often

caused the guns to "lead” the planes as much
as three or four miles, just as a duck hunter

must aim ahead of the fast-flying birds.

Radar and the Proximity Fuse. When the

kamikazes—enemy suicide-piloted attack

planes—became a serious menace to our ships

in eastern waters, a most helpful countermeas-

ure against this new enemy tactic was again

developed through the use of radio waves.

Not only were the guns directed by radar,

but the shells themselves were equipped with

radio-operated fuses. A tiny five-tube trans-

This PPI screen of a radar set actually shows a map of the area around a vessel

which is in the channel of St. Mary’s River helow Sault Sainte Marie, Michigan.

The vessel itself is the tiny white dot in the center of the picture

Submarine Signal Division, Eaytheon Manufacturing Company
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mitting and receiving radio set was installed

in the nose of each shell as an automatic

"proximity” fuse which would cause the shell

to burst when it passed within a certain dis-

tance of an airplane or other object. With the

new fuse a much greater proportion of the

near misses were dangerous to the enemy

plane because fragments of the exploding

shell would do effective damage without ac-

tual hits of the complete projectile, and a

much higher proportion of these nearby

bursts could be obtained than had been pos-

sible with the older "timed” fuses. But what

are the principles from which these seemingly

impossible results were obtained?

Radio Echoes. The radar principle grew out

of experimental work done in the United

States years earlier by Dr. A. H. Taylor and

Mr. C. H. Young at the Naval Research Lab-

oratory and by the staff of Col. R. B. Colton

of the U. S. Army Signal Corps, together with

work done in Great Britain by Sir Robert

Watson Watt. The radar principle is basi-

cally simple; in general, it operates through

the use of a radio "echo.” In contrast to this

simple principle, the equipment which makes
radar possible is quite complex. Some of the

shipboard and shore-based radar sets have

hundreds of tubes operating in very compli-

cated circuits. These circuits were initially

based on those used in radio and television

and were further developed and adapted to

radar use by an army of engineers, technical

specialists, and research men. New manufac-

turing methods had to be developed, new ma-
terials had to be found, and new techniques

modified to meet the needs of this extension

of the radio art, for in the development of

radar, basic radio principles were greatly ex-

tended into the microwave regions where op-

eration had previously been impossible. To-

day, radar operates on almost unbelievably

high frequencies. This gfeat extension of the

range of useful frequencies was made possible

by the development of new tubes, new cir-

cuits, and new methods.

Basic Radar Units. A complete radar equip-

ment must include several basic units. There

is the transmitter, the receiver, the power unit,

and the combined antenna and reflector unit,

together with interconnecting devices of spe-

cial design. There are also one or more

cathode-ray indicators, which translate the

signals into visual patterns. The complete

radar units range in size from the tiny five-

tube set used in the proximity fuse over rela-

tively short distances to the huge long-range

search radars which use hundreds of tubes in

their many complicated circuits.

There are many distinct types of radar,

each designed for some special use. For war

service there are huge search radars, special-

ized gun-directing equipment, airborne navi-

gation and map-making sets, and special con-

trol radars for guided missiles, to mention

but a few of the types now in use or under

development.

Principles of Operation. But how does radar

operate? You can understand its basic op-

erating principles with reasonable ease, but

if you should undertake a detailed study of

the equipment, you would find it to be a

highly complex study, requiring a most ex-

tensive and exacting training in order to en-

able you to attain a useful knowledge of its

theory and operation.

In the radar transmitter, an extremely

powerful burst or pulse of very high-

frequency radio energy is generated through

the use of special types of tubes and delivered

to an antenna which is equipped with a para-

bolic reflector. In one commonly used sys-

tem, the radio waves emitted by the antenna

are formed into a narrow beam by a reflector

and sent out into space much as a searchlight

sends its brilliant beam into the sky. In many
types of radar the antenna rotates about a

vertical axis, so that the beam will "scan” the

area of sea or sky which the operator wishes

to observe.

When these waves strike an object, part of

their energy is reflected back to their source.

This reflected energy, collected by the same
antenna as was used to transmit the wave
pulse, is used to produce minute voltages in

the receiving circuits and causes a glowing
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§pot of light to show on the screen of the

cathode-ray tube indicator. This cathode-ray

indicator is similar to the tube on which one

observes the images received by a television

set. On some indicators the glowing spot

moves rapidly to trace a "pip” or peak in a

bright line across the screen, while in others

the spot sweeps rapidly over the entire face

of the (PPI) indicator screen by an action

similar to that in a television receiver, leaving

a glowing map of the area with the distant

reflecting objects showing as spots on the

map. The coating on the cathode-ray tube

screen is selected so that the images formed

by the glowing spot persist long enough so

that the eye can see it as a continuous picture.

The bursts of energy sent out by the trans-

mitter are of very short duration. Each burst

or pulse lasts only a few microseconds (mil-

lionths of a second)
;
between bursts the

transmitter is idle long enough for the radar

wave to speed to the distant reflecting object,

to return to the radar equipment, and to start

a sequence of operations in the receiving cir-

cuits which produce the glowing spot or image

on the indicator screen.

During the brief periods when the trans-

mitter is sending out its bursts or pulses of

energy, the receiving part of the circuit is

made inoperative by an ingenious electronic

blocking device to protect it from damage due

to the tremendous power of the transmitter.

New Tubes for Radar. It has been men-

tioned that new tubes had to be developed

which would operate at the extremely high

frequencies needed for efficient radar opera-

tion. It was found that the working parts of

standard radio tubes are (relatively) so large

and the distances between them so great that

the time taken for electrons to travel from

cathode to plate (electron transit time)
,
a dis-

tance of less than one half an inch, was far

too long to permit operation at the very high

frequencies required by the radar beam. To
produce radio energy at these frequencies,

new types of tubes had to be invented, devel-

oped, and adapted to mass production.

One of the first of these new tubes was the

klystron, a tube in which the speeding elec-

trons pass through two screens on their way
to a collector plate. One screen, called the

"buncher,” alternately speeds up and retards

the electron stream. The other screen, called

the "catcher,” collects energy from the elec-

tron stream and delivers it to a resonant

cavity from which it is tapped off for use in

the radar circuit. This action can be accom-

plished with such rapidity that the frequency

of the radio wave thus produced is much
higher than can be obtained through the use

of ordinary types of radio tubes, though the

power output is so low that tubes of this type,

though useful in receiving circuits, are not

generally employed in transmitters.

Another remarkable tube, the magnetron,

was developed in 1940 by British scientists

for the purpose of providing the higher powers

which were needed to extend the range of the

radar sets. In the magnetron tube a heavy

(heated) cathode is the source of electrons;

this cathode is set in the center of a circular

cavity around which are located a group of

smaller cavities, as shown below. The outer

structure, which serves the same purpose

as the plate of the ordinary radio tube, is

connected to the positive side of the high-

voliage power supply to attract the electrons

emitted by the cathode. A small vent or open-

ing connects each of the outer cavities to the

The magnetron, heart of the radar transmitter. Electrons

emitted hy the cathode (^4) are attracted to the outer

cavities (B) hy the high positive voltage. As the electrons

spiral outward under the influence of the magnetic field,

they generate radio-frequency energy which is tapped off

by the hollow wave guide (C)
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The electronic cooker uses microwave (radio-frequency)

energy, which is similar to radiant heat, but which in-

stantly penetrates all the way through the food, thus rais-

ing the internal temperature and cooking the center as

fast as the outside. A chicken may be cooked in a little

less than five minutes

central cavity. In use, the magnetron is

mounted between the poles of a powerful per-

manent magnet. The combined effect of the

magnetic field and the high (positive) voltage

of the outer shell is to force the electrons to

leave the heated cathode in a spiraling path

which sweeps them past the openings into the

outer cavities. As the spiraling electrons pass

each opening, they set up electric oscillations

of extremely high frequencies in the tiny cavi-

ties. These oscillations are produced in much
the same way as the whistle or singing sound

is produced when you blow across the open

mouth of a bottle. The high-frequency power

thus produced in the outer cavities is fed to

the antenna by connecting it to any one of

the cavities.

Other Developments in Radar. Many new
technical developments and discoveries have

come out of research in the field of radar.

One of these is the surprising use of hollow

pipes of silver or copper to carry the radio-

frequency waves in place of the wires used

in ordinary radio equipment. These pipes

are called wave guides. They carry high-

frequency energy between different parts of

the radar set and also carry the radar waves

to the antenna; thus, instead of connecting

these parts by means of conventional wir-

ing, plumbing and sheet-metal fixtures are

used; the old-time crystal detector has also

been recalled from its honorable retire-

ment of some thirty years ago and, in new

form, has been put to work in the radar

circuit.

Radar in Peacetime. Radar, made famous

by its wartime exploits, is now fitting itself

into many important peacetime uses. Not

only is it rapidly becoming a standard part

of the safety equipment for use on shipboard,

but it is also finding additional use on aircraft

and even in such unexpected places as the

kitchen stove. On shipboard it allows the

vessel to be navigated with safety through

the densest fog or on the darkest night be-

cause neither fog nor darkness stops radar

waves. Collision is an ever-present danger to

shipping, but by means of radar navigation

at sea can now be made much safer from the

dangers of icebergs and jutting coastlines. A
ship equipped with radar can enter a fog-

bound harbor and pass through narrow

and difficult channels crowded with other

shipping to a safe anchorage even though

its pilot may be unable to see the other ships

or the shore, except through the ''eyes” of

radar.

In a recent test of this equipment during

a dense fog which stopped all marine traffic,

a huge river freighter moved steadily on its

way through the narrow connecting channel

between two of the Great Lakes, safely navi-

gating the obstructions to water traffic, such

as islands and other tied-up vessels, and easily

negotiated the bends of the charted channels.

On the PPI screen, the buoys normally used

to aid navigation could be seen as sharp dots

on the radar map of the area. Other bright

spots showed the tied-up vessels which were

not equipped with radar. The pilot, watch-
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ing on the radar screen the glowing outlines

of the banks, the island, and the other river

craft, was easily able to direct his ship to its

destination.

In the air, the hazards of night flying, fog,

and low visibility lose much of their danger

when the flying radar takes over. Regardless

of visibility conditions, mid-air collisions can

be avoided and the presence of mountains,

other aircraft, and even nearby birds will

: show on the radar screen, thus permitting the

pilot to hold a safe course. Air-borne radar

also enabled Admiral Byrd to conduct ex-

i plorations in the Antarctic under conditions

I which would otherwise have made such ac-

tivities impossible.

On an experimental scale food is today be-

ing cooked in the "quickie” style in an open

I

cavity which is part of a radar circuit in which

a powerful magnetron generates the high-

frequency currents providing the heat. An-

other similar new device, the wartime top-

secret magnetometer, employed to detect sub-

I merged submarines, has made it possible for

explorers and geologists to check the compo-

sition of underlying rock strata even in areas

where they are buried under immense icecaps.

In the same way it is often possible to locate

underground minerals and oil-bearing strata

through the use of radar adaptations. Air-

borne radar equipment can even be used for

mapping operations through clouds and

overcast.

Communications by Radar Beam. Another

I

important recent application of very high

I

high-frequency radio or radar waves is in the

I

field of electrical communications. It has

;

been found possible to increase the efficiency

of a fixed radar beam by focusing it ac-

I

curately for the transmission of voice and

I

code messages between relay stations sepa-

rated by distances of fifty miles or more,
i Since these relay stations are almost entirely

I

automatic, requiring no operator in attend-

i

ance, radar microwaves are finding increasing

use for communications between locations

I

where it is impractical or unduly expensive

; to install metallic circuits, or where the great

volume of messages makes radar less costly

than wire circuits. By means of special FM
circuits in the terminals it is now possible for

as many as 480 two-way telephone conversa-

tions to be transmitted simultaneously over

a single microwave relay link. Similar instal-

lations are used by the telegraph companies

to permit the simultaneous transmission of

1024 messages in each direction, or 2048 over

each two-way link. For this service a radiated

power of less than one watt is required at

frequencies of more than 4000 me. Since the

microwave beam is focused in a straight line

and can operate only over a visual path, it is

necessary to have the reflecting antennae lo-

cated as high as possible to avoid interference

due to the curvature of the earth. One new

type of lens antenna focuses the beam as the

energy is transmitted through it. This type

of antenna, though much more expensive than

This microwave telephone-link relay station uses an

antenna system consisting of large horn-shaped wave

guides which lead the microwaves through focusing

lenses about eight feet square

Bell Telephone Company
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A large metallic wave-guide lens, capable of focusing an

extremely sharp beam. Recent experiments have made it

possible to produce such a lens, at greatly reduced cost,

through simple machine operations

the older reflector type, may soon be widely

used because of its greater efficiency. The

beam from such a lens is so sharp that it

must be ''aimed” at the distant receiving an-

tenna with an allowable error of less than

five feet.

STUDY GUIDE

1. From what phrase is the name "radar”

obtained?

2. Describe the operation of the proximity

fuse.

3. Describe the basic principle on which

radar operates.

4. Compare a radar receiving set to a tele-

vision receiving set.

5. Make a list of uses for radar in peace-

time.

Audio-Visual Equipment

The Phonograph. Since many of us may
wish to operate motion-picture projectors and

sound-reproducing equipment, either at school

or at home, it is well for us to get acquainted

with their basic principles as well as with the

relatively simple mechanics of their opera-

tion. Let us start with electric playbacks and

recorders because they are the most closely

related to radio. To assist us in understand-

ing how a phonograph produces sound, it is

only necessary to push a pin through the cen-

ter of a piece of cardboard. Then hold the

cardboard by one corner and let the pin drag

in the groove of a record as it turns. The

grooves are so crooked that the pin will shake

the cardboard hard enough to produce sounds.

If we want the sounds a little louder, just

hold a megaphone over the cardboard. This

will give us a fairly good old-fashioned "tin

horn” phonograph. Actually, the modern

phonograph differs chiefly in two fundamen-

tal respects from this crude model. First,

it gives louder or better reproduction of

sounds, and second, it has eliminated much
of the needle scratch on the record. The
better reproduction and greater volume is

obtained by using an audio amplifier simi-

lar to those in radios. The needle scratch and

wear is overcome to a great extent by making

the needle arm lighter and by having the

needle operate an electrical device instead of

a diaphragm. One of the most common elec-

trical methods is to have the needle attached

to a piezo crystal. This is a crystal of rochelle

salts which will produce a weak alternating

current when alternately squeezed and

stretched. Thus if a needle is attached to

the side of the crystal, the groove in the

record will rapidly move the needle back and

forth producing the necessary compressions.

The weak current from the crystal is taken

to the amplifier and amplified to operate a

dynamic speaker.

Other electrical devices attached to the

needle are being developed in an effort to

reduce record scratch and wear.

The Phonograph Recorder. The process of

making home recordings is in many respects

the reverse of playing a record. Sound waves

are received by a microphone and converted

into a weak electric current, just as is done

in a radio broadcasting studio. This current
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is amplified and applied to the sides of an-

other crystal which is attached to a specially

shaped cutting needle or stylus. The pul-

sating voice current, applied to the sides

of the crystal, causes it to vibrate. This

vibration moves the needle rapidly back and

forth so that it cuts a crooked groove in

the record.

Since needle wear is always present, and

also because it is inconvenient to change

records every few minutes, there has been

considerable demand for some kind of record-

ing equipment which does not use records.

At present the two most promising substitutes

are the wire recorder and the magnetic tape

recorder.

Recording Sound on Wire. The wire re-

corder uses a fine steel wire. More than a

mile of this wire will go on a rather small

spool, so it is easy to record continuous pro-

grams of an hour or more in length. The re-

cording head is an electromagnet which varies

in strength with the pulsations in the audio

current. This audio current is obtained from

the microphone and the audio amplifier the

same as in the disk recorder. The electro-

magnetic recording head magnetizes the steel

wire as it is pulled between its poles. The

amount of magnetism imparted to each tiny

portion of the wire is determined by the

strength of the electromagnet at the instant

when it is passing between the poles. Since

the wire is made of steel, this magnetism will

be retained for many years and it is possible

to run the wire through the player thousands

of times without surface noises or loss in

quality.

The recording head becomes the playback

unit when we wish to hear the recorded ma-

terial. In this case, the magnetized wire in-

duces a current in the playback unit as the

wire moves rapidly through it. This induced

current is sent through the audio amplifier to

the speaker. The program can be erased by

demagnetizing the wire. This demagnetiza-

tion is accomplished by passing the wire

through a strong electromagnet which does

not vary in strength. If the wire ever breaks.

you can tie a knot in it just as if you were

tying a knot in a piece of string.

Tape Recorder. It is just as easy to impart

varying degrees of magnetism to magnetic

oxide of iron as it is to a steel wire. The oxide

is cemented to a strip of paper. The paper is

about the same width as an 8 mm movie film

and is rolled up on a reel. The paper tape re-

corder has an advantage over wire recorders

in that the tape can be edited just as easily as

a movie film. The tape can be cut at any place

and reassembled in whatever order we wish.

The splices are fastened together with scotch

tape and do not make any disturbing noises

when they are run through the machine. The
recording head and magnetic eraser used in

this type of equipment are very similar to

those in the wire recorder.

Sound Motion Pictures. The sound track on

a motion-picture film actuates a photoelectric

cell instead of a magnetic device as on the

wire recorders. Otherwise the audio amplifier

and speaker systems are the same. Some
companies are investigating the possibility of

putting a strip of magnetic oxide on the edge

of their films. If this process can be perfected,

it will be possible for the amateur photog-

rapher to add sound to his movie after it has

been processed and edited.

Now let us see how the standard sound

track is put on a film. This type is photo-

graphed directly on the edge of the film and

may be of two basic kinds. These are known
as variable density and variable width sound

tracks. The variable density track is obtained

by exposing the edge of the film to a light

which is caused to vary in brightness at the

same frequency as the sound which is being

recorded.

A simple form of the variable width t
3
qDe

consists of a light which has constant bright-

ness and a tiny gate or light valve which opens

and closes with the same frequency as the

sound; since the exposed portion of the film

varies in size with the sound vibrations, we
call this a variable width sound track.

The reproduction of sound from these

sound tracks makes use of a very simple prin-
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ciple of the photoelectric cell. This cell will

produce an electric current which varies in

proportion to the amount of light that shines

on it. When the film passes over a small drum

in the projector, a beam of light shines through

the sound track into the photo cell. The vari-

ations in the sound track will change the

amount of light which falls on the cell. The

cell in turn produces a variable current which

can be amplified sufficiently in the audio am-

plifier to operate a speaker.

Another item of interest relates to the ac-

tual production of moving pictures. Why do

the pictures move? We can answer this ques-

tion by first examining a motion-picture cam-

era and then a motion-picture projector. The

motion-picture camera is so built that it will

take a picture, then close the shutter and

move the film to a new position; the shutter

opens again and takes another picture and

then once again closes before the film moves

to the next spot. The operation is essentially

the same as that which occurs when you take

a series of pictures on your Brownie camera

except that the movie camera takes at least

sixteen pictures per second while you might

need from five to thirty minutes to take a roll

on your Brownie.

When the motion-picture film is developed

there will be a series of separate pictures on

it. Each will be slightly different, but there

will be no motion in any one picture. Why
then do we see motion when these still pic-

tures are projected on the screen? We shall

need to study both the projector and our

vision in order to understand this. The pro-

jector has a shutter mechanism quite similar

to that on the camera. The film is stationary

when the shutter is open and a still (or mo-

tionless) picture is projected on the screen.

When the shutter is closed the film is moved

to the next pictures. Thus a series of motion-

less pictures are projected on the screen at

the rate of sixteen pictures per second for

silent film or twenty-four per second for

sound film. Again let us ask: "Why do we
see motion if they are all still pictures?” The
answer lies in our vision response. Our mind

retains the image of a picture for a fraction

of a second after the picture is gone, then the

image fades. Consequently a series of rapidly

changing pictures will blend into one another

and we are not aware that they are changing

sixteen or more times per second on the

screen. For example, suppose we examined

a motion picture of a person walking. Each

picture shows the person slightly ahead of his

position in the preceding picture, but when

the film is projected on the screen, the merg-

ing of the separate images in our mind gives

us the impression of perfectly smooth motion.

STUDY GUIDE

1 . List the disadvantages of phonograph

records as compared with other types of re-

cording equipment.

2. How can you remove recordings from a

wire?

3. What substance is cemented on the sur-

face of a recording tape?

4. Examine the sound track of a motion-

picture film and draw a portion of the sound

track.

5. Why do we think we see motion when
the motion-picture projector shows us only

a rapid series of still pictures?

IMPORTANT THINGS IN THIS CHAPTER

Many forms of rapid communication were

used even by ancient people. They used sig-

nal fires, drums, smoke signals, and flaming

arrows. In recent times the semaphore has

been used to send messages. Even pony-

riders, like the ancient mounted couriers,

have been used.

Air waves cause the thin metal diaphragm

of a telephone transmitter to move. This

movement either presses together or separates

the fine carbon granules and changes their

resistance. The strength of the current flow-

ing through them is thus made to correspond

with the variations of the sound waves. This

current flows into the receivers and causes

changes in the strength of the magnetism.
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This causes the thin receiver diaphragm to

move. The motions of this diaphragm pro-

duce sound.

The bridging-type telephone is used on

country telephone lines. It uses batteries

which must occasionally be replaced. When
the bell on one phone rings, all the bells on

the line ring.

The common-battery type of telephone

uses one battery, which is placed at the cen-

tral office. Direct current carries the speech,

but ringing is done from the central office

with a 20-cycle alternating current through

a condenser.

In the automatic telephone a complicated

set of relays does all the switching and

ringing.

All energy frequencies greater than 20,000

cycles a second are radio frequencies.

The four essential parts of a radio receiv-

ing set are an antenna to pick up radio waves,

a tuning system to select stations, a device by

which the alternating current can control a

direct current, and a device to produce sound

from the direct current.

Both the crystal detector and the vacuum

tube are used in radio circuits to obtain direct

current to operate the earphone or the loud-

speaker.

In tuning a set, its circuits are adjusted so

that a current on only one frequency can flow

easily. Currents of other frequencies cannot

build up enough power to produce sound.

The development of the Edison effect in

vacuum tubes made possible the modern

radio broadcasting that we know today. In

the vacuum tube are three elements; a fila-

ment, a plate, and a grid. The A battery

heats the filament wire. The high-voltage

B battery makes the plate positive. When
the filament is heated, electrons boil off the

wire. The positive plate attracts these elec-

trons from the filament, and a current flows

through the tube. Electrons will flow from

the hot filament only when the plate is

positive.

When the grid becomes positive, it also

attracts electrons from the filament. But

many of these electrons are caught by the

more powerful pull of the plate. The result

is that more electrons reach the plate, and

the plate current becomes stronger. When the

grid becomes negative, it repels the electrons

flying toward the plate, and the plate current

becomes weaker. Extremely weak currents

on the grid can control much stronger cur-

rents in the plate circuit.

When the B battery is turned on, a plate

current flows. This current sets up magnet-

ism in the earphone electromagnets, which

hold the diaphragm under a steady pull.

When the grid becomes negative, it reduces

the plate current, and there is less pull on the

earphone diaphragm. When the grid becomes

positive, it makes the plate current stronger,

and the diaphragm moves toward the electro-

magnets. As the earphone diaphragm moves,

it produces sound.

An audio amplifier can increase the

strength of the current from the plate circuit

to make the music from the set louder. Each
tube amplifies, or strengthens, the music.

Power is added by the B batteries in the

plate circuit of each amplifier tube. The weak
alternating current on the grid of each tube

controls this added power.

When we succeeded in heating the tube

filaments with an alternating current, storage

batteries were no longer needed for a radio

receiving set. Very heavy filaments and low

filament voltage made possible the use of

alternating current on tube filaments. A
heavy wire filament heats and cools so slowly

that the rapid changes of the lighting current

affect the filament heat very little.

A radio-frequency amplifier connected be-

tween the antenna and the detector makes the

set more sensitive to weak stations.

The screen-grid tube is used as a radio-

frequency amplifier. The new element, the

screen grid, when made positive, helps to

make the tube very sensitive and makes it

an efficient amplifier. There is no howling

389



caused by capacity between elements when

this type of tube is used in radio-frequency

circuits.

Another method of amplification is to con-

nect a coil in the plate circuit, which induces

currents back into the grid circuit. The plate

current helps the grid current, or regenerates

it, producing music that is much stronger

than in a detector set. A resistor, or con-

denser, in the plate circuit controls the

amount of energy fed back from the plate

circuit to the grid circuit.

An alternating-current heated tube that

can be used as a detector or as an amplifier

has a cathode, a metal sleeve coated with

oxides rich in electrons. The filament of this

tube is used only to heat the cathode. The

cathode heats and cools so slowly that it is

not affected by changing filament voltage.

Short-wave receivers use standard circuits

but have smaller tuning condensers and coils.

Magnetic loud-speakers are similar to ear-

phones in design. Speakers are designed to

handle more current and to produce louder

sound.

The dynamic speaker is more powerful

than the magnetic speaker. In it a coil at-

tached to the speaker cone moves in a strong

magnetic field.

FM sets are built to operate on high fre-

quencies instead of the regular broadcast

band.

FM sets use short directive antennae.

FM reception is relatively clear of static

interference.

One difference between AM and FM is

that in AM the frequency of the broadcast

wave remains constant while in FM the wave
varies in frequency. Another difference is

that in AM the wave varies in strength while

in FM the wave remains at a constant

strength.

The present FM sets have a comparatively

short range.

The television camera uses a regular lens

which forms an image on a screen inside the

camera. This image controls weak electrical

impulses which are sent to the transmitter.

A television receiver consists of an FM-
type radio receiver for the sound and another

receiver for the pictures.

Like FM, television is transmitted on short

waves which follow the "line of sight” and

are limited in range.

Radar is a form of television. The high-

frequency radio signal is sent out; it strikes

an object and bounces back; the radar re-

ceiver picks up the rebounding signal and

makes it visible on the cathode viewing

screen.

Radar is one of our most important navi-

gational aids for both steamships and air-

planes.

The groove in the record is crooked. The

needle following this groove vibrates at the

same rate as our vocal cords. When this vi-

bration is amplified it gives us the same

sounds as our voice.

A wire recording consists of a fine steel

wire along which there is a varying degree

of magnetism; a tape recording consists, of

a magnetic oxide coated paper tape along

which there is a varying degree of magnetism.

Programs can be removed from either the

wire or tape by demagnetizing them.

The sound track of a motion-picture film

causes a varying amount of light to strike a

photoelectric cell. The current generated by

the photo cell is sent through an audio am-

plifier to produce sound.

Motion-picture film consists of a series of

still pictures. When these pictures are pro-

jected in succession on the screen, our eyes

give us the illusion of motion.

AFTER YOU FINISH THIS CHAPTER

1. Select a type of telephone to install be-

tween your summer camp and the camp of a

neighbor a few miles away. Explain why you

would select this type of telephone.
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2. Write a report on the action of waves
of different frequencies.

3. Write a report on the Heaviside layer.

4. Write a report on the use of vacuum-
tube oscillators in the immense cyclotron used

at the University of California to make arti-

ficial radium and to study and split the atom.

5. Make a list of industrial uses of

vacuum tubes.

6. Give points of similarity and points of

difference between a radio tube and a neon

tube as used in a sign.

7. Write a report on the new-type sodium-

vapor tubes used for highway-lighting sys-

tems. In what way are they similar to

vacuum tubes?

8. Write a report on one or more of the

following topics: the electric organ, the elec-

tric eye, television, the Farnsworth vacuum-
tube developments, a comparison of the vac-

uum tube and the X-ray tube.

9. What possibilities not possessed by the

crystal detector were brought into radio by
the vacuum tube?

10. What effect does weather have upon
radio reception?

11. Name several fundamental machines

which you studied in the unit on machines

and show how they are used in radio sets.

12. Make a list of ways in which aeronau-

tics depends upon radio.

13.
Make a list of ways in which the fol-

lowing pieces of electric apparatus are used

in a radio: transformer, choke coils, high-

resistance wires, condensers, electromagnets,

permanent magnets, rectifiers, rheostats.

LEISURE-TIME ACTIVITIES

1.

Try out a set using a radio-frequency

amplifier, a crystal detector, and an audio-

frequency amplifier. Compare the music you

get with that heard when a vacuum-tube de-

tector is used.

2. Find out from your physician how
vacuum-tube oscillators are used in the treat-

ment of disease.

3. Visit a broadcasting studio. Trace and

explain the path of the electric currents from

the microphone through the transmitter to

the antenna and over the radio waves.

4. Construct a short-wave receiving set

and demonstrate it to the class.

5. Visit some nearby radio station. Ex-

amine the tubes used to broadcast programs.

Compare them with the tubes used in your

home receiving set. Explain the differences

between the construction of these broadcast-

ing tubes and that of the simple three-element

tubes that you have studied. How do the ele-

ments of the broadcasting tubes differ from

the elements of simple three-element tubes?
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New England salt box

15 . SCIENCE IN THE MODERN HOME

Designing and Building

Architecture. One of the fundamental de-

mands of man is shelter. The modern home
offers innumerable opportunities for apply-

ing science to the making of more comfortable

lives. Not the least important of these oppor-

tunities is that of the application of scientific

thinking in planning and building.

The first thing that members of a family

have to consider when they decide to build a
home is the style of architecture they desire.

There are a great many designs from which

they may choose. The styles have been de-

veloped in Europe and America. Houses have
been made suitable to the climates and re-

gions in which they are built. The origin of

each particular style of building is more easily

understood if we study the climate in which
it is found and habits of the people who de-

veloped it.

STYLES OF ARCHITECTURE IN THE
UNITED STATES

1.

Colonial, early, (a) Materials: wood, often hand-
hewn. (6) Characteristics: determined by the severe

climate and simple tastes of the settlers, (c) Types:

(1) New England salt-box type with roof sweeping
down to lean-to. (2) Cape Cod. Gambrel roof often

|used; balanced fagade; doorways with columns.

2. a. Colonial, Georgian—New England. (1) Devel-

opment
;
larger homes of classical design, showing in-

fluence of England. (2) Materials; wood and brick.

(3) Characteristics: two stories; balanced fagade;

pillars often extending from roof to foundation. Rail-

ing on roof often used where sea was in view and

incoming vessels could be watched. Interiors more
elaborate as people became more prosperous and im-

ported furnishings from Europe.

b. Colonial, Georgian—Southern. (1) Develop-

ment: along classical lines, but more adapted to

warmer climate. (2) Materials: wood and brick;

wood used more often, as it was more available.

(3) Characteristics: wider porches, often extending

around three sides
;
elaborate and spacious. Built for

service of a hospitable people. Along the Mississippi

River a balcony was often built on the roofs of build-

ings owned by those interested in the river-boat in-

dustry.

3. Spanish. \a) Development : in South, Southwest,

and along the Pacific coast, as a result of Spanish

settlement, {b) Materials: adobe, stucco, tile; mate-

rials made of native clay; heavy hand-hewn timbers

used in construction, (c) Characteristics: thick walls,

flat or tile roof; balconies, patios, etc., suitable for

living in warm climate. A tower was first used as a

watchtower, to afford protection from invasion, and

was lowered in height as such dangers decreased.

4. Italian, (a) Development: wherever Spanish

type is found; largely in warmer climates, (b) Mate-

rials; stucco, tile, (c) Characteristics: formal and

large; twisting columns; balconies.
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5. English, (a) Development : result of English in-

fluence in architecture and furnishings, (b) Types;

(1) Cotswold, cottage type, suitable for small home;

steep roof (the originals were thatched, but slate or

shingles are used generally). Stucco and wood used

in gables and upper stories, wood used below. (2 ) Eng-

lish country home, similar to cottage, but larger and

more formal; more adaptable to meet need for

spacious home. Brick or stone used in first story;

stucco and wood above.

6. a. French, Southern. (1) Development: in New
Orleans and in the South where French settled.

(2) Materials: brick structure; much ironwork as

ornamentation.

b. French, Provincial. (1) Development: modern,

as its adaptability to modern living was seen. (2) Ma-

terials: wood, stone, brick, stucco used; brick often

used for corner ornamentation in stucco wall.

(3) Characteristics: simple lines; steep roof, dormer

windows; tower.

7. Modern, (a) Development: to meet the needs

of modern living and as new materials came into use.

(b) Materials: concrete, steel, (c) Characteristics:

simplicity of line; spacious; many large windows,

balconies, decks; heating and ventilating facilities.

(d) Type : modern adaptation of classical lines.

The recent application of science and re-

search to housebuilding is developing some

styles and characteristics which are truly sci-

entific and truly American.

Floor Plan. After the type of architecture

has been selected, the next problem to con-

sider is that of the floor plan. The selection

of a floor plan is a matter of individual pref-

erence. Since there are many different tem-

peraments, and consequently many different

preferences, there has been an unlimited

variety of floor plans.

Individuality should not be discouraged,

but certain consequences should be recog-

nized. For example, individual preference in

houses has prevented standardization, which
makes possible quantity production and low
cost. We have not demanded individuality

in our automobiles
;
hence companies can now

make high-grade automobiles cheaply in

quantity lots. But as long as we demand
custom-made houses, they will cost unreason-

ably more in comparison with quantity-

production goods, such as automobiles.

The floor plan gives a person a convenient

way of figuring the approximate cost of the

entire house; that is, the cost of the entire

house is based upon the number of square

feet of floor space. For example, if houses in

a certain region cost about $7 per square foot

to build, a house with 2000 square feet of

floor space will cost about $14,000.

Since cost is usually the most important

item of consideration for a family, this may
easily be a starting point in planning the

building of a house. That is, one should de-

cide upon the price he wishes to pay and then

divide it by the cost per square foot to find

how many square feet of floors can be secured

for this price.

Size of Rooms. The next consideration is

how to divide this space into rooms in order

to get the most comfort for the money. The

number of rooms will, of course, be deter-

mined by the number of persons in the family.

If many rooms are desired, they must be

small in order to fit into the given floor area;

the fewer rooms there are, the larger they

can be.

In determining the size of rooms the prob-

lem of their relative size must be considered.

For example, should the living-room be twice

as large as the dining-room, or is a dinette in

one end of the living-room more suitable?

These questions are, of course, decided by

individual preference. The builder should

think this problem through, considering not

only his temporary desires but also his plans

for the future; he.should even consider pos-

sible resale values.

The problems involved in a floor plan can

be understood better if we study a definite

plan. Let us consider a five-room house with

1000 square feet of floor space. The question

arises. What rooms are to be included in this

five-room house? Should there be a separate

breakfast room and also a bathroom large

enough to include a shower, or should this

extra floor space go into making the rest of

the rooms larger? This is simply a question

of choosing how best to satisfy the needs of

the family. Some small well-planned homes
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A two-story dwelling, laid out as shown above, has several advantages.

There is easy access to the dining room from the kitchen.

The living room, separated from the kitchen and dining room by a wide hall,

is free from the odor of cooking food.

The three bedrooms, each having two windows and opening on the hall,

permit good circulation of air



PORCH

GARAGE
A house with all rooms on one floor makes a most satisfactory home

for a small family. It is economical to heat and saves much

going up and down stairs

have several large closets in convenient

places, while others are woefully lacking in

such storage places.

Some houses have cloak closets near the

entrances, while in others it is necessary to

go through the living room and back into a

bedroom to find a place for one’s hat.

There are, however, a number of consid-

erations in a floor plan which are not entirely

a matter of individual preference, and they

should be noted when one is examining floor

plans. Waste space should be avoided be-

cause it adds to the cost and gives little in

return. The rooms should be accessible one

to another and conveniently shaped. For
example, some arrangements of rooms will

require twice as much walking to prepare a
meal and place it on the dining-room table as

others do.

Windows. The position of the windows is

another vital problem. Fortunately, in most
cities this matter is controlled by building

regulations, since good health and comfort

require a certain amount of window area in

each room. A number of states require that

the window area in each room must equal at

least one eighth of the floor area of the room

There are also definite requirements regard-

ing the position of windows for cross ventila-

tion in certain rooms. It is necessary not only

to have the windows properly placed but also

to have the ceilings of an adequate height to

allow for a required number of cubic feet of

air space in each room so that a group of

people can breathe comfortably in it.

Foundations. The building of the founda-

tion is the first major step in the construction

of a home. There are many types of founda-

tions, all of them good if properly con-

structed; but concrete is by far the most

common. Great care must be used in plan-

ning the foundation if the house is to last

well and not warp or crack.

Most cities require that the foundation be

placed at a certain depth in the soil in order

to rest upon solid ground. Other localities do



The work of termites

not have such a requirement, and as a result

much money is eventually wasted in repairing

houses that have warped on account of the

settling of the weak foundations. Cheap con-

struction is likely to entail weak foundations;

hence it is necessary in most places to have

minimum requirements for the size and

strength of each part. Regulations usually

specify that the foundation for the fireplace

be an independent unit so that the weight of

a heavy fireplace and chimney will not put

any strain on the rest of the house.

In regions which are affected by earth-

quakes much care must be used in the con-

struction of foundations. If the house is not

securely attached to the foundation, it is apt

to slide during a quake. Also, the house is

likely to jump or bounce off the foundation

when the earthquake vibration is up and
down instead of having the usual sidewise

motion. One of the best means for attaching

the framework of the house to the foundation

is to reinforce the foundation with long iron

bolts and then fasten the framework to these

bolts.

Many sections of the United States are

affected by small antlike bugs called termites.

They are peculiar in that wood is their basic

food. They are able to eat wood and then

turn it into sugar in their digestive tracts.

When termites become established in a house,

they eat holes through the wood and some-

times weaken the building so much that it

collapses.

There are several methods of protecting^ a

building against termites. One is simple: the

termites do not like to eat redwood; and since

many of the termites come from the ground,

a layer of redwood next to the foundation will

stop many of them. They also do not like

wood which has been treated with creosote;

therefore, if the wood next to the foundation

is treated with this substance, it is more un-

likely that they will find their way up to the

eatable wood. Building regulations in certain

states require the use of creosote on the wood
next to all foundations. Care should also be

taken to see that all the wood forms are re-

moved from the concrete foundations, so that

the termites will not have an easy path up to

the wood in the house.

Types of Construction. The framework of a

house is attached directly to the foundation.

The framework is immensely important be-

cause it serves the same purpose in a house

that our skeletons do in our bodies. That is,

it maintains the shape and gives strength or

support to the rest of the material.

There are two general types of frames:

the Western construction and the balloon

construction. The balloon type is somewhat

more expensive, but. is far superior to the

other.

Let us examine the diagram of the frame

for an ordinary two-story house where bal-

loon construction is used, as shown on page

398. A sill is bolted on top of the foundation,

and to it the upright pieces are attached di-

rectly. The uprights in this diagram extend

from the foundation clear through to the

ceiling of the upper story. The beams for the

first floor, second floor, and upper ceiling

are fastened to the uprights as shown in the

insert. Then, when the framework is prop-

erly cross-braced, the entire building is one

which is not likely to shake to pieces during

an earthquake.
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Now examine the diagram of a house con-

structed on the Western plan, shown on page

398. In it short upright pieces extend from

the foundation to the cross members which

form the first floor. The floor is placed upon

these crosspieces, and then the uprights for

the first story are stood upon the floor and

toenailed to it. The second-story floor is set

upon these uprights, and the rest of the sec-

ond story is toenailed to the second floor. The

result is that the entire house is divided into

separated units at each floor. Houses of this

type usually separate between these units

during an earthquake. Generally the weakest

part is the short section from the foundation

to the first floor, because it is difficult to

anchor a heavy house to it. These short up-

rights are also difficult to brace sufficiently

against an earthquake. In recent earth-

quakes in which there has been a vertical

motion, houses of this type pulled loose from

the short section between the foundation and

the first floor and jumped off the foundations.

A great many different types of wood may
be used in the construction of a home, de-

pending upon its locality. Each has some
outstanding advantages. Redwood will not

rot so readily as most other types of wood
when placed under the ground or in contact

with it; cedar, which resists ordinary weath-
ering better than most wood, is good for

shingles; Oregon pine is popular for frame-

work in the West because it is strong and
pliable—however, it rots so easily that it must
be protected from the weather. The hard-

woods are becoming so expensive now that

they are chiefly used for interior trimming
because of their beautiful finishes.

Steel frames are being used for wooden
houses at present. If these frames ever reach

a stage of quantity production sufficient to

make them sell at prices equal to those of

wooden frames, they will be immensely su-

perior in many ways. It will be possible to

assemble them much more rapidly; and after

the pieces have been welded together, the

entire frame will be one piece, which will be

practically indestructible by either earth-

quakes or tornadoes. Steel window frames

and sashes are becoming popular. They are

attractive-looking and strong. At present

they are somewhat more expensive than wood
but are much more quickly installed.

Walls. Wood. There are many different

types of coverings for the frames of houses.

For many years the most common has been

wood siding. When wood siding is used, a

layer of heavy waterproof paper is first tacked

over the frame, and the siding is then nailed

over this paper (see diagram above). The
paper is used both for insulation and to keep

out moisture. Redwood is one of the best

materials for siding because it does not need

frequent painting.

Brick. In some sections of the country

brick is popular. In general, it is more ex-

pensive than wood, but is more lasting and

eliminates the cost of painting. Brick makes

such good insulation that a home made of this

material is warmer in winter and cooler in

summer than one constructed of wood. Much
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the same type of framework is used for both

brick and wooden houses. Brick veneer is

usually made as a wall which stands against

the frame.

The strength of the house depends on the

framework. This type of construction is

easily injured during an earthquake because

the brick wall falls away from the frame,

usually leaving the framework uninjured but

the wall a total loss. There are several meth-

ods of preventing this injury. One is to use

hollow bricks and place iron rods down

through the wall every few feet. These rods,

when anchored to the frame of the building,

can hold the wall together. Another method

is to attach the wall to the frame every few

feet; that is, the brick is "tied in” to the

building.

Glass Bricks. A recent development in

wall-building, which promises to become very

popular, is the use of translucent-glass bricks.

All these walls, as well as the windows, thus

admit light into a room
;
yet the construction

of these glass bricks is such that it is impos-

sible for a person on the outside to see in.

Several methods are being devised for fas-

tening these bricks to a metal framework so

securely that a glass-brick house will be

stronger than an ordinary brick house and yet

just as cheap to build.

Stucco. Stucco is another type of outside

covering which is especially popular in the

southern parts of the United States. This

material has been so popular in recent years

that many people think it is something new.

Yet history tells us that stucco was a favorite

material among the Greeks in 500 b.c., and

the composition of their stucco was almost

identical with that of the type we use now.

Some stucco is made of cement and sand,

while other kinds are made of mortar. The
best is the cement type. The stucco material

is made up into a thick paste with water and

daubed on a wire mesh which is fastened on

the framework of the house. This material

hardens and forms a thick layer over the out-

side of the house in much the same way that

plaster sticks on the inside. Stucco makes

an attractive finish, especially for Spanish

homes. It can be colored any shade and sel-

dom needs refinishing.

Many other types of houses are being de-

veloped. Concrete homes, reinforced with

steel, make strong, attractive structures and
may eventually become popular.

Prefabricated Houses. The principal diffi-

culties in building construction result from

the scarcity and high cost of both materials

and labor. This has resulted in the formation

of many companies for the purpose of build-

ing homes, school buildings, and small utility

buildings in centrally-located factories in

such a way that they can be shipped in sec-

tions to the purchaser who can erect the

building in a short time, with a minimum of

labor. These prefabricated buildings have

many forms, shapes, and sizes.

Glass blocks are decorative

and provide abundant diffused light

United States Advertising Corporation



One rather common type of prefabricated

building is made entirely of wood. The many
pieces of lumber are cut to exact sizes, num-
bered, and placed in crates. When these

crates are delivered to thfe site of the new
building, the crates are opened and the num-
bered pieces of lumber are put together ac-

cording to the set of directions. Ordinarily

these buildings can be put together by an ex-

perienced crew in a few days.

In some localities, factories are now mak-

ing complete cottages which are placed on

special trailers and hauled to the homesite

where they are installed on previously pre-

pared foundations.

One type of prefabricated house which is

attracting wide interest is the sectional steel

house. Under this system, each section of

wall is made up at the factory, in standard

form and in large quantity. Each of these

standardized wall sections is not only com-

plete in itself, containing windows, electric

wiring, fixtures, plumbing, and insulation, but

is also finished on both inside and outside.

Thus, when a section is fastened to the floor

and foundation, that part of the wall is done.

This method accomplishes special savings,

particularly in the construction of bathrooms

and kitchens. In the kitchen the sink, drain-

board, and plumbing are all a part of the

wall. The cabinets are part of another wall,

the doors part of another, and so on. Thus
all that is necessary to build a kitchen by

this method is to stand up four walls and

fasten them together. The same is true of

the bathroom.

Roofs. The shape or style of a roof is deter-

mined by the type of architecture in the con-

struction, but a person must consider more

than just the question of the matching of the

roof and the house. The position or shape of

the lot greatly affects the question of what

kind of roof to use. If the lot is low and the

passers-by look down toward the house, a

steep, high roof makes the house more im-

pressive than it would be if it had a low roof.

A low roof would make such a house look

small and squatty. On the other hand, a low-

roofed house looks better on a high or steep

lot. If the lot stands high above the street, a

steep roof makes the house look out of pro-

portion. A pleasing effect is gained if the

Setting up a prefabricated house

Forest Products Laboralory, XJnited States Forest Service

401



house and roof fit in well with the houses near

by. Sometimes one sees a whole block of low

but attractive homes, and in the midst of

them is one with a high, steep roof, which ap-

pears so out of place that the effect is dis-

pleasing.

Many kinds of material are used for roof-

ing, but wooden shingles are the most com-

mon. They are cheaper than most other

kinds, but they should be stained frequently

if long wear is expected of them. Shingles

have another disadvantage. Leaves which

may collect upon them in the fall are a serious

fire hazard, for they easily catch fire from

chimney sparks. Roofs that are covered with

slate or shingles of metal, such as copper, are,

of course, fireproof. While such roofing is

much more expensive than wooden shingles,

it is attractive and lasts indefinitely.

Composition materials are much used on

both sloping and flat roofs. Usually they are

made of tarred paper, coated with sand or

other noncombustible materials. This tarred

paper is made in the shape of shingles for

sloping roofs and long strips for flat roofs.

Special precautions must be taken against fire

on flat roofs because any leaves or other

materials which fall upon them will remain

there. Much of this danger can be overcome

by coating the roof with tar and then covering

it with a layer of gravel.

Interior Finishes. The most common cov-

ering for the inside of walls is plaster. Plaster

is easy to apply over lath, and it is more fire-

proof than wooden walls; but warping or

settling of the house is likely to crack it in

the corners or ceiling. If the corners are

properly fitted with metal lath, they will be

less likely to crack.

Plaster can be easily tinted in any suitable

color, or it can be covered with wallpaper.

Where the plaster itself is to be used for the

final finish of the wall, it may be put on with

either a smooth or a rough, or uneven, sur-

face. The rough finishes are very attractive,

but each little wrinkle or crevice will collect

dust. These dust streaks are not only un-

sightly but difficult to remove. All plasters

Asbestos shingles

should have a dull finish in order to eliminate

glare from the lights.

While plaster is just as suitable for ceilings

as it is for walls, wood makes attractive ceil-

ings, especially for the cathedral types. This

wood may be either stained or painted.

A correct choice of colors in a room can

make the difference between a cheerful, liv-

able room and a tiring, monotonous one. In

general, light colors make the room look

larger, while dark colors make the room look

small.

The colors of the walls and ceilings not

only determine the cheerfulness, but also

affect the cost of lighting the rooms. For

example, rooms with brown walls and brown

ceilings of certain shades require about three

times as many watts to light them as rooms

with white or lemon-yellow colors. Some

colors reflect more light than others. The
lighter a given color reflects, the cheaper it

will be to light the room, and the illumination
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will be more evenly distributed. A compari-

son of the ability of different paints to reflect

light is shown in the following table:

Color of Paint

White . . .

Ivory . . ,

Buff . . .

Sage green

Sky blue . .

Olive green .

Cardinal red .

Black . , .

Percentage of

Light Reflected

. 80 per cent

. 70 per cent

. 65 per cent

. 40 per cent

. 35 per cent

. 20 per cent

. 20 per cent

5 per cent

A study of this table shows that some

colors reflect light very poorly, but it does

not mean that these colors should never be

used. It simply means that if one of these

poorly reflecting colors is chosen, larger win-

dows should be arranged to admit daylight

and more light globes should be used at night

than with a color which is a good reflector.

Another way to avoid the difficulty is to paint

the room with a strongly reflecting color and

then trim it with one of the poorly reflecting

ones. With this arrangement more light is not

needed, and the trimming will give much the

same color impression as if the entire room

were of this color.

Bathroom Floors and Fixtures. The many
kinds of material now available for bath-

rooms perplex many purchasers. Too often

they let appearance rather than usefulness or

ease in cleaning determine their choice.

Elaborate and frail equipment is suitable for

the homes of the wealthy. Families of aver-

age means find it necessary to clean and care

for their own bathrooms. There is, however,

a wide selection of bathroom material which

is attractive and yet easy to maintain.

After the color and design for the floor

have been decided upon, two important ques-

tions should be answered in selecting the ma-

terial of which it is to be made. One is "Will

this material be easy to clean?” If it is made
of tiny pieces of tile, it is practically certain

that it will not be easy to clean. There are

many varieties of tile which are exceptionally

easy to keep fresh and clean, and an examina-

tion of samples will readily show whether the

dirt sticks easily to the tiles or to the compo-

sition material which holds them together.

The other important question is "Will there

be danger of slipping on this floor when it is

wet?” Insurance companies can show long

lists of accidents caused by slipping on wet

bathroom floors. Most of these could have

been avoided by the use of the right kind of

floor covering. There are also a great many
attractive linoleum designs practicable for

bathroom floors. The perfected waterproof

cements which stick linoleum to the floors

give it as long life as many other types of

coverings. With care it is possible to choose

material which is attractive, easy to maintain,

and safe from the danger of slipping.

There are two common types of bathroom

fixtures, those made of enamelware and those

made entirely of porcelain. Bathtubs and

washstands are often made of enamelware.

There are several steps in the making of this

ware. First a cast-iron tub is made; then this

is painted over with a coating of enamel. The
tub is then placed in a furnace and heated

white-hot. Enameling material, which is com-

posed mostly of silicates, is then sprinkled in

a fine powder over the tub, upon which it

fuses and finally makes a thick coating which

is smooth and hard. Often the tubs are too

smooth. The high gloss makes them easy to

clean, but they are too slippery to stand in.

Falling in slippery tubs is one of the causes

of serious accidents in a house. Much of this

difficulty is lessened if hand grips are placed

on the wall beside the tub. Tubs designed for

showers usually have a slightly duller finish

to prevent slipping. A rubber mat placed on

the floor of the tub also greatly lessens the

danger of accident. It is doubtful, however,

if the small saving made possible by having a

combination tub and shower ever makes up

for the added risk of falling. A shower stall

separate from the tub adds only a small per-

centage to the total cost of a home.

Porcelain fixtures are made entirely of

porcelain and have no cast-iron base. The

composition and manufacture of these are
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A ground coat and two or three upper coats of enamel are applied to the cast-iron tub

similar to those of any other type of porcelain

ware. Most of the porcelain fixtures have an

advantage over the enamels in that strong

lye solutions can be used for cleaning them,

while the enamelware must be kept free from

strong alkalies or rough cleaners which might

scratch the surface. There is one place where

porcelain should never be used, and that is for

the handles of faucets. It looks attractive,

but it breaks easily and usually with razor-

edge sharpness, which often causes bad cuts.

In the last few years a number of new
materials have been produced for bathroom

fixtures. An outstanding one is stainless steel,

which can now be used to equip the entire

bathroom. Stainless steel makes pretty bath-

tubs, which are exceptionally easy to clean.

The real difficulty with them is that they are

still too expensive to compete with other

equipment.

Since the plumbing in a bathroom is con-

cealed, it is not often given consideration by

the purchaser. In most cities it is necessary

to control the installation and quality of

plumbing by setting minimum regulations.

Rusty water appears in many bathrooms be-

cause all the pipes which carry hot water are

made of iron. The expansion and contraction

of the pipes cause this rust to break loose and

color the water. The best way to avoid rusty

water is to have the hot-water pipes made of

copper. This added expense many families

cannot afford when they build, but the expen-

diture is well worth while when it can be met.

Kitchen Fixtures. Probably more unneces-

sary work is required in operating a kitchen

than in any other activity developed by civi-

lized man. We are quite at a loss to explain

why this is true. Perhaps it is because most

designers of homes are men who have never

worked in a kitchen. Perhaps the women are

too willing to follow the kitchens of their

mothers and grandmothers. Whatever is the

cause, we must realize that at the present time
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Why is this a poorly planned kitchen?

there is sufficient modern equipment on the

market to transform our kitchens into real

laborsaving workrooms.

Let us examine some of the possibilities of

making a truly scientific kitchen. In the first

place, most kitchens are neither shaped cor-

rectly nor built in the proper size. The work

of preparing a meal centers around several

definite units: the stove, the sink and drain-

board, the cooler or refrigerator, and the cup-

boards. Good judgment would dictate that

these conveniences be grouped so as to re-

quire the least walking to prepare a meal.

Nevertheless, even in many so-called modern

kitchens, it is not uncommon to find them

scattered around the walls of a large square

room, where it is impossible to go from one

to the other without walking across the room.

It is quite simple to arrange a kitchen in such

a way that a person need take only one or two

steps in going from the sink to the stove or

the refrigerator. It would be good practice

for a student to examine the pictures of a

number of kitchens and make a list of the

equipment the placement of which requires

unnecessary steps to reach it. It is also

valuable for students to examine their own
kitchens to see where unnecessary walking

is required.

How can the sink and drainboard be ar-

ranged to save unnecessary work? Most
drainboards are made of tile. This material,

when of the right design and properly in-

stalled, is not only attractive but exceed-

ingly easy to clean; but poor tile soon works

loose, or around each piece pockets are

formed which are difficult to keep clean. The

stainless-steel sinks and drainboards are

among the easiest to keep clean, but unfor-

tunately they are too high-priced for the

average family to consider. If their price ever

drops sufficiently, they are certain to become

exceedingly popular.

The most important addition to a sink is

usually missing—the electric dishwasher.

Again the high price is a handicap. The



operation of a dishwasher is simple. When
the dishes are removed from the table and

placed directly in the machine, a rubber-

covered rack holds them on edge. When the

dishes are ready to be washed, the lid is closed

and an electric motor operates a centrifugal

pump which scatters a fine spray of hot water

over the dishes. This water collects at the

bottom and is pumped back over the dishes

again. This system makes possible a saving

in hot water. The machine needs no atten-

tion, and if the dishes are unusually difficult

to clean, the washer is allowed to run for a

longer time. A push of a button will dispose

of the washing water and also rinse the dishes

with fresh hot water. It is unnecessary to dry

these dishes, because they dry themselves;

they can satisfactorily be left in the machine

until they are to be used for the next meal.

STUDY GUIDE

1. What are the characteristics of some of

the more important styles of architecture?

2. What is a floor plan?

3. What factors determine the size of

rooms and the placement of windows?

4. What are the various types of founda-

tion and framework?

5. What are the advantages of the different

materials available for walls?

6. What are the merits of the different

kinds of roofing?

7. What factors should determine the se-

lection of finishes, floors, and fixtures?

Heating and Refrigeration

Insulation. One of the biggest factors in

home comfort and economy is low-cost heat-

ing. The problem of building a home that is

easy to heat often receives the least con-

sideration of all, but it is easily solved with

correct insulation in the walls and ceilings.

Insulation is any substance which is a poor

conductor of heat, that is, which will not let

heat pass through it readily. Good insulation

will not let the heat escape in winter; it will

also keep out the heat during the summer.

Thus we can correctly say that a well-

insulated house is warm in winter and cool

in summer.

There are a number of methods for insu-

lating the walls and ceilings of a house, but

too often none of them are used. The most

common and the cheapest of all methods uses

a layer of building paper between the out-

side and inside walls. There is an air space

between the walls, and since air is a poor con-

ductor of heat, this air makes a good and

cheap insulator.

There is one serious difficulty, however, in

depending upon air alone for insulation, and

that is the air circulation in these spaces, as

How heat is conducted through a wall and lost



Applying rock-wool insulation in an open attic

shown in the diagram on page 406. The air

next to the inside wall is warmed; it rises to

the top, then comes down next to the outside

wall, and lets the heat escape through the cold

outer wall. This air then rises along the in-

side wall and absorbs more heat to waste.

The main problem of insulation within the

walls is to insert some poor conductor which

will stop the circulation. It is not necessary

to put something in the wall to replace the air,

but just to stop its circulation. Fluffy as-

bestos wool is one of the best substances for

this purpose. It is rather expensive but highly

satisfactory. Another good means of stop-

ping this circulation of air is to fill the walls

loosely with glass wool. This material is made
by drawing molten glass out into fine threads

which may be matted together like wads of

cotton or wool. Since glass is a poor con-

ductor of heat, glass wool is a good insulating

material. Since the glass resembles wads of

cotton, one might think that cotton itself

ought to be a good insulating material. Al-

though cofton is a nonconductor, there are

several serious disadvantages in its use. If it

gets damp, it will mold and soon lose its in-

sulating value. Also, it will burn readily if a

spark gets into it. But asbestos and glass

wool are absolutely fireproof and can be

placed around the electric wiring without fear

of trouble from sparks or shorts.

A new method of insulation now in use does

not stop the circulation of air within the walls,

but prevents this air from discharging its heat

through the outside wall. The principle in-

volved here is that of the reflection of heat.

Heat can be reflected from a smooth surface

in the same manner as light can. In other

words, a good method of insulation would be

to line the walls with a reflecting surface.

This can be done by placing thin sheets of

aluminum between the walls. Thus much of

the heat which passes through the inner wall

will be reflected back by the aluminum.

These aluminum sheets are prepared in a

cheap form by covering strips of paper with

aluminum foil. The thickness of the alumi-

num is of no importance; it is the smooth sur-

face which counts.

A great amount of heat is lost around the

windows and doors. If you place your hand

Reflection of heat in wail
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near the bottom of many outside doors, you

can feel the cold air blowing in. All this loss

can be overcome cheaply by placing weather

strips around the windows and doors. Storm

windows and doors are often used in cold

regions.

A great amount of heat also escapes

through the fireplace. In most regions the

fireplace is used only on special occasions, and

for the rest of the time the large chimney fur-

nishes a vent for drawing the heat out of the

room. All good houses have a damper in the

fireplace, so that the vent can be closed when

the fireplace is not in use.

Heating Systems. Several general methods

of heating the home are in use. Each has its

advantages; yet none is greatly superior to

the others.

Steam-Heating System. The steam-heat

method is very common and economical for

large buildings and homes. It requires only

small pipes to carry the steam from the fur-

nace to the radiators. When a radiator is

correctly placed in a room, the cold air from

the floor will be drawn over to the radiator,

where it is warmed. The warmed air rises to

the ceiling and then comes over to the other

side of the room. Here it settles to the floor,

and comes back to the radiator to be warmed
again.

One objection to radiators is that they are

unsightly dust-collectors, but this difficulty

is easily overcome by placing them in the

walls, as is shown at the left. It is also true

that steam radiators do not furnish a supply

of fresh air to the room. Neither do they have

an effective means for adding moisture to the

room to maintain the proper humidity.

Hot-Water Heating System. Hot-water

systems operate on the same principle as the

steam-heating systems except that hot water

instead of steam circulates through the radia-

tors. The hot-water systems are not satis-

factory for heating a house quickly, but they

are satisfactory in regions of continued cold,

where it is desirable to keep the home at a

nearly even temperature day and night.

Hot-Air Heating Systems. Hot-air systems

require large pipes to lead the hot air from

the furnace to the rooms which are to be

heated. There must also be other pipes to

carry the cold air back to the furnace. A one-

story house usually has just one down-draft

pipe. This type of heating is often more

wasteful than the other two, but it can easily

be made just as efficient. The location of the

air vents in a room is very important if the

room is to be evenly warmed and have proper

air circulation. Cold floors are a common
difficulty in rooms where the vents are

wrongly placed. A good arrangement in a

school or in other large buildings is to have

the hot-air vents placed high on the wall at



i one end or along one side of the room and

I
then have the cold-air outlets just above the

I

^ floor under the hot-air vents. The hot air

[ flows along the ceiling to the opposite side of

the room and then settles to the floor. Since

the ventilator grills are usually unsightly in a

f
room, the normal position for them in a home

;

is in the wall at floor level, while the cold-air

: vent is in the floor itself,

i

Hot-air heating systems have several ad-

vantages over other methods: It is possible to

I

bring continuously some fresh air into the

j

home. There is no difficulty with cold drafts,

because the fresh air is brought to the furnace

and heated before it enters the room. Also,

the moisture content of the air in the room

can be readily maintained by permitting

water to evaporate into the hot-air vents.

I

Types of Heaters. There are five common
sources of heat in the home : electricity, coal,

wood, gas, and oil.

Electric Heaters. Electric heaters are im-

mensely satisfactory in regions where elec-

tricity is cheap. However, many regions are

not so fortunate; so most of the electric

j

heaters are of the auxiliary type. They are a

convenience in rooms where heat is wanted

instantly without waiting for the regular fur-

nace to heat. Electric heaters are satisfactory

in small rooms where it is inconvenient to heat

with the more cumbersome methods. Electric

heaters are also readily portable, while the

others are not.

Coal and Wood Furnaces. Coal and wood
furnaces have long been standard in regions

where these fuels are cheap. One important

item to consider in thinking of modern homes
is the automatic stoker, with its controls

perfected for coal furnaces. This makes it

possible to heat a home with coal as auto-

matically as with oil or gas. A motor feeds

the coal into the furnace as needed; and when
the house gets too warm, the motor stops until

the fire needs more fuel.

Gas Furnaces. The utilization of great

natural-gas resources has made gas a most

popular fuel. The heating element in a gas

furnace is similar to a long row of the Bunsen

burners used in the laboratory. These burn-

ers are easily controlled by a thermostat in

any convenient room.

Several types of thermostats are highly

satisfactory. The most common ones are bi-

metallic and operate on the principle of the

bimetallic bar. The circuit-breaker used in

experiments which you have performed is

similar to the one used in a thermostat. One
of the electric contacts is easily adjustable so

that the thermostat can readily be set for any

desired temperature. The wires from the

thermostat lead to an electrically controlled

valve, so that when the room gets cool, the

valve is opened. Many thermostats are con-

nected to electric clocks
;
and when the clock

is set to turn on the heat early in the morning,

the rooms are warm when one rises. This

same clock turns off the heat in the evening.

Oil-Burners. Oil fuel makes possible the

same convenience and automatic control com-

mon with gas. Large oil-burners use crude

oil, but the house type cannot vaporize this

thick crude oil. Home oil-burners use a grade

of oil known as stove oil, which is somewhat

heavier than kerosene. This oil vaporizes

rather easily and never clogs the pipes.

There are many kinds of oil-burners, but

all have some means of vaporizing the oil and

also a fan which forces a blast of air into the

furnace to burn the oil. Spark plugs similar
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to those in an automobile are used to ignite

the oil automatically when the furnace is

turned on.

Some burners blow the oil through a nozzle

which sends it in a fine spray into the blast of

air. The oil and air are so thoroughly mixed

that the oil can readily burn without forming

smoke. Other burners put much dependence

upon heat to vaporize the oil. The heat can

be used to preheat the oil and make it easy to

vaporize from a nozzle; also, the oil can be

sprayed upon a cluster of white-hot bricks,

which will quickly vaporize it. The particular

method of vaporizing the oil is not so impor-

tant as the make of the furnace. If the oil-

burner is built by a reliable manufacturer and

carries a satisfactory guarantee, it is safe to

assume that suitable methods are used.

Automatic Water-Heaters. It is customary

in many localities to have coils in the furnace

which heat the water for the bathroom and

kitchen, but in many homes it is preferable to

have separate heating units for heating the

water. Let us look at some of the different

methods for heating water.

The flash and the storage heater are the

two established types of automatic water-

heaters. The flash type automatically lights

the gas whenever the water is turned on, and

shuts the gas off as soon as the water stops

flowing. A good feature of this type is that

the supply of hot water is never exhausted;

but the flash type of heater is often not so

efficient as the storage type. The storage

heaters have a tank capable of holding from

twenty to fifty gallons. This tank is heavily

insulated, so that the water in it keeps hot for

a long time. The storage heaters may be

heated by either electricity or gas. The elec-

tric heaters have coils of resistance wire in

which the electricity flows.

The gas storage heaters use at their base

a pilot light with the burner, which is turned

on by a thermostat whenever the temperature

of the water drops below a fixed point. This

temperature can be controlled by setting

the thermostat. One of the most satisfac-

tory thermostats for these heaters is of the

"clicker’’ type. It consists of two disks of

different metals sealed together. The double

disk is dented slightly in the middle, and this

bulge springs in or out as the disk is heated

or cooled. It does not move gradually, but

snaps suddenly; this action is important be-

cause it turns the gas on or off quickly. The

other thermostats, which turn on the gas

slowly, allow a good deal of it to leak out

before there is sufficient gas for the pilot light

to ignite. There is also a possibility of leakage

when the gas is shut off.

The Stove. Let us next examine the cooking

stove to see what modern improvements have

been developed for it. Unfortunately most of

the laborsaving devices have been produced

for gas and electric stoves and very few for

coal ranges. Since many regions have cheap

coal available, it would be advantageous if

better stoves were provided for housewives in

these sections.

Ail modern gas ranges have an adjustable

thermostat to control oven temperatures.

These thermostats are usually of the copper-

carbon type; that is, a carbon rod is inserted

loosely in a copper tube which is closed at one

end. When this rod gets hot, it expands
;
but

carbon and copper do not expand at the same

rate, and this difference in expansion is used

to operate a valve mechanically. When the

oven gets too hot, the valve is closed a little,

and is opened again when the oven cools off.

All modern ovens are thoroughly insulated.

The same principles of insulation are used in

the walls of the oven that are used in the walls

of good houses. This insulation results in a

great saving in fuel. It takes less heat to get

the oven hot, and it stays hot longer.

Electric ranges lend themselves best to

automatic controls. They have not only ther-

mostatic controls on the oven but electric

clocks to turn them on and off. This latter

arrangement is a marvelous time-and-worry

saver for efficient housewives. The most con-

venient time to prepare the day’s food is in

the morning while the housework is in prog-

ress. For instance, it takes but a little extra

time in the morning to prepare the evening
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Westinghouse

The housewife goes out while her electric servant

cooks her dinner

roast and put it in the oven. The vegetables

can also be put in the oven at the same time.

The clock is set and the evening meal forgot-

ten. The housewife can easily be away all the

afternoon, if she wishes, and return with the

rest of the family to find that her electric serv-

ant has turned on the oven, cooked the food,

and turned it off again when it was done. If

she is a little late in getting home, it is no

matter, for the stove will keep her dinner

warm. We are not describing an idle dream

but a reality which is available to thousands

of families and will be available to many more

as electricity becomes cheaper.

Air Conditioning. Air conditioning is one of

the greatest advances of the present century

in home comfort. It is now possible to order

completely the climate inside your own home.

While heating units are designed for winter

use, the air-conditioning unit is just as valu-

able in summer as in winter. An air-condition-

ing plant has several uses. In the first place,

it thermostatically controls the temperature,

keeping the rooms warm in winter and cool

in summer. It warms the house during the win-

ter by controlling the furnace. To cool it dur-

ing the summer there must be an electric refrig-

erating unit. These refrigerators are similar

to the household units except that the freez-

ing unit is placed inside the air vents and air is

blown over it
;
thus the air is cooled. A thermo-

stat controls the temperature of the refrigerat-

ing unit; this control is so efficient that it can

keep the house at 68° F, regardless of the out-

side temperature. If the weather should be

extremely hot for a few days, the thermostat

would cause the refrigerating unit to cool the

air circulated through the rooms. Then if a

storm should arise and the weather grow cool

for several days, the thermostat would auto-

matically turn off the refrigerator part of the

air-conditioning plant and turn on the furnace.

Air conditioning gives year-round humid-

ity control. The old-fashioned methods could

evaporate the water in the air vents, but that

was all. With air conditioning it is possible

either to add moisture to the air or to remove

it automatically (see diagram below).

Air conditioning renders another service,

often more important than all the others; it

washes and purifies the air. This benefit

serves sufferers from hay fever especially.

Hay fever is caused by pollen grains from the

flowers of certain plants, ragweed being one

of the worst offenders. The air-conditioning

unit removes all the pollen from the air when

it washes it. Thus a person can sleep or work

Air-conditioning unit



indoors during the summertime and never be

exposed to hay fever. It may be difficult for

some persons to get used to sleeping with

their windows closed at night, but the air-

conditioning unit cannot operate efficiently if

the windows or doors are left open. If the

windows are opened, the room becomes

uncomfortable.

Not only is air conditioning useful in the

home, but it is of immense value in office

buildings, hotels, and railway trains. Passen-

gers no longer need to worry about hay fever

and dust when they cross the continent, be-

cause they can ride all the way in railway

coaches which have a factory-made climate.

Electric Refrigerators. Small electric refrig-

erating units in the home are more than just

laborsavers; they can also be money-savers.

Many foods are cheaper when bought in large

quantities. If they are perishable, they can

be kept safely in the refrigerator. The house-

wife who has an electric refrigerator also has

an opportunity to take advantage of bargains

when they come. Another saving results from

being able to keep food undamaged from one

meal to the next in the hot summer. Cooky

dough and foods of similar nature can be kept

for a week or more. When one wants fresh

cookies, one need only slice off some of the

dough and bake it.

The air circulates in the refrigerator in the

same way that it does in a room. The air

passing over the food is warmed, and it rises.

Then it flows over to the refrigerating unit,

where it is cooled and sinks to the bottom.

Here the food begins to warm it, and it rises

to the top again. Chemical smoke placed in

a refrigerator shows that the air circulates

from six to ten times per minute. The most

perishable foods, like fish, should be kept di-

rectly under the refrigerating compartment,

in order to be exposed to the coldest air.

Home refrigerators and large ice plants op-

erate on the same principle. This principle

is that when a gas is compressed, it becomes

warm
;
and when a liquid is allowed to evapo-

rate, it gets cold. Let us see how this principle

operates in a refrigerator. A gas which can

Float valve

Compressed gas Liquefied gas

j I Gas under low pressure

Electric refrigerator unit

be liquefied rather easily, such as sulfur di-

oxide or one of the Freons, is used. This gas

is compressed by a small machine driven by

an electric motor. The diagram above illus-

trates a common type of electric refrigerator

unit. Note the compressor, which forces the

gas on toward the condenser pipes. The elec-

tric motor which drives the compressor is not

shown. Observe also the cooling, or expan-

sion, coils and the float valve. This type of

refrigerator unit will last for a long time be-

cause there are so few moving parts.

When the gas is compressed, it gets warm;

but it is pumped out into long coils, where it

is allowed to cool. When this compressed gas

gets cool, it turns to a liquid. Near the com-

pressor is a storage tank for this liquid. The
pressure forces some of this liquid from the

storage tank up through a small opening, or

valve, into the expansion coils. These coils

are the ones inside the refrigerator which get

covered with frost. The liquid inside the ex-

pansion coils is under low pressure; that is,

the pressure on the liquid is released when it

passes through the small opening. The liquid

inside the expansion coils readily evaporates

into gas, and in doing so it gets cold. This
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gas flows down to the compressor and is re-

compressed. There is always considerable

liquid inside the expansion compartment. A
small float rises and sinks with the level of

this liquid. When the float drops to a certain

point, it makes an electric contact and turns

on the motor. The motor compresses the re-

turned gas and forces more liquid up into the

expansion compartment. When the float rises

to a certain height, it turns off the motor. To
lower the temperature inside the refrigerator,

one simply adjusts the contact so that the

float will start the motor sooner.

There are, of course, many adaptations of

this process, and one should not get the im-

pression that every refrigerator is like this.

All are alike so far as the main principle is

concerned, which is that a gas gets warm
when it is compressed, and a liquid gets cold

when it evaporates. Some refrigerators op-

erate on what is known as the vacuum system,

but the fundamental principle is the same.

They simply permit the liquid to evaporate into

a vacuum, and the compressor brings this rare-

fied gas back to ordinary air pressure again.

For these refrigerators a substance is chosen

which will be a liquid at ordinary pressure.

The small apartment-house type of re-

frigerator is convenient for use where there

is very limited space in the kitchen. This type

of refrigerator has only the cooling coils and

the food-storage box in the kitchen. The

remainder of the apparatus, including the

motor, the pump, and the heat radiator, is

kept in the basement. Where this type of re-

frigerator is used, the mechanical parts in the

basement frequently furnish refrigeration to

separate food boxes in several apartments.

Such a system, of course, requires a larger

motor and compressor than would be used for

each of the separate refrigerators, but the total

cost of operation is slightly lower due to the

greater efficiency of the more powerful motor.

New types of Deepfreeze units have been

designed to keep food much colder than it is

possible to keep it in the regular household

refrigerator. By keeping food in a frozen

condition it is possible to keep it fresh and

edible for indefinite periods of time. Such

units are especially popular with those who
hunt wild game in season and store it in a

frozen condition for months so that they can

enjoy eating the meat out of season.

Gas Refrigerators. Gas refrigerators work

on the same principle as other mechanical re-

frigerators except that they do not use a com-

pressor to compress the gas. Their operation

depends upon the fact that gases are more

soluble, or more readily absorbed, when cold

than when hot. A substance which is an ex-

cellent solvent for a certain gas is chosen, and

the gas is allowed to dissolve in this material

until it is saturated. Then a gas flame warms

the material and drives off the gas. When the

material is allowed to cool, the gas redissolves

in it.

Now let us see how this process alternately

compresses and rarefies the gas. When the

material is heated, the gas given off into the

sealed compartment develops a pressure.

Then when a thermostat turns down the

flame, the gas cools off, and some of it lique-

fies under this pressure. But when the solvent

also cools off, it begins to dissolve the gas

again. So much gas is reabsorbed that the

remainder is under reduced pressure. Thus

the liquefied gas begins to evaporate rapidly

and cools off the refrigerator.

STUDY GUIDE

1 . What are the different methods of secur-

ing suitable insulation?

2 . What are the advantages and disadvan-

tages of the various heating systems? What
sources of heat are used?

3. Describe the types of automatic water-

heaters.

4. What is air conditioning?

5. How do electric refrigerators and gas

refrigerators operate?

LigKtiiig tke Home

Primitive Lighting. A lighted candle repre-

sents the type of lighting device that man used

for thousands and thousands of years. Per-

haps the first user of light had a fagot of some

413



kind; but, like the candle, it was an open

flame. The Egyptians, with their beautiful

pottery lamps which used olive oil as a fuel,

still had progressed no farther than the use of

an open flame similar to that of the candle.

The candle-type flame had many disadvan-

tages : wind would blow it out
;

it burned with

an unpleasant odor; it had to be held upright;

and it had to be kept away from walls and

ceilings on account of the fire hazard. It had

other drawbacks too: it was inconvenient in

that it had to be lighted with another flame;

it could not be turned out, but had to be

blown out
;
if more than a one-flame light was

needed, more flames had to be added; if less

light was wanted, the flame had to be shielded.

Improvements were made in lighting. The
oil lamp was one improvement, and the gas

mantle a vast improvement over that. But

not until Edison discovered how to put light

inside a glass bulb did we make any vital im-

provement in lighting. Now we have a light

which can be burned in any position without

danger of fire; it has no smell; it is available

in any desired size; and it is convenient to use.

Yet we apply this revolutionary improve-

ment in much the same way that men applied

their primitive lights in the days of the Egyp-

tians. We still suspend our lights from ceil-

ings and fasten them to walls, just as our an-

cestors did. We even build some of our mod-
ern fixtures to look like candles—seemingly

doing our best to continue living in the past.

Requirements in Lighting. Let us consider

some general problems in lighting a home be-

fore we take up the problems involved in

lighting each room. Not only must we know
how to choose good fixtures, but we need to

choose bulbs of the correct strength for each

room.

When we use our eyes for reading, sewing,

studying, playing games, writing, or similar

close work, the scientific study of lighting re-

quirements tells us, "There are minimum
amounts of light which you must have for

proper seeing conditions; when you use your

eyes for close work the amount of light should

not be a matter of choice, guesswork, or pref-

erence.” Science tells us now very definitely

the amounts of light needed for various uses

of the eyes.

Remember that our eyes were formed for

out of doors. Since there are upwards of 1000

foot-candles under a tree, 500 foot-candles on

a porch, and near a window indoors 200 foot-

candles, something is radically wrong if we
try to read or sew under 5 foot-candles.

But one may say: "It all sounds logical.

I agree that it ought to be true, and yet some-

how I am inclined to use these low intensities

of 5 to 10 foot-candles and am able to read

pretty well under them.”

A rather simple experiment will prove to

anybody that eyes, of themselves, if the mind

rather than the pocketbook does the selecting,

will select intensities far higher than those

provided. A lamp bulb designed to give high

intensities of light—as high as 500 foot-

candles—is screwed into the socket of an

ordinary bridge lamp. A rheostat, or a con-

trol device (a simple little knob), is provided

to increase or decrease the amount of light.

Wishing to test the requirements of your

own eyes, you seat yourself in a chair beside

this lamp. You select a newspaper, and you

turn the knob, raising or lowering the light

until your eyes alone tell you that a certain

amount of light seems most comfortable.

Then if you take a light-meter and measure

the amount of light on the newspaper, you

will have a surprise. Those eyes, which, on

account of your previous selection of lamp

size, have been accustomed to reading that

newspaper under low intensities, have auto-

matically selected a quantity of light ten to

fifty times as great.

Eyes vary. Some people will select 75 foot-

candles, while others, with apparently normal

eyes, may select as high as 500 foot-candles

or higher.

Soft Lights. Soft lights may be ideal for

appearances, but when it is a question of sav-

ing eyes and saving energy, beauty must take

second place. It is not that good lighting and

beauty cannot go hand in hand. They can

and should. A well-lighted room can be beau-
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tiful and yet not harsh on the eyes. It helps

to prevent those unsightly eye wrinkles that

come from squinting.

Good lighting helps most those who need

it most. While all of us need good lighting,

perhaps the children and older persons need

it most—children because with life ahead of

them they should not be handicapped by in-

adequate light, older persons because most of

their lives are behind them and in their wan-

ing years we want to give them all possible

enjoyment and comfort.

Let us remember, then, nature’s plan of

high intensities, distance vision, and short

hours. We cannot provide the distance vision.

We may not wish to shorten the hours. Then

at least we can provide high intensities.

Colored Lights. We know that the chief

purpose of light is to aid seeing and that the

matter of decoration is secondary. This con-

sideration is useful when we study the use

of colored lights. Nature has intended man
to see in daylight, and this kind of light is

made up of all the colors, which blend into

an effect which we call white light. Each color

registers on a different part of our eye mecha-

nism, but no part is overworked, because they

are all working together, and no one part has

an excessive amount of work to do. Now let

us see how the effect is changed when we step

into a room which has deeply colored globes.

The first impression may be pleasant, though

startling. But if we stay in this room for sev-

eral hours or try to read under this color, the

part of the eye which sees this color has to

do all the work, and the rest is idle. This

particular part of the eye is not used to doing

so much work and soon tires. Then when we

step into another room with white lamps or

lights of a different color, the entire room

looks odd and confused in color. This is due

to the fact that the parts of the eye are not

able to work in perfect balance. The rested

portions are "overseeing” and the tired por-

tions are not working normally.

Eye fatigue is not the only factor to con-

sider in the use of colored lights, because

colored objects do not appear natural under

certain colors. A blue dress is blue because

it reflects onlyblue light and absorbs, or stops,

all other colors. This dress will appear black

when worn in a room lighted with deep-yellow

light globes. Or suppose a white object with

a brown pattern on it is placed in a room

lighted with red-tinted globes. The white

parts of the article will appear red, and the

brown pattern will seem black. Colored lights

are very effective when used on the stage or

when used for striking effects in certain por-

tions of a room, but they should never be used

for general illumination.

Overhead Lights. The height of lights in a

room is also very important. Again let us go

back to nature to see how the lighting prob-

lem is handled. Outdoors, light comes from

the sun, which is high overhead. Man has

become used to seeing everything lighted from

above. Our eyes are placed correctly in our

heads for overhead lighting. Our eyebrows

protect the eyes from direct sunlight, and the

eyes are set back well into the skull for pro-

tection. The expression on a person’s face

appears natural only when the light is coming

from above. When low wall brackets are used

for general illumination, it is impossible to

face in any direction in a room without having

a light shine directly into the eyes. This is

not only uncomfortable, but it leads to squint-

ing, which gives a distorted expression to a

person’s face; furthermore, the face does not

look natural, because the shadows are in the

wrong place. When wall brackets are used

for lighting as well as for decoration, many
small globes are required to light the room.

This results in an inefficiency which can be

measured in dollars and cents, since a well-

placed 100-watt lamp will give considerably

more light than two 50-watt lamps.

Cost of Operation of Lamps. A 100-watt

lamp costs no more to operate than two 50-

watt lamps; yet the 100-watt lamp produces

about the same amount of light in a room as

would be produced by 1800 candles, while the

total light from two 50-watt lamps is equal

only to approximately 900 candles. The rea-

son for this is that lamps operated at high
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temperatures are more efficient than lamps

operated at lower temperatures. It is possible

to operate 100-watt gas-filled lamps at higher

temperatures than 50-watt lamps not gas-

filled. Therefore it costs less to light a room

with an overhead diffusing-type fixture which

has only one globe than to have many small

lights in the room.

Outlets and Switches. Since reading comfort

usually requires a reading lamp of some sort

in addition to the general illumination, it is

advisable to have a convenience outlet easily

accessible to every place in the room v/here

there is much likelihood of having a lamp.

Each extra outlet costs only about three dol-

lars when it is placed in the building at the

time of construction. But if one waits until

the building is finished, it is expensive to have

extra outlets added. Remember also that out-

lets are used for vacuum cleaners, for toasters,

and for many purposes other than lighting.

Make sure that there is an outlet in the

kitchen for the food-mixer, and have one on

the wall for the electric clock. Do not build

a home in such a manner that it will be neces-

sary to have an unsightly drop cord strung

halfway around the room in order to reach

an electric clock.

Give serious consideration to the placing

of light switches. Many homes are so poorly

arranged that if a person wishes to walk

through the house at night, he must feel his

way through a dark room in order to turn

on the lights, or he must walk back and forth

across the rooms in order to turn out the

lights. All these difficulties can be overcome

by the use of multiple switches. With these

one can control the lights from either the top

or the bottom of the stairs, or from the front

or the back of the house. Multiple switches

are not expensive when installed at the time

the house is built, but they are difficult to

add after the house is finished.

Another common mistake is to have con-

venience outlets for heater units, sun lamps,

and other electric devices placed near the

bathtub or shower compartment in the bath-

room. It is so easy to get a severe shock when
you touch a light switch and some of the

plumbing at the same time that under no cir-

cumstances should lighting switches or out-

lets be within reach of the bathtub or shower

compartment.

How to Light the Living Room. In the

living room all of us can do something quite

definite to improve lighting conditions. We
can do it easily and accomplish wonders, for

we now know certain things : we need plenty

of light, distributed to avoid too much con-

trast between the light and dark places in the

room; and we need light without glare, be-

cause glare is a severe strain on the eyes.
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Hence we may list the requirements for light-

ing a living room as follows: (1) enough light

in each lamp—25 to 100 watts; (2) not too

severe a contrast; (3) absence of glare;

(4) enough light in enough places.

Contrast. We know something now about

the first requirement, but we may not appre-

ciate the importance of contrast. Let us say

that we are lighting up a book to an intensity

of 50 foot-candles. The immediate reaction

in many cases is "Oh, that’s too bright! That’s

too much light.” And yet we know it is not

too much light. We have 200 foot-candles by

a window. What, then, is the matter? We
have not provided too much light, but we have

provided too little light throughout the rest

of the room. If we are to have 50 foot-candles

on our book, the rest of the room should be

lighted with an intensity of at least 5 to 10

foot-candles in order to avoid eyestrain from

too much contrast.

Let us see what happens when we read

under 50 foot-candles and have insufficient

light in the rest of the room. The harsh con-

trast between our brightly lighted page and

the surrounding area causes the eyes to re-

adjust themselves—or shift gears, so to speak

—every time they glance out into darkened

parts of the room, which they do frequently

without our being aware of it. This shifting

tends to tire them.

Now let us light the entire room with an

intensity of 5 to 10 foot-candles. The con-

trast between our book and the rest of the

room is not nearly so great, and, strange to

say, we find our reading much more com-

fortable. If we keep the ratio of 5 to 1 in

mind when laying out the lighting for living

rooms, our eyes will not suffer from contrast.

By 5 to 1 we mean that the entire room should

be lighted with an intensity of 1 foot-candle

for every 5 foot-candles of light that we have

on our reading material.

For this reason lamp shades open at the

top are recommended. This allows part of the

light to go to the ceiling or to other parts of

A well-lighted living room
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Stairways should be sufficiently illuminated

to prevent accidents

the room. That is why an indirect floor lamp

is recommended in addition to the bridge or

table lamp which we may be using for reading.

Glare. The question of glare is also im-

portant. Any unusually bright light in the

field of vision causes the muscles of the iris

diaphragm to contract. This contraction

often results in strain and discomfort. The
prevention of this trouble is simple. All light

sources should be adequately shaded so that

at no time do bare lamps "strike you in the

eye.”

While we are talking about shades, we
must consider another point—the shape and

color of a shade are factors. A lamp shade

intended for reading should have the follow-

ing characteristics: (1) open at the top;

( 2 ) light in color so as to reflect light rather

than absorb it; (3) deep enough to prevent

glare; (4) wide enough at the bottom so as

not to confine the light to too small a circle.

Enough Light in Enough Places. Another

vital matter is enough light in enough places.

One bridge lamp can never be adequate for

a couch or divan. Two lamps are needed, one

at each end, or a floor lamp behind the couch.

Light must be provided so that at any place

where one may sit and use the eyes, sufficient

light is easily obtainable. Thus we need a

light for the piano, a light for the desk, and

a light for each easy chair.

How do we get enough light? Speaking in

^
terms of wattages, we should use no lamp for

\
reading purposes with less than 100 watts. A
bridge lamp, conceivably, with a very good

shade, might have only 75 watts. But the

average bridge lamp or one-socket table lamp

needs 100 watts in order to provide 15 to

20 foot-candles at the average reading dis-

tance. If the lamp has two sockets, it needs

a minimum of two 60’s; if it has three

sockets, a minimum of two 40’s and one 60,

or perhaps three 60’s.

It may be necessary, and generally is, even

with shades open at the top, to supplement

this lighting with an indirect unit of from 150

to 300 watts for general room illumination.

Artistic Arrangement. Since the living

room is the center of home life and the set-

ting for diverse family activities, its lighting

arrangement must be flexible to fulfill its wide

range of living requirements. Floor lamps

and table lamps go far toward the solution of

these requirements in that they may be de-

pended upon not only for useful local and

general lighting but also for interesting deco-

ration. They should be used to complete each

furniture grouping, and they should be placed

to maintain balance with one another. Height

of base and spread of shade must be con-

sidered in the selection of lamps, so that the

light will fall where it is needed and never

toward the eyes. Shades should usually be

open at the top and of light color with very

light linings.

For festive occasions and for times when

more general lighting is needed, a correct ceil-

ing fixture is essential. For a room with a

low ceiling, the fixture should hang close to
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the ceiling and incase the lamp bulbs. With

a higher ceiling, a fixture with a longer pend-

ant may be used. When no provision has

been made for a ceiling fixture, similar light-

ing results may be obtained from the indirect

portable lamp.

Wall brackets too have their special con-

tribution. Their chief right to exist in most

living rooms is to supply local spots of in-

terest or decoration. They must always be

shaded and should be placed in balanced

arrangements.

How to Light the Hall. A guest’s first im-

pression of the character of a home is gained

from the hall. In lighting the hall, it is best to

choose a lantern-type fixture, with diffusing-

glass panels which give a soft quality of light.

A shaded candle-type fixture also usually

proves pleasing, although a fixture which

hangs close to the ceiling is often preferable

in an extremely small hall. The fixture se-

lected should direct sufficient light to the ceil-

ing so that the hall area will be softly but

generally well lighted. The stairway particu-

larly should receive ample light to reduce the

possibility of accident. The telephone table,

which may be located here, needs a small

lamp on it or a wall lamp above it.

Delightful decorative notes may be added

by floor torcheres, a table lamp placed con-

veniently near a mirror, or wall brackets.

How to Light the Dining Room. A five-light

or six-light candle-type fixture is pleasing in

appearance and popular for use in many
dining rooms. It will, however, give satisfac-

tory results only when shaded. The correct

shading of the lamps directs the light down-

ward upon the table and produces a soft

pleasing light. The dome types of fixtures are

suitable when hung at least 24 inches from

the table. The use of this type avoids any

possibility of having the harsh direct light

strike the faces of those seated around the

table. Wall-bracket lights create a desirable

background on those occasions when candles

are chosen to light the table. Lighted orna-

ments are charming for the buffet.

The dining room is adapted to more elabo-

rate effects, and, accordingly, fixtures espe-

cially designed to incorporate more than one

lighting effect are often desirable.

How to Light the Bathroom. The first re-

quirement of bathroom lighting is that there

shall be abundant and suitable distribution

of light at the mirror. This light should be

planned to light the face without casting

heavy disfiguring shadows. This is best ac-

complished by two upright brackets, one on

each side of the mirror, placed so that the

lamp bulb, shaded with diffusing glassware,

is about 5i feet from the floor, which is the

average face height. Some of the newer

brackets utilize 40-watt incandescent tubular

lamps in diffusing-glass tubes.

Exceptionally large or dark-colored tiled

bathrooms should have an additional light at

the ceiling, in an enclosing glass globe. Often

the shower or tub stall needs its own light.

How to Light the Kitchen. The cheerfulness

and efficiency of a kitchen are largely depend-

A bathroom with adequate and modern lighting

General Electric Company
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ent upon its lighting. Here, as in the work

places of the industrial world, it has been

found that the ease, speed, and thoroughness

with which work is done willvary directlywith

the quantity and quality of light available.

With these facts in mind, the following stand-

ards have been formulated for the kitchen.

The first essential is a single diffusing-glass-

enclosed unit—at least 9 inches in diameter

—

at the center of the ceiling. Light-colored

walls and ceiling assist in directing much of

the light from this unit downward, and in

minimizing shadows. However, shadows are

almost inevitable at the sink, which should

therefore have its individual light. A wall-

bracket or pendant fixture hung directly over

the sink and equipped with a glass shade

serves the purpose, although a small dupli-

cate of the center fixture placed in the ceiling

over the sink is less conspicuous. A similar

recommendation is made for the range, par-

ticularly in large kitchens. When daylight

lamps are used for the sink and center fix-

tures, daylight lamps should also be used for

the range fixtures.

Such carefully planned lighting not only

adds to the efficiency of the kitchen but

makes it a pleasanter and more cheerful place

in which to work.

STUDY GUIDE

1.

What means of lighting were used by

man before the invention of the electric light?

2. What are the requirements for proper

lighting in the home?

3. Where should outlets and switches be

placed? What are multiple switches?

4. What is contrast? glare? How may they

be avoided?

IMPORTANT THINGS IN THIS CHAPTER

Styles of architecture should be selected

which are suitable to the climate and the

region in which the home is built.

Modern lighting in a modern kitchen

General Electric Company
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Until standardized houses which can be

made by quantity-production methods are

developed, houses will be relatively as expen-

sive as any custom-built automobile com-

pared with the quantity product.

The approximate cost of a home can be

based on the number of square feet of floor

space, since the price per square foot is gen-

erally fixed in a community.

The possible resale value of a house, as

well as personal preferences, must be con-

sidered in designing a home and planning the

size and arrangement of rooms.

Ceilings must be high enough to allow suf-

ficient air in a room for a group of people to

breathe comfortably.

Concrete is the most common foundation.

A foundation should be deep enough to rest

on solid ground.

Termites become established in houses and

often weaken a building until it collapses.

Redwood, which termites do not like, is

placed next to the foundation to prevent them

from entering a building. Creosote-treated

wood also stops them.

Balloon construction is superior in many
ways to Western construction. In balloon

construction the frame of the whole house is

solidly built and fastened together; it is not

likely to shake to pieces in an earthquake.

In Western construction the frame is built in

units
;
first the foundation, then the first-floor

unit, then the second floor. Such a house is

easily shaken apart.

Redwood and cedar are rot-resistant

woods. Oregon pine is strong for framing but

rots easily and must be protected from the

weather.

Exterior walls are covered with wood sid-

ing, brick veneer, translucent-glass bricks, or

stucco.

The all-steel house is attracting attention.

It is practically stormproof, fireproof, and

earthquake-proof.

The shape and style of roof is determined

by the type of architecture and also by the

location or shape of the lot on which the

house stands. Wood shingles, slate, and com-

position shingles are used for roof cover-

ing. Tarred paper covered with gravel is

much used.

Interior walls are commonly covered with

plaster. Ceilings are plaster or wood.

Color has great influence on the ^'atmos-

phere” of a room. Color can make a room

cheerful or monotonous, can make it look

large or small, and can even affect the light

bill. Some colors require lamps of much
higher wattage for correct lighting than other

colors do. Use light-colored walls and ceiling

trim of a color that is a good reflector.

Bathroom floors must be easy to clean and

free from the danger of slipping when the

floor is wet. Enamelware tubs have a cast-

iron core, over which the enamel coating is

painted and baked. Handgrips in the walls

by the tubs help to prevent slipping and fall-

ing. Stainless steel is being used for bathroom

fixtures. This is very easy to clean and is dur-

able, but is still expensive.

The scientifically arranged kitchen must be

planned so that the housewife can get meals

with a minimum of effort and walking. For

drainboards, tile is frequently used; it must

be of good design and be properly installed

so that it is easy to clean. Here stainless steel

is ideal, but it is too expensive for the average

home. The electric dishwasher, which pumps

a washing spray of hot water over the dishes,

followed by a rinsing spray, is an important

laborsaver, but it is still expensive.

Well-insulated walls hold in the heat and

keep out the cold. Much heat is lost through

windows, up fireplace flues, and around win-

dows and doors. Storm sash, fireplace

dampers, and weather strips save much of

this heat loss.

Heating methods include steam, hot-water,

and hot-air systems.

Heat is obtained from electric heaters, coal

and wood furnaces, gas furnaces, and oil-



burners, and water is heated by automatic

water-heaters.

On gas and electric stoves, thermostats

control oven temperatures. Ovens are thor-

oughly insulated as a means of saving fuel.

Electric stoves especially lend themselves to

automatic control.

Air conditioning automatically controls the

temperature in the home, heating or cooling

the house as the weather demands, and keeps

the humidity correct by adding or removing

moisture from the air and washing and puri-

fying the air. This is of great comfort and

relief to hay-fever sufferers.

Electric refrigerators, gas refrigerators,

and Deepfreeze units are not only laborsavers

but also money-savers. Perishable foods can

be bought in quantities and stored till

needed. Food not consumed at one meal can

be saved till needed for another meal.

Artificial light should be used for illumina-

tion rather than for decoration.

Colored light is useful for decoration, but

it overworks the part of the eye that sees a

particular color and causes eyestrain.

Lights should be placed high enough so

that no light can shine directly into the eye.

Outlets should be provided at every place

where a lamp will be used. Outlets are also

convenient for vacuum cleaners, toasters, and

other such appliances.

Multiple switches should be placed near

the outside doors and also in rooms or on

stairs so that one can turn the lights on or

off without crossing dark areas to reach a

switch.

A well-lighted living room has enough light

in each lamp (from 25 to 100 watts), not too

severe a contrast, the absence of glare, and

enough light in enough places.

Sharp contrast causes the eyes to adjust

themselves to brighter and to darker areas

as they move. This produces strain and tires

them. Glare also causes strain.

Lamp shades should be open at the top.

light in color, deep enough to prevent glare,

and wide enough at the bottom to spread the

light.

No switches should be placed within reach-

ing distance of plumbing fixtures. Touching

both at the same time can easily cause a

severe shock.

Stairs should have enough light to elimi-

nate darkness as a factor in accidents.

A decorative lighting effect may be used in

the dining room.

Light in a bathroom should be concen-

trated at the mirror. If the room is large

enough, a light may be added at the ceiling.

A central fixture should be used at the cen-

ter of the kitchen ceiling, and a light should

be supplied over the sink. Light-colored walls

and ceiling help to cut down shadows.

AFTER YOU FINISH THIS CHAPTER

1. Write a report on the different kinds of

shelter that man has used as a house. Illus-

trate it with drawings or with photographs

from travel magazines.

2. Make a list of twenty points showing

how the modern all-steel home is better than

the wooden home.

3. Make a list of the characteristics of the

various types of American architecture.

4. Explain how you should go about pre-

venting termites from getting into your house.

5. Make a sketch of five different types

of roofs. With each explain its advantages

and where it is used.

6. Prepare a report on air-conditioning

equipment. Assume that you are a salesman

and must explain to your prospect what this

new idea is; then show him the equipment and

explain how it can be installed in his home
and how the expense will be justified.

7. List some ways in which a chemist is

needed for the preparation of materials for

a modern fireproof home.

8. Show how the law of inertia plays an

important part in the damage which occurs

to brick-veneer houses during an earthquake.
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9.

What are so*me of the problems which

a paint chemist must consider when he de-

velops a good quality of indoor house paint?

10. Examine the construction of a dining-

room chair to see if it is correctly braced to

withstand all ordinary strains.

11. Give some examples of simple types of

machines which are used in a home.

12. What machine in the home depends

upon centrifugal force for its operation?

13. Practically all the science in this entire

text finds a use in a modern home. Go through

your text and show how some information

from each unit is applied in the home.

14. If the lighting equipment in your home
is not satisfactory, would it be cheaper to

change the present lighting equipment, or can

you install large globes and effect a great im-

provement? Explain your answer by means

of a drawing of your home.

LEISURE-TIME ACTIVITIES

1. Draw the plans for your ideal kitchen.

Better still, make a cardboard model, about

12 inches in size, of your kitchen. Cement the

different cupboards, sinks, stoves, etc. in place.

Make them of cardboard, suitably painted.

2. Visit the building inspector and find the

requirements of your town or city for foun-

dations, ceiling heights, fire protection, flues,

electric wiring, and other important features

of a house.

3. Ask a carpenter or a contractor what

kinds of woods are used in building a house,

the reason for using each kind, and the spe-

cial advantage of each kind for its purpose.

4. Prepare a report on the latest types of

prefabricatedhouses,suchas unit-wall houses,

unit-room houses, knockdown houses, etc.

You will find much about them in builders’

magazines at your local library.

5. Prepare specifications for repainting and

refinishing the rooms of your house so that

your light bills will be reduced. Use your

present globes.

6. Make a list of the different insulating

materials on the market and give the advan-

tage of each. You will find this information

in builders’ magazines, aircraft trade maga-

zines, and home magazines.

7. Visit several plumbers and gather in-

formation on the different kinds of heating

systems for a house. Prepare a report on

them, listing costs, installation difficulties, ad-

vantages and disadvantages, fuels suitable to

your locality, and any other points that you

feel to be important. Here is a good oppor-

tunity to apply the scientific method. Collect

all the data you can get; then from them draw

a conclusion as to the best type of heating

system for your house. Be careful to remem-

ber that salesmanship is not always the same

as the scientific method.

8. List the different fuels used for heating

in your locality. Explain the points in favor

of each type of fuel and the points against

each type.

9. After reading this chapter examine your

home-lighting equipment. Draw a plan of

your house, showing the position of each piece

of furniture and the position of each light.

Draw a second plan and rearrange the lights

to produce a better lighting arrangement.
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A beautiful picture book of clouds for the stu-

dent interested in meteorology.

Sawyer, R. Gas Turbine Construction. Prentice-

Hall, Inc., San Francisco.

This book is for advanced and technically-

minded students.

Stanton, George S. Facts of Flight. Superintendent

of Documents, Washington, D. C.

This is a pamphlet published by the government.

It is extremely clear in its explanation of the

theory and practical side of aviation. Many dia-

grams. Concise but very factual.

ZiM, Herbert. Rockets and Jets, Harcourt, Brace

and Company, New York.

Simple explanatory text on this subject.

Electricity

Cajori, Florian. a History of Physics. The Macmil-

lan Company, New York.

Especially good on the historical events and the

prominent men who did their part in bringing to

us the modern scientific servant electricity.



Hammond, John VVinthrop. A Magician of Science:

The Boy’s Life of Steinmetz. D. Appleton-Century

Company, Inc., New York.

A biography of one of the world’s greatest elec-

trical thinkers.

Jackson, D. C., Jackson, John Price, and Black,

N. Henry. Elementary Book on Electricity and

Magnetism. The Macmillan Company, New York.

A simple beginner's book in electricity.

Johnson, William Harding. Electrical Crafts. The
Macmillan Company, New York.

Explains how simple electrical things may be

made.

Johnson, William Harding. Fundamentals of Elec-

tricity. The Macmillan Company, New York.

A simple explanation of the theory.

Jones, Elmer W. Fundamentals of Applied Elec-

tricity. The Bruce Publishing Co., Milwaukee.

How to make simple repairs.

Morgan, Alfred Powell. First Electrical Book for

Boys. Charles Scribner’s Sons, New York,

A highly readable book for the beginner.

Morgan, Alfred Powell. Pageant of Electricity.

D. Appleton-Century Company, Inc., New York.

One of the most entertaining books you can find

on electricity.

Morgan, Alfred Powell. Things a Boy Can Do with

Electricity. Charles Scribner’s Sons, New York.

This is the book to use when you begin your ex-

periments in electricity.

Nowak, John F. Electrical Work. D. Van Nostrand

Company, Inc., New York.

Easy instructions in electrical work in the shop

and in the home.

Still, Alfred. Soul of Amber. Murray Hill Books,

New York.

First knowledge of electricity and the source of

it. Followed through to the present time.

SwooPE, C. W. Lessons in Practical Electricity (re-

vised and enlarged by Erich Hausmann). D. Van

Nostrand Company, Inc., New York.

A comprehensive reference book in electricity.

Communications

Appleyard, Rollo. Pioneers of Electrical Communi-

cation. The Macmillan Company, New York.

Gives biographies of such men as Ampere, Volta,

Hertz, Ohm, and Heaviside.

Bendick, Jeanne. Electronics for Young People.

McGraw-Hill Book Company, New York.

A history of electronics and its application to

daily life.

Bouck, Zeh. Making a Living in Radio. McGraw-
Hill Book Company, Inc., New York.

This is an excellent book, written by a man of

wide experience in the amateur field, which tells

the amateur or other beginner how he can make
a living out of his radio experience.

Eddy, William Crawford. Television, Eyes of To-

morrow. Prentice-Hall, Inc., San Francisco.

Easy explanation of the value of television in the

life of today and tomorrow.

Freedman, Samuel. Two-way Radio. Ziff-Davis

Publishing Co., Chicago.

A simple text on this specialized subject.

Hornung, J. L. Radio as a Career. Funk & Wagnalls

Company, New York.

This book describes the opportunities open to a

radio student or a radio amateur when he at-

tempts to make a business of his hobby.

Lambert, Clara. Talking Wires. The Macmillan

Company, New York.

Tells of the part the telephone plays in our lives.

Morgan, Alfred Powell. First Principles of Radio

Communication. D. Appleton-Century Company,
Inc., New York.

A simply written book on the theory and the

applied principles.

Morgan, Alfred Powell. Getting Acquainted with

Radio. D. Appleton-Century Company, Inc., New
York.

This book gives in semitechnical language a de-

scription of a number of popular circuits and an

explanation of the fundamental principles in-

volved in them.

Reck, Franklin. Radio From Start to Finish.

Thomas Y. Crowell Company, New York.

Photographs of the entire industry. Fine visual

aid.

Tucker, D. J. Introduction to Practical Radio. The

Macmillan Company, New York.

Concise book on theory. Not too technical.

Tyler, K. S. Modern Radio. Harcourt, Brace and

Company, New York.

Very simply written.

Watson, Herbert, Welch, Herbert, and Eby,

George. Understanding Radio. McGraw-Hill Book

Company, Inc., New York.

Gives the beginner a chance to learn the funda-

mentals of radio by experimentation.

R 425



Yates, R. F. New Television. Didier Publishing Co.,

New York.

A not-too-technical explanation.

Science in the Home

Close, Paul Dunham. Building Insulation. Amer-

ican Technical Society, Chicago.

Gives principles and applications of heat and

sound insulation for buildings.
^

Graham, F. D. Audel’s House Heating Guide Includ-

ing Ventilatmg and Air Conditioning. Theo Audel &
Co., New York.

Material on installation and repair. Simple dia-

grams.

Laitem, Helen H., and Miller, Frances S. Expe-

riences in Homemakmg. Ginn and Company,
Boston.

Contains much scientific information about run-

ning a home.

Manly, H. P. Heating, Cooling and Air Conditioning.

Frederick J. Drake & Co., Chicago.

Practical book with many diagrams.

Shoemaker, R. W. Radiant Heating. McGraw-Hill

Book Company, Inc., New York.

This book is for more advanced students in its

explanation of the new way of heating buildings.

Starr, Julian. Fifty Things to Make for the Home.
McGraw-Hill Book Company, Inc., New York.

Describes how to make all kinds of home articles

with simple hand tools.
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UNIT FOUR

Chemistry That All Should Know

In ttie preceding unit we considered matter in general and

the forces which act upon it. We considered the nature of energy,

its transformation and distribution. In this final unit we shall

complete our study of the physical sciences by a survey of the

kinds of matter^suLstances.

In this world of ours are thousands of substances, each having

its own special properties. During little more than a century and

a half scientists have been steadily and surely penetrating the

nature of these substances and their reactions. The science which

has thus been built up is chemistry.

Elaborate, persistent, and exact experiments have broken

down, or analyzed, substances into their constituents: on the other

hand, almost numberless new substances, previously unknown

to nature, have been built up, or synthesized. The chemist has

discovered that all substances are made of one or more funda-

mental units, or building blocks^the elements. The compounds

made up of these elements do not remain fixed. They may react

with each other, different compounds being formed as the ele-

ments shift to new combinations. The explanation of chemical

reactions has been a major problem for the chemist.

As the field has broadened, special branches have come to be

recognized. No sharp dividing line separates physics from chem-

istry. Energy, lor example, is a factor of the utmost importance

in determining the course of a reaction. This marginal, or

border, area constitutes physical chemistry. Other branches are

organic chemistry, the chemistry of the carbon compounds; in-

organic chemistry, the chemistry of other elements and com-

pounds; analytical chemistry, the determination of the composi-

tion of substances; biological chemistry, the study of the chemi-

cal reactions taking place within organisms.

But chemistry is not solely a matter of the laboratory and the

research worker in pure science. It has become an indispensable

adjunct of our industries, great and small. Daily the chemist

guards the efficient operation of processes and the purity of prod-

ucts. He finds ways to make use of by-products; he develops

new methods and discovers new materials.
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16 • OUR CHEMICAL WORLD

Ckemical Activity

Physical and Chemical Changes. The proper-

ties of matter may be classified as physical

and chemical. By "properties”, we mean the

characteristics, or peculiarities, of a substance

which distinguish it from another substance.

Under physical properties we list such char-

acteristics as density, state, color, and hard-

ness. These are the properties we were con-

cerned with in the previous unit. They are

common to all matter and are related to the

mechanical, heat, light, or electrical condition

of the material.

By "chemical properties,” however, we
mean the way in which a substance, or kind

of matter, may act, or behave, with another

substance, or the changes in composition

which it may undergo when subjected to heat.

For example, coal burns, or unites with oxy-

gen, and forms carbon dioxide; sulfuric acid

or lye ruins one’s clothes; and an iron nail

slowly unites with oxygen and rusts away,

forming iron oxide.

A petroleum refinery is a maze of valves, pumps, pipes,

stills, and tanks. An apparatus like this still builds up

chains of hydrocarbons into lOO-octane gasoline

(Photograph by Robert Yarnall Richie)

We must be able to recognize both physical

and chemical changes. If we lay a book out

in the sun, it will get hot and feel different to

us; but when we bring it back into the house,

it soon cools off and seems just the same again.

But if we put it in the stove, it will get so

hot that it catches fire; then after it has

burned, no amount of cooling the ashes will

make it look like the original book. Ap-

parently there was a difference in the changes;

one seemed completely to destroy the appear-

ance of the book, whereas the other did not.

Let us take another example. We cut a

stick of wood into small pieces, but no matter

how fine we cut it, we can still recognize it

as wood. But if we heat it in strong sulfuric

acid, it turns black and no longer looks like

wood. In the first case, where we could still

recognize the wood, we say a physical change

has taken place; this was true of the book in

the sun. In the second case, however, there

was a fundamental reaction which destroyed

the original appearance of the wood. Such a

reaction we call a chemical change. We have

a chemical change only when some atoms

either unitewith or separate from other atoms.

Elements and Compounds. The simple sub-

stances into which most substances can be

broken up, or decomposed, are the elements.



There are 96 of these, including such familiar

ones as copper, iron, tin, and lead, as well as

the generally unfamiliar selenium, polonium,

and actinium. Some are relatively abundant,

while others are rare; some are found free

in nature, while others are found only in

combination.

The properties of these 96 elements differ

widely. Freezing points and boiling points are

among specific characteristics. At ordinary

temperature and pressure most of these ele-

ments are solids, but the free elements oxy-

gen, nitrogen, hydrogen, and helium are

gases; mercury and bromine are liquids.

From two or more of the 96 elements all

the numberless compounds found in nature or

made in the laboratory are composed. Each

of these compounds has its distinctive proper-

ties, by which it may be identified. The prop-

erties of a compound are in no sense the sum
or average of the properties of the elements

which have combined to make it. They may
be entirely different; they are peculiar to the

compound itself.

The appearance of a suspension (at left) and a solution

(at right)

Every sample of any one compound is al-

ways found to contain the same elements in

the same proportions. For example, analysis

would show that every bit of sodium chloride,

ordinary table salt, consists of 40 per cent of

sodium and 60 per cent of chlorine. The
chemist refers to this principle as the law of

definite proportions.

Mixtures. Not all substances are pure ele-

ments or compounds. There may be mixtures

of two or more elements or compounds or of

elements and compounds. Unlike a com-

pound, the proportions of the components in

a mixture may vary, and the properties of

the mixture will be an average of the proper-

ties of the components. Furthermore, the

components may be separated from each

other by physical means, such as distillation

or filtration, whereas the parts of a compound
can be separated only by chemical reactions.

The size of particles in a mixture may vary.

If a lump of dirt is dropped into a jar of

water, the particles will become small, but

they will not become invisible. If you do not

stir the water, the particles do not distribute

themselves evenly throughout the jar. If the

water is stirred, most of them again settle

to the bottom. The mixture is murky instead

of clear, since the very fine particles settle so

slowly that they cause the water to become

murky. In this case the mud particles are

said to be in suspension.

Rivers are our great carriers of mud and

silt. Most of the debris which is carried down
our rivers is in this form, and settles to the

bottom in places where the river current has

slackened. Much of the trouble with floods

along the Mississippi River has been brought

about by the large deposits of mud and silt

filling up the bed of the river and making it

necessary to build levees along the sides of

the river to keep the water from flowing out

over the surrounding lowlands. During high

water an extra burden is placed on the levees,

and that means a constant struggle to keep

the river within its banks. It is not a problem

which is easily settled once and for all, be-

cause each year the river brings along more



sediment to settle in the lower end of the

channel.

Solutions. Not all mixtures may be detected

from appearance. Frequently the particles

are so finely divided and so evenly distributed

that a homogeneous mixture, or solution,

results.

If a cube of sugar is dropped into a jar of

water, several things happen to the sugar. It

gets smaller and smaller until it becomes

invisible. If the jar stands for a few days

and then you taste the water, you will find

that the sugar has distributed itself evenly

throughout the entire jar. The water at the

top of the jar is just as sweet as that at the

bottom. If you let the jar stand for many
more days, you will discover that none of the

sugar has settled at the bottom; the mixture

of sugar and water is clear.

When a substance behaves like the sugar,

we say that it is soluble and that it has dis-

solved in the solvent. Some characteristics of

a solution are these: (1) it is a mixture (not

united chemically); (2) it is clear; (3) the

dissolved particles (the solute) become in-

visible; (4) the solute distributes itself evenly

throughout the entire solution; (5) the par-

ticles do not settle.

Not all solutions are of solids in liquids.

We may have homogeneous mixtures, or solu-

tions, of liquids in liquids, gases in liquids,

and even solids in solids.

Concentration. If you add sugar slowly to

a beaker of water and stir the water con-

stantly, the sugar will continue to dissolve

until a certain amount has been added. Then

if you add more sugar, it settles to the bottom,

and nothing will happen to it, no matter how
much you stir. In other words, there seems

to be a limited, or definite, amount of sugar

that will dissolve in any given amount of

water. When a given amount of water has

dissolved all it can of a certain substance, it

is called a saturated solution of that sub-

stance. However, the water can still dissolve

other substances. For example, a saturated

solution of sugar can still dissolve salt just

as readily as plain water can.

Let us now see whether temperature and
pressure affect the amount of a solid that a

liquid can dissolve. If we take the beaker of

water saturated with sugar and warm it, the

grains of sugar on the bottom dissolve; and if

more sugar is added, it also dissolves. This

action continues until the solution becomes

saturated at this higher temperature. We find

that the solubility of sugar is increased with

an increase in temperature. Tests with a

great many solids show that the solubility of

most solids is increased with an increase in

temperature. It can also be shov/n that pres-

sure has practically no effect on the solubility

of a solid.

When there is little solute in a solution

compared with what could be dissolved, the

solution is said to be dilute. On the other

hand, if the solution is near the saturation

point, it is said to be concentrated. The de-

gree of concentration may be variously ex-

pressed by the weight of solute in a unit

weight or volume of either solvent or solution.

Soda water is water in which carbon dioxide gas is

dissolved
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Monoclinic System

Hexagonal System

The solubility of gases in a liquid is affected

by the temperature and pressure. Suppose

you draw a beaker of water from the tap and

heat it. A great many bubbles of air will col-

lect on the inside of the beaker. We know
these bubbles are not steam, because the

water is not even near its boiling point. Tests

on a great many gases show that gases are

less soluble at a high temperature.

When the cap is removed from a bottle of

soda pop, the pop begins to foam, and a con-

siderable amount of gas escapes. The pop

was put into bottles under pressure, and when
the cap is removed, the pressure is released.

Since all gases escape from, or come out of,

a solution when the pressure is removed, we
know that gases are more soluble under a

high pressure than under a low pressure.

Crystals. If a beaker of water saturated

with sugar is allowed to stand in the open so

that the water can evaporate, an excess of

sugar settles to the bottom as the water disap-

pears. When this jar is examined after most
of the water is gone, the sugar is in rather

large lumps with flat sides, straight edges, and

definite angles. Moreover, all these lumps
wiU be exactly the same shape. Some may

be larger than others, but their shape will be

the same. These lumps are called crystals.

The process by which crystals are formed

from the evaporation of a solution is called

crystallization.

Any solid formed by nature with flat sur-

faces, straight edges, and definite angles is

called a crystal. Substances which form crys-

tals are crystalloids. Those which do not are

said to be amorphous. Each crystalloid has

a crystalline form that is characteristic of that

particular substance. A knowledge of the

crystalline shapes of the minerals in different

ores is of great value to miners and prospec-

tors. The shapes of crystals which some com-

mon substances form are shown on this page.

The visible crystal forms are related to

different arrangements of the atoms within

the crystals. Chemists now believe that the

atoms in a crystalline substance are linked

together in a latticelike arrangement. Thus

molecules do not exist as separate units within

a crystal.

A noncrystalline substance, such as glass or

one of the new plastics, may melt gradually

over a considerable temperature. By contrast,

a crystalline solid melts sharply at a definite

temperature; this melting point, at which the

lattice breaks down, is a unique characteristic

of each crystalline substance.

Colloids. One of the important differences

between solutions and suspensions is that the

particles in a solution are molecules. They

are so extremely fine that they cannot be seen

even with a microscope. The particles in a

suspension are coarse enough to be seen.

It is possible to have particles vary in size

all the way from those in a solution to those

in a suspension. The particles between those

of solutions and suspensions have many re-

markable properties not shown by the others.

For this reason substances made up of these

particles are given a separate name to distin-

guish them from solutions and suspensions.

They are called colloids.

It is easy to understand the differences be-

tween these three forms if their properties are

studied in the form of a table (see page 435).
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Solutions Colloids Suspensions

1. Mixtures

2. Always clear

3. Particles are invisible

4. Dissolved particles distribute

themselves evenly through-

out the entire solution

5. Particles do not settle
6.

Particles move about rapidly,

but motion cannot be seen

7. Particles do not show electric

charges

8. Do not show beam of light

which passes through them

9. Do not have marked power of

adsorption

10. Pass readily through a mem-
brane. (This process is

called osmosis)

11. Lower the freezing point of

water

1. Mixtures

2. May or may not be clear

3. Particles may be seen with

ultramicroscope

4. Particles almost evenly dis-

tributed

5. Particles do not settle, because

they are so small they are

bumped about by the mole-

cules of water, which are in

rapid motion. The colloidal

particles are thus never

given a chance to settle

6. Particles move about more
slowly, and the motion,

which is called Brownian

movement, can be seen with

ultramicroscope

7. Particles are electrically

charged

8. Show beam of light which

passes through them
9. Many colloids have great

power of adsorption. (By
"adsorption” we mean that

other things will stick to the

surface of the colloidal par-

ticles)

10. Have great difficulty in pass-

ing through a membrane

11. Have slight effect upon the

freezing point

1. Mixtures

2. Never clear

3. Particles can be seen with

naked eye

4. Particlesnot evenly distributed

5. Particles do settle, because

they are so big that the

molecules of water are not

heavy enough to shove them

around and thus prevent

their settling

6. Particles have no Brownian

movement

7. Particles are not electrically

charged

8. Stop beam of light

9. Have no power of adsorption

10. Cannot pass through a mem-
brane

11. Have no effect upon the freez-

ing point

Types of Colloids. There are three types

of colloids: sols, emulsions, and gels. A sol

consists of some solid colloidal material in a

liquid. Examples of this are silt in the river

and finely divided gold in water. Emulsions

are colloids which consist of a liquid in a

liquid, such as an emulsion of oil in water.

Cod-liver oil is often put up in the form of

an emulsion. Mayonnaise is another common
emulsion. Gels are colloids which form into

semisolids, like jelly. This type of colloid

adsorbs large quantities of water and en-

tangles the molecules in such a way that the

entire mass holds its shape loosely.

It is possible to have colloids in many other

forms than solids and liquids in water. Some

of the other types are liquids in a gas, such

as fog; gas in a liquid, such as foams; solids

in a gas, such as fine dust particles in the sky

(which cause our beautiful colored sunsets);

liquids in solids, such as opals (which are

composed of silicon dioxide that contains col-

loidal water); and solids in solids, such as

finely divided metals in glass (which give us

many exquisitely colored shades of glass).

Uses of Colloids. Most of the important

uses of colloids are determined by the prop-

erties shown in the list above. For example,

glues are colloids which have strong powers

of adsorption. They adsorb, or stick to, other

materials so tightly that they hold them

together.
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The yeast in this vat is a colloid. Is it a sol, an

emulsion, or a gel.^

Some colloids develop adsorbing properties

only when they are disturbed. For instance,

the colloidal material in a person’s hand shows

pronounced adsorbing powers when a bee

stings the hand. The bee injects formic acid

into the skin, which disturbs the colloid in

such a way that it begins to adsorb v;ater

from other parts of the body. The water col-

lects there and forms a swelling. If the acid

is neutralized by ammonia water or baking

soda, the pain stops, and the adsorbing prop-

erty ceases. The water is carried away again,

and the swelling goes down.

The electric charges on colloids play an

important part in the formation of deltas.

Colloids in water usually have negative

charges, and the fine silt and mud in rivers

follow this rule. When a river empties into

the ocean, the positively charged sodium ions

from the salt in the ocean neutralize the nega-

tively charged particles of colloidal silt. This

immediately destroys the colloid, and the par-

ticles of silt quickly settle to the bottom. The

silt cannot settle while the colloidal particles

are all negatively charged, because whenever

two particles come near each other, the like

charges of electricity repel each other and

hold the particles apart.

It is also possible to destroy one colloid by

mixing it with another colloid with an oppo-

site electric charge. This method is used in

tanning leather. The hide is a colloid, while

the tannin in tan bark is another colloid with

oppositely charged particles. When the hide

is soaked in tannin, both colloids are de-

stroyed, but the product forms a very tough

leather with much more strength than the

original hide.

Speed of a Reaction. The chemical activity

of substances, their tendency to undergo re-

action, is measured by the speed, that is to

say, the amount of material changed in a

given time. There are several factors which

control the rate of a reaction.

In order to increase the speed of a reaction

the materials involved may be reduced to a

small size by grinding. Still further effective

division may be secured by solution. Here

the substance is reduced to molecular dimen-

sions and thus is more readily in a condition

to react. The more molecules there are, the

more rapid becomes the chemical change. We
say that the speed of a reaction is propor-

tional to the concentration of the reacting

substances.

Some processes are speeded up by the ad-

dition of a small amount of certain specific

substances which do not themselves enter

into the reaction. Such substances are called

catalysts, or catalytic agents. The phenome-

non is called catalysis. In the reaction taking

place in the leaf (see diagram, p. 437) the

green coloring matter, chlorophyll, is the

catalytic agent.

To obtain oxygen by heating potassium

chlorate requires a relatively high tempera-

ture, and the evolution of oxygen is slow.

If, however, a small amount of manganese

dioxide is added, the evolution of oxygen is

more rapid at a lower temperature. In the

process the potassium chlorate is decomposed,
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leaving behind potassium chloride. The man -

ganese dioxide, the catalyst, will be found

unchanged at the end of the reaction,

A few reactions are retarded by so-called

negative catalysts.

One other factor modifies the speed of a

reaction—heat. When a material is heated,

the molecules are put into more rapid motion

and therefore come into contact with each

other more frequently. In general, the speed

of a reaction doubles with each rise in tem-

perature of 10 degrees centigrade.

Heat of Reaction. Some chemical reactions

absorb energy, usually heat energy. Such are

called endothermic reactions. The heat energy

is transformed into so-called chemical energy.

The substances produced have a greater

amount of chemical energy than the reacting

substances. In the diagram below, the sun

supplies the heat energy for the reaction in

the leaf by which CO 2 and water form sugar

and release oxygen.

Often chemical reactions liberate heat, the

final products having less chemical energy

than the reactants. The excess energy is

transformed into heat energy. Such reactions

are called exothermic. When oxygen and

carbon are combined in the burning of wood
(see diagram below), heat energy is given off.

The heat given off when a given weight of

a compound is formed is called the heat of

formation, and the heat needed to decompose

a given weight of a compound is the heat of

decomposition. If a compound has a high

heat of formation, it is difficult to decompose,

while a compound with a low heat of forma-

tion is easily decomposed.

Since many metals are found in the earth

in the form of oxides, it is of tremendous im-

portance to industry to know how to decom-

pose these oxides economically and get the

metal free for use. The most common method

of decomposing a metallic oxide is to heat the

oxide with some other substance which has

the power to take the ox
3
^gen away from the

metal. The metallic oxide is said to be re-

duced, and the substance which removes the

oxygen is called the reducing agent. One of

the best and cheapest reducing agents is car-

bon, and its cheapest forms are charcoal

and coke.

If a substance has a low heat of formation,

like copper oxide, it need not be heated wevy

hot with carbon to be reduced; but an ore like

iron oxide must be heated to a high tempera-

ture before the carbon can reduce it.

STUDY GUIDE

1 . Distinguish between physical and chemi-

cal changes. Give illustrations.
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2. What are elements? Name the most

important.

3. What is the difference between a com-

pound and a mixture?

4. Define solution, solvent, solute. How is

the concentration of a solution measured?

5. What is a crystal? an amorphous

substance?

6. Distinguish colloids from suspensions

and solutions. What are the types of colloids?

7. Whatdetermines the speed of a reaction?

8. What is the difference between an endo-

thermic reaction and an exothermic reaction?

Atoms anJ Molecules

Dalton’s Theory. For a long while the study

of chemistry related to the properties, uses,

and combinations of the elements. The

chemist was yet to find out the ultimate

composition.

Dalton, an English schoolteacher who
lived in the early part of the nineteenth cen-

tury, was one of the first to suggest that ele-

ments were made up of extremely small par-

ticles, which he called atoms from a Greek

word meaning "indivisible, that cannot be cut

in two.” He showed that these atoms had

certain definite characteristics. He assumed

that all the atoms in an element are the same

(for example, that all the atoms in copper

are the same, and all the atoms in gold are

the same), but that the atoms in different

elements are different (for example, that the

atoms in copper are different from the atoms

in gold). Dalton further assumed that one

difference between the atoms of different ele-

ments was their weight. In this assumption

he was correct, because it has been found that

an atom of gold does not weigh the same as

an atom of iron, and so on.

Another way in which the atoms of one

element differ from the atoms of another ele-

ment is in their ability to unite, or combine,

with atoms of other elements. For instance,

when iron atoms unite with oxygen atoms, a

new substance is formed by their union which

is entirely different from either of the two

original elements. If iron atoms unite with

oxygen atoms, the new substance is called

iron oxide or iron rust.

Size of Atoms. Atoms are extremely small.

Let us consider just how small they are. The
diameter of an atom of hydrogen is approxi-

mately .000000002 centimeter, a size so small

that the human mind cannot comprehend it.

Nevertheless let us try to visualize something

of what it means. On a piece of paper make
a slender line with a very sharp pencil. A row

of 10,000,000 atoms placed side by side would

be about the width of that line.

We may get a better idea of this size by
thinking of atoms in the groups called mole-

cules. Two atoms of hydrogen united with

one atom of oxygen form one molecule of

water. If each molecule in a cubic centimeter

of water could be puffed up to the size of a

grain of wheat, you can readily see that the

original cubic centimeter of water would in-



crease many times. A warehouse holding the

enlarged cubic centimeter would cover about

half the state of California, and the molecules

would be piled so high that California’s high-

est mountains, Shasta and Lassen, would lie

buried under them (see diagram, p. 438). It is

estimated that if the molecules in a drop of

water were enlarged to the size of grains of

sand, they would make a road half a mile wide

and 3000 miles long. If the same drop were

magnified until it became as large as the

earth, its molecules, magnified correspond-

ingly, would be about as large as oranges.

With this idea of the size of atoms and

molecules, let us see what we can learn about

their structure.

Electrons and Protons. Since the atom is so

small, it might appear that it must be indi-

visible, but it is not. In the past few decades

it has been discovered that the atom itself is

made up of a combination of particles. One

kind of particle carries a positive charge of

electricity, and another a negative charge.

A study of the hydrogen atom, for example,

shows that it contains two parts. Its center

carries a positive electric charge. Then at a

long distance in comparison with its size is

another particle with a negative charge. The

negatively charged particle is called an elec-

tron, and the positively charged particle a

proton. The proton is thought by some scien-

tists to be spinning like a top, with the elec-

tron whirling around it at an excessive speed.

The electron is many times larger than the

proton; yet it takes nearly 1845 electrons to

weigh as much as one proton.

Almost all of an atom of hydrogen is made
up of empty space. Let us find out just how
much of it is taken up by its two small par-

ticles. If a hydrogen atom were enlarged un-

til its diameter (see diagram at left) were

200 feet, which is about the height of a fifteen-

story office building, then the electron would

be approximately the size of a pinhead, while

the proton would require a microscope to dis-

close it, and all the rest of the atom would be

just empty space.

The next larger atom is that of helium. The
center of an atom is called the nucleus. Our

theory suggests that this nucleus of helium

consists of 4 protons and 2 electrons, as shown

in the diagram below. At a comparatively

long distance from the nucleus we find 2 more

electrons. Thus in the neutral atom the sum
of the negative charges, that is, the nuclear

electrons and the "satellite” electrons, equals

the positive charges, the protons. Since prac-

tically all the weight of an atom is found in

Helium atom
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the protons, an atom of helium weighs four

times as much as an atom of hydrogen, be-

cause all protons weigh the same amount.

Each proton is exactly like every other

proton in the world, and each electron is ex-

actly like every other electron, no matter in

what substance it is found. An atom of helium

contains exactly the same two constituents of

which hydrogen is made; in fact, all the dif-

ferent kinds of atoms in the world are made
of these same two particles, electrons and

protons. The difference in various elements

is thus due to the fact that the number and

arrangement of protons and electrons vary

considerably in the different elements. Rocks

are made of electrons and protons forming

atoms, trees are made of such atoms, people

are made of such atoms. In short, all physical

things in this world consist of only two differ-

ent things—electrons and protons. The only

chemical difference between a horse and a

building is that the electrons and protons in

one are arranged differently from the electrons

and protons in the other.

Other terms used in discussing subatomic

units are positrons, neutrons, and deutrons.

Here one can only suggest the nature of these.

The positron is like an electron except that

it has a positive charge instead of a negative

charge. The neutron is a combination of an
electron and a proton in the nucleus. A deu-

tron may be considered a combination of a
neutron and a proton. Thus the helium nu-

cleus can be said to be made of 2 deutrons

instead of 4 protons and 2 electrons. Some
of the best scientific thinkers in the world are

at present concentrating upon the study of

the atom, and much elaborate and expensive

equipment is being used to investigate its

structure. For instance, the largest electro-

magnet in the world has been assigned the

task of breaking up atoms in a research labo-

ratory. Scientists hope that by breaking

atoms into pieces they can better learn what
the pieces are made of and thus learn some
new uses for these pieces.

Assuming that all things are made of elec-

trons and protons, let us see how in the opinion

of the modern chemist an atom of oxygen is

constructed. There are 16 protons and 8 elec-

trons in the nucleus. At some distance away
from this nucleus are 2 electrons, as in the

helium atom. Then at twice that distance are

6 more electrons.

It is possible to work out a general plan

for the diagram of any atom. The properties

of atoms are determined entirely by the elec-

trons which are away from the center, the

satellite electrons. We will consider only

those electrons, and think of the nucleus

merely as a dot. The satellite electrons are

arranged in concentric spheres, or shells,

around the nucleus. All the atoms heavier

than hydrogen have 2 electrons in the first

shell. The next shell may contain 8 electrons.

The third shell may also hold 8. The fourth

and fifth shells can each hold 18 electrons,

and the sixth 32 electrons.

The elements which have the outermost

shell complete are the inert, or inactive, gases

argon, neon, krypton, and xenon. The secret

of chemical activity among the elements

seems to lie in the tendency of atoms to

complete the outer shell.

Atoms of different elements may combine

with each other to form molecules of com-



pounds. The normal combination of atoms

is for a metal to unite with a nonmetal. The
diagram on page 440 shows how oxygen and

calcium atoms can unite. Oxygen has 6 elec-

trons in its outer shell, and this shell could

hold 8. Nonmetallic atoms complete the

outer shell by getting electrons from other

atoms, while metallic atoms find it easier to

get rid of their outer-shell electrons and de-

pend upon the shell underneath to act as their

outer one. If oxygen could get 2 more elec-

trons from another atom, it would have 8 in

its outer shell, which would complete it. Now
the atom of calcium has just 2 electrons in

its outer shell. If some other atom would use

these 2 electrons, it would then have a stable

and complete shell underneath. When cal-

cium and oxygen unite to form the compound

known as calcium oxide, both atoms share the

2 outer electrons of the calcium atom shown

as solid black in the diagram.

All nonmetals behave like oxygen when

they unite with other elements; that is, they

use electrons from the outer shell of a metal

to complete their own outer shells. Also, all

metals behave like calcium when they unite;

that is, they let some nonmetal use their outer

electrons.

Metals and Nonmetals. In general, we recog-

nize such elements as gold, silver, copper, tin,

and iron as metals. These are characterized

as having a metallic luster and a metallic ring.

They are also relatively heavy and are rela-

tively good conductors of heat and electricity.

Elements not possessing these properties are

designated as nonmetals.

Chemically, metals unite with nonmetals.

They displace hydrogen from acids and give

the positive ions of salts. They are linked

with the hydroxyl group, or radical, in hy-

droxides. There is no sharp dividing line be-

tween metals and nonmetals; some elements

possess certain characteristics of both metals

and nonmetals.

The chemical and physical differences be-

tween any two metals or between any two

nonmetals are determined entirely by the dif-

ferences in the number of electrons which are

outside the nucleus. In general, the electrons

in the last, or outer, shell are the most im-

portant in determining the chemical proper-

ties of an element. For example, both chlorine

and bromine have the same number of elec-

trons in their outer shells; consequently you

would expect them to have similar chemical

properties, and such is the case. This fact

makes possible a classification of all elements

into groups, or families; for example, fluorine,

chlorine, bromine, and iodine atoms all have

the same number of electrons in their outer

shells and thus have enough similarities so

that they can be listed in one group, or family.

A glance at the diagram of the calcium

atom (p. 440) shows that there are only 2

electrons in the last shell. Calcium is a metal.

Similarly, in all other metals the outer shell

is less than half filled with electrons.

Now analyze the diagrams of the atoms of

such gases as oxygen (p. 440) and chlorine

p. 442). The oxygen atom lacks 2 electrons

of having its outer shell filled, for this second

shell is able to hold 8 electrons. Chlorine has

7 electrons in its outer shell, lacking 1 of being

completely filled. These elements are called

nonmetals. In all the nonmetals the outer

shell is more than half filled.

This brings us to a general statement : The

atoms of all metals have their outer shells less

than half filled with electrons; the atoms of

all nonmetals have their outer shells more

than half filled with electrons. Suppose, how-

ever, that an atom has its outer shell exactly

half filled. Then it may be either a metal

or a nonmetal. The carbon atom is a good

example of this type.

An element like carbon (see diagram on

page 442), which has its outer shell exactly

half filled, can behave either like a metal or

like a nonmetal. If the carbon gets 4 more

electrons from other atoms, it will have its

outer shell filled. In this case it will act like

a nonmetal. A typical compound of this kind

is methane, a substance of which natural gas

is mainly composed. A molecule of methane

consists of 1 atom of carbon and 4 atoms of

hydrogen.
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Now let us consider carbon as a metal

which lets some other atoms use its 4 outer-

shell electrons. Carbon tetrachloride is an

example—a familiar substance, which you

buy either under its own name or under such

trade names as "Pyrene” for extinguishing

fires or "Carbona” for cleaning clothes. A
molecule of this substance consists of 1 atom

of carbon and 4 atoms of chlorine. The chlo-

rine atom has 7 electrons in the outer shell

and needs 1 more to complete it. In carbon

tetrachloride each of the electrons in the outer

shell of the carbon atom goes to a chlorine

atom and completes the outer shell of that

atom. The diagram of carbon tetrachloride

on this page shows the manner in which the

carbon and chlorine atoms unite. The black

electrons are the ones used by both the carbon

and the chlorine atom.

Another type of atom which should be con-

sidered is one whose outer shell is just over

or just under half filled. When atoms have

their outer shells just over half filled, they are

thought of as nonmetals, but they are so near

the border line that they are weak nonmetals.

When these substances are in the presence

of strong nonmetals, they reverse their char-

acters and act as metals. Atoms which have

their outer levels just less than half filled be-

have as weak metals, and will react chemi-

cally as a nonmetal in the presence of a strong

metal.

Ionization. Some compounds which when

dry seem perfectly stable, or hard to decom-

pose, undergo a peculiar change when put into

water. Common table salt is one of these com-

pounds. A molecule of salt is made of an atom

of sodium and an atom of chlorine. Sodium

is a metal with 1 electron in its outer shell,

while chlorine has 7, lacking 1 to make the

shell complete with 8. When sodium and

chlorine unite, the chlorine atom uses the

outer electron of the sodium to complete its

outer shell. (See lower left diagram, p. 443.)

This combination makes a perfectly stable

molecule. But when salt is dissolved in water,

the chlorine atom takes the electron from the

sodium atom; then it breaks away from the
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sodium and moves about in the solution en-

tirely independently of its original partner.

(See lower right diagram on this page.) The
chlorine atom then has 1 too many electrons

;

and since all electrons are negatively charged

the chlorine becomes negatively charged.

Also, the sodium atom, having lost 1 negative

electron, has a positive charge.

Since these atoms have entirely different

properties from the original, or neutral, atoms,

they are given different names. They are no

longer called atoms, but are now ions. Thus
an ion can be defined as an atom or a group

of atoms which has either too many or too

few electrons to be electrically neutral.

Many substances, when dissolved in water,

will break up, or dissociate, into ions. They
are said to ionize

;
they are called electrolytes.

In general, carbon-containing, or organic,

compounds like sugar, of which many are

made by living organisms, do not generally

ionize. They are nonelectrolytes. A large

proportion of the reactions in inorganic chem-

istry take place between ions present in water

solution.

Suppose some copper chloride is dissolved

in water. If the positive and negative wires

from a battery are put into this water (see

diagram on page 444), the copper ions will

move over to the negative wire, get their miss-

ing electrons, and become ordinary atoms of

copper again. Also, the chlorine ions will

move over to the positive wire and deposit

their extra electrons. They again become

normal chlorine atoms and bubble off as

chlorine gas. This process is known as elec-

trolysis.

Valence. Some of the nonmetals, such as

chlorine, need 1 electron; some, like oxygen,

need 2 ;
and others, like nitrogen, need 3. On

the other hand, some of the metals, like

sodium, could share 1 electron; and others,

such as aluminum, could share 3 electrons.

This brings us to a new word, valence. The
valence of an element represents the number

of electrons that it can share as a metal or

needs as a nonmetal.

If an element needs electrons, it is said to

have a negative valence; and if it can share

electrons, it is said to have a positive valence.

Therefore all metals have a positive valence,

and all nonmetals have a negative valence.

We can indicate the valence of atoms thus:

Al,-l-3; Cl,-1; H,+ l; 0,-2; Ca,-|-2;

etc.

The table of valences in the Appendix may
be of help to us in studying possible combina-

tions of atoms. For example, suppose we
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wish to see how aluminum and oxygen unite.

The table shows that the valence of aluminum

is +3 and the valence of oxygen is -2 . In

other words, it will take 2 atoms of aluminum

and 3 atoms of oxygen to unite to form 1 mole-

cule of aluminum oxide.

Formulas. The chemist has developed a

sort of "chemical shorthand” for writing the

formulas of compounds. It is too laborious

and cumbersome to represent aluminum

chloride thus: one atom of aluminum united

with three atoms of chlorine. It is much
simpler to use symbols, as they are called, and

then write the formula thus: Aids. The
small 3 below the Cl tells us that there are

3 atoms of chlorine in the molecule.

Every element has a symbol which is used

to represent one atom of that element. You
will find a list of symbols in the Appendix.

A few common elements and their symbols

are aluminum, Al; nitrogen, N; chlorine. Cl;

hydrogen, H; oxygen, O; and calcium, Ca.

Each symbol represents not only one atom
of the element but also one atomic weight.

The atomic weights of the elements are num-
bers which represent the relative weights of

the elements as they enter into combination.

A molecule of ordinary sugar may be writ-

ten thus: C12H22O11. In this brief formula, as

the group of symbols is called, we not only

learn the three elements of which sugar is

composed, but we learn how many atoms of

each element are in the molecule. The molec-

ular weight may be calculated by adding the

products obtained by multiplying the number

of atoms of each element present by its atomic

weight.

Equations. The use of formulas is indis-

pensable in representing the relative weights

of the substances used and produced in any

chemical reaction. To the left of an equal

sign we place the correct formulas for the

reactants, while to the right we place the cor-

rect formulas for the products. Then the

equation must be balanced; that is to say,

each formula must be multiplied by a number

which will give us as many atoms of any ele-

ment on one side of the equation as there are

on the other side.

Thus the equation for the oxidation of

hydrogen to form water is

2 H2 + O2 2 H2O.

In this equation hydrogen and oxygen are

represented by H2 and O2, and not by H
and O, because analysis has determined that

these elements have two atoms within their

molecules.

Equations are used not only to show at a

glance the course of a reaction but also as a

means of calculating the amounts involved.

From a balanced equation such as the above,

the chemist may calculate any unknown in

the following equation if three of the terms

are known:

Molecular weight of one substance __

Actual weight of the substance

molecular weight of another substance .

actual weight of the other substance

This is the practical basis upon which the

chemist in charge of production in a chemical

plant may calculate the amounts and there-

fore the costs of the materials involved.



STUDY GUIDE

1 . What is Dalton’s theory?

2. What is the size of the atom? What is

its structure?

3. What are molecules?

4. What is the difference between metals

and nonmetals?

5. What is meant by ionization?

6. Define valence.

7. How are formulas and equations used?

Kinds of Substances

Acids. The sour taste of vinegar, lemons,

green apples, berries, and other fruits arises

from the same type of compound. Many sub-

stances have a sour taste, and all such contain

compounds which we call acids. There are

many different kinds of acids, but in solution

(1) they all taste more or less sour; (2) they

turn litmus paper red (litmus paper, which is

commonly used by chemists, is a paper that

has been treated with a vegetable dye called

litmus); (3) they react with metals and lib-

erate hydrogen gas; (4) they ionize to form

positively charged hydrogen particles, called

ions, when in solution. Some acids burn a

person severely if they touch the skin.

Some acids have a sharper taste than

others. This simply means that they produce

more hydrogen ions when in solution. The

sour taste is due entirely to hydrogen ions.

The activity of an acid depends upon the

number of hydrogen ions which it furnishes.

A strong acid is one which gives a large

hydrogen-ion concentration.

Bases. There is a class of substances having

in general opposite properties to those of

acids. These are called bases. If they are

appreciably soluble in water, they are called

alkalies.

Soluble bases turn litmus paper blue. They

form hydroxyl ions when in solution. A hy-

droxyl ion consists of an atom of oxygen united

with an atom of hydrogen. It carries one extra

electron and is thus negatively charged. The

hydroxyl ion is the part of the base which

gives it its basic properties. Some bases, like

sodium hydroxide (NaOH)
,
are stronger than

others because in solution they liberate more

hydroxyl ions. The three most common strong

bases are potassium hydroxide, sodium hy-

droxide (lye), and ammonium hydroxide.

A metallic oxide is soluble in water; it re-

acts with the water and forms a base. On the

other hand, the oxide of a nonmetal forms an

acid when put into water.

Salts. Acids put positively charged hydro-

gen ions into solution, and bases put nega-

tively charged hydroxyl ions into solution.

Opposite electric charges attract each other.

The hydrogen ions will be attracted to the

hydroxyl ions, and they will neutralize their

electric charges and form water. The ionic

equation for this action is

H+ + 0H--H,0.
water

This equation shows the essential parts in-

volved in the reaction. The characteristics of

both the acid and the base are destroyed as

the ions unite. When an acid and a base are

mixed together in such proportions that the

characteristics of both are completely de-

stroyed, we call the process neutralization.

If we wish to stop the effect of an acid, we

neutralize it with a base. For'-example, if you

spilled some acid on your clothes, you could

prevent the acid from eating a hole by putting

on the cloth a base, such as ammonium hy-

droxide. On the other hand, if you spilled

some lye, you could stop it from injuring the

cloth by putting vinegar (which contains

acetic acid) on it.

But water is not the only substance formed

when an acid is neutralized. If, for example,

we mix hydrochloric acid and sodium hydrox-

ide together, water and a new substance called

a salt will be formed. The equation for the

action can be written in chemical shorthand

thus:

HCl + NaOH —> H2O -1- NaCl.
acid base water

This particular salt is commonly known as

table salt.



If a chemist wished to express the reaction

above in words, he would have to write it thus

:

one molecule of hydrochloric acid reacts with

one molecule of sodium hydroxide to yield

one molecule of water and one molecule of

sodium chloride. This is too long and cumber-

some when compared with the use of formulas

and an equation.

Thus the reaction between phosphoric acid

and calcium hydroxide can easily be written

thus:

and salts. Organic compounds, however, must

be classified in numerous important groups.

The complexity of organic compounds
arises from the fact that carbon atoms link

themselves together in straight chains and

branched chains and even rings. Thus one

form of the organic compound pentane has

this straight-chain structure:

CH3—CHa—CH2—CH2—CH3
Another form, isopentane, has the following

branched-chain structure:

2 H3P04 + 3Ca(0H)2-^
phosphoric acid calcium hydroxide

Cas(P0.)2 + 6H20.
calcium phosphate water

Salts, such as sodium chloride (NaCl) and

potassium sulfate (K2SO4), consist of a metal

united with a nonmetal or an acid radical (a

radical is a group of atoms that perform like

one atom). A salt may be produced by neu-

tralization of an acid and a base, as in the

equations above, or by the action of an acid

on a metal or a metallic oxide. For example:

Zn + 2HC1
titK hydrochloric

acid

AI2O3 + 3H2SO4-
aluminum oxide sulfuric acid

y- ZnCl2 "1“ H2.
zinc hydrogett

chloride

A1,(S0.)s + 3H20.
aluminum sulfate water

Below are listed a few common acids with

the names of the salts which may be formed

from them.

Formula of Acid1 Name of Acid Name of Salt

HCl Hydrochloric Chloride

HBr Hydrobromic Bromide
HI Hydriodic Iodide

HF Hydrofluoric Fluoride

HNO3 Nitric Nitrate

H3PO3 Phosphorous Phosphite

H3PO, Phosphoric Phosphate

H3S Hydrosulfuric Sulfide

H2SO3 Sulfurous Sulfite

H2SO4 Sulfuric Sulfate

HCO Carbonic Carbonate

Organic Compounds. The Study of

thousands of compounds of carbon is a well-

recognized separate branch of chemistry. In-

organic chemistry is largely a study of the

elements and their oxides, their acids, bases.

CH

CH;

3V

>CH—

I

3^
CH2—CHa

And benzene is an example of a ring com-

pound:

H

ti(f \:h

H(^ |*:h

H
The molecules of such compounds may be

very large, containing many atoms. The
complexity is increased by reason of the fact

that various arrangements of the atoms are

possible.

Among the simpler carbon compounds are

the hydrocarbons (compounds of carbon and

hydrogen), the alcohols (such as methyl al-

cohol, or wood alcohol, and ethyl alcohol, or

grain alcohol), the ethers, amines, acids, and

esters. More complex are the fats, carbo-

hydrates, and proteins.

STUDY GUIDE

1. Distinguish between acids, bases, and

salts. Give examples of each.

2. What is neutralization?

3. What are organic compounds?

Kinds of Chemical Reactions

Oxidation and Reduction. A study of the

chemical properties of matter shows many
general similarities. One of these is that al-

most all elements unite with oxygen. When
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an element unites with oxygen, the process is

called oxidation, and the product (that is, the

substance formed) is called an oxide.

Heat is always given off during oxidation.

If a substance unites rapidly with oxygen,

noticeable amounts of heat and light are given

off. Rapid oxidation, accompanied by notice-

able heat and light, is called combustion or

burning.

Oxidation is designated as slow when it

proceeds so slowly that light is not given off

and the heat is not noticeable. Coal burning

in a stove is an example of combustion, while

a tomato can rusting in a vacant lot illustrates

slow oxidation. Yet the same total quantity

of heat is given off in slow oxidation as in

combustion. A can which slowly rusts com-

pletely gives off the same total amount of heat

as it would if it were rapidly burned in a

furnace until it was completely destroyed.

The final products are also the same; the

tomato can, for instance, produces iron oxide

by either type of oxidation.

The rotting of a log in the forest is another

type of slow oxidation. The rotting is

hastened by small living organisms which are

known as bacteria. Again the final products

and total amount of heat given off are the

same as if the log had been burned in a

fireplace.

The rusting of metals is slow oxidation.

Rust is one of the most powerful enemies

against which man in this Machine Age must

contend. If you have ever lived near a long

steel bridge or other steel structure, you know
that men have to be kept constantly at work

Result of spontaneous combustion



repainting the rust spots of such structures.

It is a continual fight, and in the end the rust

always wins.

The first really hopeful attempt at rust con-

trol is the production of so-called stainless

steel. Chemists have found that if about

12 per cent of chromium is combined with

steel, the product is practically rustproof. As

a result, the steel frames of some skyscrapers

and other steel structures are now being made

of stainless steel.

There seems to be a definite temperature

at which slow oxidation suddenly changes

over to rapid oxidation, or ordinary burning.

For example, if you lay a piece of paper on

a hot stove, the paper curls up and gradually

turns brown; suddenly it bursts into flame.

If you hold a piece of magnesium ribbon in

the flame of a Bunsen burner, the ribbon gets

hotter and hotter until some of it melts.

Gradually a part of it gets red hot; then sud-

denly the ribbon bursts into a dazzling flame.

That is, when the magnesium reaches its

kindling temperature, the oxidation process

instantly changes to rapid burning.

The withdrawal of oxygen is reduction.

For example, if copper oxide is heated and

hydrogen is passed over it, the oxide is re-

duced and copper left behind.

CuO-bH^ —^Cu-fHA
Reductions are the opposite of oxidations.

That is to say, when a substance is oxidized,

the substance which provides the oxygen is

itself reduced.

Not all oxidations and reductions involve

the free gases. Certain compounds readily

give up their oxygen. These compounds are

called oxidizing agents. Among them are such

compounds rich in oxygen as concentrated

nitric acid (HNO3), hydrogen peroxide

(H2O2), potassium permanganate (KMn04),
and potassium dichromate (K2Cr207). These

readily give up oxygen to reducing agents',

they are themselves reduced.

Spontaneous Combustion. The oils called

drying oils undergo slow oxidation. If some
oily rags or dust cloths are hung on a hook,

the oil slowly oxidizes and gives off heat to

the circulating air. If the cloths are in a place

where the air cannot circulate, as in a tightly

shut closet, the heat, instead of escaping, ac-

cumulates; the rags get warmer and warmer
until enough heat has accumulated to raise

the rags to their kindling temperature. At

that instant they automatically start burn-

ing, and we say that the fire is caused by
spontaneous combustion.

Each year tremendous fire losses occur

from spontaneous combustion. Everyone

should make certain at home that dustcloths

are hung in the open where the air can

circulate.

Carpenters also must be careful in their

shops that oily waste and shavings are not

left in enclosed places where the air cannot

carry the heat away. Farmers must see that

their hay is not green or damp when it is put

into the barn, or they may lose both barn and

hay from spontaneous combustion.

Hydrolysis. In addition to direct combina-

tion and decomposition there are many differ-

ent kinds of chemical reactions. Among the

important ones is hydrolysis, or the reaction

of a salt with water. Salts of weak acids or

weak bases hydrolyze—for example,

Na2C03 + 2 H2O— 2 NaOH -f H2CO3.
sodium carbonate water sodium hydroxide carbonic acid

FeCb -f 3 H2O— Fe(OH )3 -f 3 HCl.
iron chloride water iron hydroxide hydrochloric acid

The resulting solution will be acid or basic

in reaction according to whether the acid or

the base is stronger.

Double Decomposition, or Metathesis. The
most common type of reaction of inorganic

chemistry is double decomposition. This

usually takes place in solution by a shifting

of the ions and the precipitation from the

solution of an insoluble solid, thus:

AgN03 -f- HCl—^ AgCl -f HNO3.
silver nitrate hydrochloric silver nitric acid

acid chloride

NiCb -b K2S NiS -b 2 KCl.
nickel potassium nickel potassium

chloride sulfide sulfide chloride
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Silver chloride and nickel sulfide in the

equations above, being insoluble, precipitate

out, the former as a white, curdy precipitate,

the latter as a fine, black precipitate.

Equilibrium. Many reactions are revers-

ible; that is, they proceed in both directions

given in the equation. Such reactions are

often indicated by double arrows in the

equation A reversible reaction will

reach a point when the speed of reaction in

one direction will equal the speed of reaction

in the other direction. It is then said to be

in equilibrium. At that point there will be

present a definite proportion of all reactants

and all products.

Some reactions are irreversible
;
they reach

completion. Conditions which cause a reac-

tion to go to comxpletion are (1) formation of

a gas, (2) formation of a precipitate, or

(3) formation of an un-ionized substance.

STUDY GUIDE

1. Define oxidation, combustion, rusting,

oxide, oxidizing agent, kindling temperature.

2. Define reduction, reducing agent.

3. What produces spontaneous combus-

tion?

4. What is hydrolysis? double decomposi-

tion?

5. What are reversible reactions and irre-

versible reactions? What is equilibrium?

Nuclear Reactions

Reactions Involving Energy. We have learned

that chemical reactions are often accom-

panied by changes in energy; these changes

are usually observed in the form of light or

heat. One of the most important reactions of

this type is that of oxidation and reduction.

Not only is our civilization dependent on

heat energy for almost every industrial ac-

tivity, but the actual life processes of people

and animals depend on the oxidation of car-

bon compounds in the blood stream. These

energy-producing carbon compounds are ob-

tained from food, most of which starts out

in the form of growing plants. The plants

themselves make use of the energy of sun-

light in another vital chemical reaction

(called photosynthesis) which produces these

carbon compounds from water and carbon

dioxide. Thus our lives are entirely depend-

ent on chemical reactions which are accom-

panied by energy changes.

An alchemist and the chemical symbols which he used^

^ Drawing based on Eckels, Shaver and Howard, Our Physical World. Benjamin H. Sanborn & Company.
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A key was placed on photographic film which was then

exposed to radioactivity, resulting in this shadow picture

The past fifty years have seen the develop-

ment of a new branch of science which deals

with the relationships between matter and

energy in a type of reaction which is quite

different from the usual chemical reaction.

These new-type reactions are called nuclear

reactions. We have seen that many chemical

reactions involve only the outer electrons of

the atom. On the other hand, nuclear reac-

tions produce changes in the central nucleus

of the atom, with the result that the entire

nature of the atom is altered, and one or more

wholly new products are formed. Such reac-

tions usually use (or produce) much larger

quantities of energy than are involved in or-

dinary chemical reactions.

Changing of Matter. In ancient times great

efforts were made to convert lead and mer-

cury into gold. Although no such attempt was

ever successful, much useful knowledge was

obtained from the experiments. It is interest-

ing to note that these early experimenters

(called alchemists) preferred to use the

heaviest metals they could obtain. The heavy

metals have large and complicated atoms; the

This cyclotron uses a powerful magnetic field to produce nuclear reactions
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Yerkes Observatory

The tremendous amount of energy radiated by the sun is believed to be

the product of a continuing series of violent nuclear reactions

central nucleus of these heavy atoms is best

suited for use in nuclear reactions.

Over sixty years ago, the French scientist

Henri Becquerel discovered that compounds

of uranium, a very heavy metal, emit invisible

energy in the form of penetrating rays which

have some of the properties of light. In a

series of experiments these rays were used to

form shadow images on unexposed photo-

graphic film. From other experiments Bec-

querel learned that the rays also produced

interesting electrical effects. In continuing

the studies of this new type of energy Mme.
Curie investigated other heavy elements and

found that thorium produced the same rays.

In analyzing the ore from which uranium was

obtained, Mme. Curie was finally able to ex-

tract a new and even more active element,

which she named radium. Since that time,

substances which emit this type of energy are

said to be radioactive.

Experiments with this radioactivity have

shown that the energy consists of a mixture

of three different types of rays. One of these

rays was found to consist of a stream of

rapidly moving particles which were called

alpha particles. An English scientist. Lord

Rutherford, demonstrated that alpha particles

are actually atoms of helium which are elec-

trically charged. In 1919 Lord Rutherford

performed an experiment in which he bom-

barded some nitrogen gas with a swift-moving

stream of these alpha particles. As might be

expected, an occasional nitrogen atom was
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struck by one of these particles in such a way
that its nucleus was changed by the impact.

The change in the nucleus actually converted

the atom from nitrogen to oxygen.

Nuclear Reactions in Nature. Such nuclear

reactions have been called "splitting the

atom.” In recent years, man’s knowledge and

use of these nuclear reactions have grown

rapidly, and several types of powerful "atom

smashers” have been constructed. Most of

these devices operate by speeding up a stream

of particles until they reach such velocities

that they can cause changes in some of the

atoms with which they collide. Using such

equipment, scientists have produced and

studied many different types of nuclear re-

actions. In all these reactions energy is either

given off or absorbed and the reacting ma-
terial is completely changed into another

material.

With this new knowledge, it is possible to

identify some of the nuclear reactions by

means of which the sun is able to continue

giving off energy. The energy-producing

process in the sun consists of a whole series

of nuclear reactions. We have already learned

about two very important reactions, oxidation

and photosynthesis. Perhaps we should add

the sun’s nuclear process to our list of im-

portant reactions, for without it our earth

would soon become as cold and dead as the

moon.

Other nuclear reactions are continually

taking place on the earth though their effects
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This sudden and violent release of nuclear energy in an atom-bomb explosion

at Bikini atoll is spectacular and destructive

are less spectacular than those which occur

in the sun. Some of the heavy elements have

nuclei which are unstable; that is, they are

continually changing themselves into lighter

nuclei and giving off definite amounts of

energy in the process. Thus, for example,

uranium gradually converts itself into lead,

which is somewhat lighter. This process is

normally very slow; if you had a pound of

uranium, you would still have half of it left

after 4,700,000,000 years.

Man-made Nuclear Reactions. It is possible

to produce a special type of nuclear reaction

(called fission) in which this conversion takes

place very rapidly, and large amounts of

energy are emitted in a short period of time.

When bombarded with certain particles, the

nuclei of uranium atoms can be made to split

into two approximately equal parts and, at

almost the same time, to split the other nearby

nuclei. During this process, large amounts of

energy are released. Once this reaction is

started, it keeps itself going; accordingly, it

is called a "chain” reaction. Such chain reac-

tions can be controlled so that the energy is

released slowly. If the reaction is not con-

trolled, all of the energy is released very

quickly and with considerable damage to the

neighborhood. The atom bomb makes use of

an uncontrolled chain reaction.

Some Uses of Nuclear Reactions. In an

atomic pile, the energy is released at rea-

sonably slow rates. About four fifths of this

energy consists of heat, while the remainder

is in the form of radioactivity. Many sub-

stances can be treated in an atomic pile so

that they will become temporarily radio-

active. Man has already learned to make
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good use of these radioactive materials in the

field of medicine. For many years radium

compounds have been used in the treatment

of certain body conditions, including goiter

and cancer. The materials which are natu-

rally radioactive (such as radium) not only

are very expensive but are also very poison-

ous, so that there are many medical purposes

for which they cannot be used. Today, a large

number of specially chosen elements can be

made artificially radioactive. These new
radioactive substances not only are inexpen-

sive but they can be used in ways which make
them more effective and less dangerous than

any materials which could be obtained prior

to our atomic age.

Other radioactive elements may be used as

"tracers,” since even the slightest degree of

such activity can be measured with accuracy.

As an example, radioactive carbon can be

used to trace and analyze many complicated

chemical processes, such as the refining of oil.

Through the use of proper equipment, it

should be possible to use the heat energy from

an atomic pile for the same purpose as heat

from any other source, such as the burning

of coal or oil. Unfortunately, atomic heat is

available only at very high temperatures and

is likely to be mixed with destructive radiant

energy in other forms. A simplified diagram

of one suggested power plant is shown in the

illustration. With such a power plant it

should be possible to extract about as much
heat energy from one pound of uranium as

could be obtained from three million pounds

of coal. If all of its nuclear energy could be

Under direction of the Department of the Army the combined efforts of science,

industry, and labor have succeeded in the production of the atomic bomb,

the most powerful weapon in military history. Research and manufacture

of the bomb was a closely guarded secret. This is an aerial view of one

of the giant production plants constructed at Oak Ridge, Tennessee
U. S. .\rm,v Photograijli
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Drawing based on chart by Westinghouse Electric Corporation

converted into electricity, only fifteen tons of

fissionable material would be needed each

year to meet the entire electrical-power re-

quirement of the United States.

STUDY GUIDE

1 . Describe at least two ways in which our

lives depend on reactions involving energy

changes.

2. What new element was discovered by

Mme. Curie?

3. What is actually meant by "splitting the

atom”?

4. Describe some of the nonmilitary uses

of radioactive substances.

IMPORTANT THINGS IN THIS CHAPTER

A physical change involves no change in

the composition of a substance but only a

change in position or condition, whereas a

chemical change involves a change in com-

position.

The physical properties of a substance are

such characteristics as boiling point, freezing

point, density, conductivity. The chemical

properties of a substance are its capacity to

decompose or to react with other substances.

Elements are the simplest substances into

which materials can be broken up. There are

96 elements. Compounds are combinations

of two or more elements. Each compound has

a definite composition.

Mixtures are physical aggregations of ele-

ments or of compounds or of elements and

compounds. The composition of a mixture

is variable, and the components may be sepa-

rated by mechanical means.

A solution (consisting of solvent and sol-

ute) is a homogeneous mixture. The amount
of solute in a given amount of solution is a

measure of the concentration of the solution.

Crystalline substances have a sharp melt-

ing point, whereas noncrystalline, or amor-

phous, substances may soften and melt within

a range of several degrees in temperature.

Colloids are substances in a state of di-

vision intermediate in size between the mole-

cules of a solution and the particles of a

suspension.

The speed of a reaction depends upon the

substances involved, their concentrations, the

temperature, and, sometimes, the presence of

a catalyst.

In a chemical reaction heat may be given

454



off (exothermic reaction) or may be absorbed

(endothermic reaction ). The former involves

a transformation of chemical energy into heat

energy, and the latter a transformation of

heat energy into chemical energy.

An atom is the smallest particle of an ele-

ment. A molecule is the smallest particle of

a compound.

An atom consists of electrons (negative

charges) and protons (positive charges). A
neutral atom contains an equal number of

each.

The nucleus of an atom contains protons

with a certain number of electrons. The re-

maining electrons (the satellite electrons)

travel in orbits around the nucleus. They are

distributed in concentric shells. The number

of electrons in the outermost shell deter-

mines, in general, the chemical activity of

the element; there is a tendency toward the

completion of the outermost shell.

Metals have few electrons in the outer

shell, whereas nonmetals have more than half

of the possible number.

Inorganic acids, bases, and salts (electro-

lytes) are ionized in a water solution. The

metal loses an ion and becomes positively

charged (the cation), while the nonmetal or

nonmetallic group gains an electron and thus

becomes negatively charged (the anion). In-

organic reactions in solution usually take

place between ions.

The relative weights of the atoms of ele-

ments (the atomic weights) are represented

by figures. The composition of a compound

is shown by its formula, and the reaction be-

tween substances by a balanced equation.

Acids in solution have a replaceable hydro-

gen ion and turn blue litmus (an indicator)

red. Bases have a hydroxyl ion (OH group)

and turn red litmus blue.

Acids and bases neutralize each other. The

product of neutralization is a salt and

water.

Organic compounds are carbon com-

pounds. They are nonelectrolytes; therefore

the reactions between them are nonionic.

The addition of oxygen is oxidation; the

withdrawal of oxygen is reduction.

Hydrolysis is the reaction of a salt with

water to give an acid and a base. It is the

opposite of neutralization.

Reactions go to completion when a gas or

a precipitate or an un-ionized substance is

formed; otherwise a reaction reaches equi-

librium.

Ordinary chemical reactions involve only

the outer electrons of atoms; nuclear reac-

tions change the central nucleus, with the re-

lease of large quantities of energy and the

conversion of the atom from one element to

another.

The sun radiates heat and other forms of

energy which are the products of large-scale

nuclear reactions.

Controlled nuclear reactions are used to

produce radioactive substances which are

useful in science and industry.

AFTER YOU FINISH THIS CHAPTER

1.

Try making out lists, as complete as

possible, of the physical and chemical prop-

erties of some common substances, such as

water, sugar, salt, etc.

2 . Explain why damp hay placed in a

barn is likely to set the barn on fire.

3. Examine the Brownian movement of

some smoke particles under the microscope.

4. Draw diagrams to show the molecules

which are formed when several common
metals and nonmetals unite.

5. By means of different-colored marbles,

construct models of various atoms. Then

show how they can unite to form molecules.

Interesting models of atoms can also be cut

out of pasteboard.

6. Get a piece of badly rusted iron and

some corroded copper or aluminum. Examine

the corrosion on each piece and try to see

why the rust on some kinds of metals is a

protection, while on others it is injurious.
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7. Give some reasons why a thoroughly

trained chemist must be well informed in the

field of geology.

8. Look up in some reference books the

effect that chemical decomposition plays in

the wearing away of mountains.

9. Show how electricity may be used to

break up molecules. |

10.

Explain how the ability of water to dis-

solve many things plays an important part in

the wearing away of mountains.

LEISURE-TIME ACTIVITIES

1

.

The student can find much interesting

additional information on atoms in such books

as Kendall’s A I Home among the Atoms,

Bertrand’s ABC of Atoms, Mills’s Within the

Atom, Noyes’s Modern Alchemy, and Dar-

win’s New Conceptions of Matter.

2. Compare the kindling temperatures of

a number of common substances, such as

iron, copper, sugar, lubricating oil, flour, and

wood.

3. Test as many things as possible in and

about the home to see whether they form

solutions or suspensions.

4. Try growing large crystals from solu-

tions of such compounds as sugar, salt, cop-

per sulfate, and hypo.
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17 CHEMISTRY IN THE MACHINE AGE

The Industrial World

Growth of Industries. The problem of chem-

istry is to make use of material resources in

fabricating new products for our rapidly ex-

panding civilization. All of these new prod-

ucts must in the end be synthesized from

substances already existing, since matter itself

can neither be created nor destroyed.

What of the future? Will there be inter-

national struggle and competition for natural

resources? Will some nations rise in indus-

trial power, while others decline? Will small

nations possessing mineral wealth come under

the power of great industrial countries? Will

newborn industries destroy the old established

ones? Will chemical progress breed fear and

confusion? Such need not be. Industrial

growth can follow a line of progress which is

orderly, predictable, and co-operative. There

are basic factors of industrial importance

which must largely determine the industrial

! strength of a given nation or locality.

Industrial development during the past

century has been so rapid that it is no wonder

there is keen and often bitter rivalry for the

few prize possessions in the world. Industrial

development, including the growth of chemi-

cal industries, has been so great during the

present century that more minerals have been

mined since the beginning of this century than

I in all preceding history. Also, more minerals

have been mined in the United States during

the past thirty years than in all its preceding

;

history. The building of the Great Pyramid

i' of Egypt, which has long been thought of as

I one of the most colossal works of man, re-

i
quired thousands of slaves for nearly a life-

;

time
;
yet one iron mine in the Lake Superior

region produces every two weeks a volume

of ore greater than the volume of any of the

- pyramids.

There are so many allied industries which

grow up around the steel industries that it has

been pretty well shown that only that nation

which possesses vast resources of other min-

erals will achieve industrial greatness. Only
a few regions in the world possess these vast

reserves; the United States is one of the rich-

est of these. It is true that it does not have
manganese, chromium, or nickel, which are

so important to a nation; and there are also

some other minerals, such as tin, which are

lacking. But in general the United States is

less dependent upon other countries than is

any other nation.

The production of minerals is so great that

they make up about two thirds of all the ton-

nage hauled by railroads in the United States

and about one quarter of the cargoes on all

the oceans. But the use of other materials has

also increased; for example, as much oil has

been consumed throughout the world in eight

recent years as in all preceding history. Other

industries in which chemistry plays a part

have also increased in a like manner.

Now let us turn to the various regions of

the world and see a few of the opportunities

which the future holds for them.

Resources. North America. Since industrial

greatness presupposes vast resources of iron

ore and coal, what of the United States? In

the Lake Superior and Alabama sections are

some of the world’s choicest beds of iron ore.

The United States also possesses about one

half of the world’s estimated reserves in coal.

It also ranks high in other sources of power

—

for example, water power, much of which is

still untouched. Likewise it leads the world

in the production of oil; but here the su-

premacy may not last, for the richest oil fields

are being drained so rapidly that before long

the best reserves are likely to be used up, and

dependence will have to be placed upon other

countries for this valuable fuel.

But what of the minerals and industries

which must be companions of the steel mills?

The United States is an outstanding mineral

region. Nowhere else are the important min-

eral reserves grouped in such large quantities.
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The Falls of the Ohio at Louisville. Water power is an invaluable natural resource

More minerals are produced and consumed

than in any other nation
;
in fact, about 40 per

cent of the world’s supply is handled by the

United States. It leads the world in the pro-

duction of a wide variety of minerals and in

the output of products manufactured from

them. To mention only a few, there are iron,

copper, lead, zinc, aluminum, phosphates, sul-

fur, borax, as well as the fuels, such as coal,

oil, and natural gas. The supremacy in the

production of some of these minerals, how-

ever, may not be permanent, and the time

may come when the United States will be

forced to depend upon other regions for some

of its copper, iron, and lead. The United

States has already lost its leadership in the

production of gold and silver, and there is

likely to be a gradual falling off in copper

production. The Lake Superior deposits are

being slowly exhausted, while at Butte, Mon-
tana, the copper mines are becoming increas-

ingly expensive to operate as they go deeper

into the earth. It will be a much longer fime

before the reserves of iron ore are used up

in the Lake Superior region, but the time will

come when foreign sources of iron ore will be

increasingly important.

The United States need not become

alarmed, however, at the depletion of its re-

serves so long as it does not waste them. It

has sufficient financial resources to buy new

fields elsewhere for development. There will

be splendid opportunities for young American

chemists to help to develop the new fields.

Let us now turn our attention to Canada.

This country is especially interesting because

it has one of the world’s largest areas of min-

eral resources, which is yet to be developed.

Its chances of becoming one of the world’s

great industrial centers, however, are not

great because it lacks the primary substance

—iron ore. Comparatively little is being done

458



Ewing Galloway

Miners at work in a nickel mine near Sudbury, Ontario

with its coal at present, but there are large

reserves available which will eventually play

a prominent part in supplying America with

fuel. Canada has several metals, such as

nickel and cobalt, which are needed to alloy

steel. In fact, Canada produces practically

all the nickel in the world.

The future of Canada is not limited to min-

eral wealth. It is one of the greatest producers

of timber for papermaking; and if it does not

waste timber resources, it may continue to be

one of the world’s main sources of paper pulp.

Mexico, on the south, is in many ways not

so fortunate as Canada with respect to min-

eral resources, but it possesses oil and also

has splendid opportunities for further devel-

opment in agriculture. Mexico will probably

never be a great industrial nation, because it

lacks the primary materials—iron ore and

coal. It leads the world in the production of

silver, and at one time was the second greatest

producer of oil. Unfortunately^ its oil re-

serves were rapidly exhausted; and unless

Mexico finds new fields, it will never again

play a very important part in that industry.

South America. South America always

holds enchantment for young people with ad-

venturous spirits. What of its future indus-

trially and chemically? Will it gradually

replace the north industrially? Or is it likely

to be merely a feeder of raw materials to the

great industrial centers? The latter seems

likely because no country in South America

has a combination of essential raw materials

necessary for great industrial development.

Nowhere are there coal beds near the de-

posits of iron ore. South America is especially

lacking in coal. In fact, it has been estimated

that all the coal in the world south of the

equator makes up only about one tenth of the

world’s total reserves. Eventually Brazil and

Chile will be large exporters of iron ore, but

they can never be expected to smelt much of

it themselves.



The future for South America is not dark,

even though the continent is not likely to

dominate the industrial world. It has mineral

and agricultural resources yet untapped, and

it is now exporting great quantities of min-

erals, such as tin from Bolivia, platinum from

Colombia, aluminum ore from the Guianas,

manganese from Brazil, and copper from

Chile and Peru. Besides this, Chile has the

only great deposit of nitrates in the world,

while Peru has the greatest vanadium deposit.

Perhaps South America’s most important

natural resource is oil. Nearly every country

there can have profitable oil fields, and we
shall probably see the day when there will

be an oil belt of producing wells extending

almost the entire length of the Andes Moun-
tains. Even now Venezuela is second to the

United States in the world’s production of oil.

We must not overlook the wonderful op-

portunities that many regions of South Amer-

ica have for agricultural development. There

is rich soil in many localities where the cli-

mate is ideal for heavy production. Conse-

quently these regions are almost certain to

compete seriously with the agricultural sec-

tions of North America. South America is

already increasing its cotton acreage rapidly.

There are many other agricultural products,

however, which can be exported, especially

medicinal plants and coffee.

Europe. Let us now turn our attention to

Europe, the other great industrial center in

addition to the United States. It can con-

veniently be divided industrially into two

groups of nations: the British Isles and con-

tinental Europe.

Great Britain is the most powerful com-

petitor of the United States because she owns

such unlimited resources throughout the

world. These resources make it possible for

the British Isles to be almost an exception
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to the rule that a locality must have a well-

balanced supply of resources in order to be

successful industrially. Britain finds it easier

than most nations to depend largely upon

shipping because she has such big deposits

of high-grade coal close to the sea. Thus ores

from her distant possessions can be brought

to her ports and cheaply smelted.

The British Isles fortunately have large

beds of high-grade china clay, which make
them a leader in the manufacture of dishes.

Central Europe compares favorably with

the United States in variety and size of min-

eral deposits, but the ownership of these dif-

ferent deposits has been so awkwardly divided

among the nations that it has been the cause

of bitter rivalry and many wars. In other

words, a nation which owned the rich iron

ores often did not own the neighboring coal

fields, while the country which had the coal

did not own the neighboring allied minerals.

Industrially it is necessary for all these re-

sources to be worked together in order that

they may compete with those of other indus-

trial centers of the world; yet each nation has

been afraid to trust the other for fear that the

other would get control of the resources. This

situation unfortunately has been aggravated

by recent peace treaties, because no thought

is usually given to the grouping of natural

resources.

What about the countries bordering cen-

tral Europe? What part can we expect them

to play in the chemical industries ? The people

along the Mediterranean Sea controlled the

world during the days of the Caesars. Will

they develop an industrial center which in a

like manner will control the industrial world?

Such cannot be if they depend upon their own

mineral resources. The reason is simple: they

lack most of the minerals which are necessary

for industrial power, and they have barely

enough iron ore for their own use. This region

does, however, lead the world in the produc-

tion of mercury and has splendid beds of

sulfur.
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The Scandinavian countries, in the north

of Europe, will continue to be leaders in

chemical industries which require cheap

water power for the production of electricity.

They already have in operation some of the

world’s finest electric nitrogen-fixation plants,

and they have much water power yet to be

developed. Sweden also has one of the finest

deposits of high-grade iron ore in Europe.

Since there are no neighboring coal beds, most

of this ore is likely to be exported rather than

smelted locally.

The next great problem for Europe is oil.

In this respect it has better opportunities than

many of us in America realize, because there

is a strip of land extending from Rumania

east into Iran which geologists think is likely

to become one of the world’s oil centers and

to hold that place for many years. Since there

has been keen competition to get control of

this region, the political effects of this rivalry

will be felt for a long time.

There is one more locality in the European

section which must be examined before we
leave this part of the world, and that is Russia.

She has long been a leader in the production

of platinum, but much of this country’s re-

sources are as yet unexplored and undevel-

oped. She seems to have sufficient iron ore

and coal to take care of her own industrial

needs. But it is still problematical whether

she has sufficient reserves in the right com-

bination to build up an industrial center which

can supply her own growing demands and

still have enough left over to export finished

products to all parts of the world.

Africa. When we turn our attention to

Africa, our first thought is of gold and dia-

monds. This continent leads the world in the

production of these two precious minerals.

But Africa as a whole is likely to remain a

feeder of raw materials to the great industrial

centers in the north. She is forced into this

position because the Union of South Africa

is the only country which has enough iron ore

and coal to de\'elop an independent industrial

center sufficient to meet her own needs. Africa

has another industrial weakness, which is its

lack of oil. The geologists believe, from a

study of the rock structures, that there is very

little possibility of this continent’s ever attain-

ing a prominent position in oil production.

On the other hand, Africa is so large, with

many different minerals scattered about, that

great revenues will continue to flow to this

continent in return for its raw products. For

example, the world’s largest future supply of

copper is likely to come from the Congo and

Rhodesia. Also, great wealth lies in the man-

ganese deposits of the Gold Coast region;

tin in Nigeria; chromium, asbestos, and

platinum in South Africa; and graphite in

Madagascar.

Australia. Now let us wander to Australia.

This region has sufficient iron and coal for

its own industries, with enough besides to be

able to ship iron ore, along with some other

minerals, to other countries.

Asia. The last great territory we have to

consider is Asia. Many people have great

expectations for industrial development in

this region; but let us first look for the

primary essentials—iron ore and coal. Japan
has practically none of these. Manchuria has

plenty of low-grade coal and still lower-grade

iron ore, but these are so poor that they hold

little promise of commercial success. China

has vast deposits of high-grade coal but no

iron ore. On the other hand, India has plenty

of high-grade iron ore but no coal. The same

is true of the Philippines and the Dutch East

Indies. Consequently most scientists feel that

the handicaps to the development of a great

industrial center in Asia are well-nigh in-

surmountable. If the iron from India and

the coal from China could be brought to-

gether economically, there would be hopes

of commercial success. But until that time

Asia’s contributions are likely to be in other

fields.

There are, however, isolated mineral de-

posits in Asia which hold world prominence.

For example, the Malay Peninsula leads the

world in the production of tin, while India

leads in the production of manganese and

sheet mica.



STUDY GUIDE

1. Where are the leading iron resources of

the world?

2. What are the mineral resources of

Canada? of Mexico?

3. What are the industrial prospects for

South America?

4. What is the distribution of raw materials

for the chemical industries in Europe?

5. What are the resources of Africa, Aus-

tralia, and Asia?

Man and Fire

Matches. Our ancestors thought they were

decidedly modern when they began to carry

a tinderbox and a flint and steel. When they

wished to start a fire, they took some scorched

linen or other highly combustible material,

which they called tinder, from their tinderbox

and placed it in some wood shavings. Then

they struck the steel against the flint and let

the sparks fall upon the tinder. After much
blowing, the fire could finally be started. (See

illustration on this page.)

It was a great step forward when in 1805

Chancel of Paris discovered how to start a

fire chemically with sulfuric acid and potas-

sium chlorate. People thought they had made

great progress when they were able to throw

away the old flint and steel, and to carry

instead a bottle of asbestos soaked with con-

centrated sulfuric acid. When they wanted

to light a match, they dipped into the sulfuric

acid a small splint of wood covered with sul-

fur and tipped with a mixture of potassium

chlorate and sugar. The chlorate in decom-

posing supplied enough oxygen to the sugar

and sulfur to start them burning.

Friction Matches. The friction match was

not invented until about 1827. It did not come

into common use in the United States, how-

ever, until much later. These early friction

matches were sticks coated with sulfur and

tipped with a mixture of yellow phosphorus

and some oxidizing agent, such as an oxide

of lead or manganese. They had two serious

disadvantages. One was that they ignited too

easily, and many serious fires were caused by

them. The other danger was that yellow phos-

phorus is a deadly poison. It was not only

poisonous to a person who happened to get

some in his mouth, but the fumes of phos-

phorus poisoned the workmen in match fac-

tories. The fumes caused an ulceration of the

jawbone which was practically incurable.

This disease was especially dangerous for

workmen who had decayed or infected teeth.

Today matches are made in two forms, the

strike-anywhere match and the safety match.

The important difference between these is

that the safety match can be lighted only by

striking it on its box, while the other kind of

match can be struck on almost any object.

The manufacture of matches is a continu-

ous process in the match factories. Match-

sticks are split from blocks of wood, and one

end of the stick is stuck into a long endless

belt which carries thousands of matches at a

time. The stick is first dipped in a solution of

ammonium phosphate, which soaks into the

wood and covers the cells with an airtight

coating, thus making the wood burn slowly.

The fire on this slow-burning wood usually

goes out entirely the instant the flame disap-
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pears. There are no embers on the match

which continue to glow after the active burn-

ing stops. Thus the ammonium phosphate is

put on the match to prevent "afterglow.”

This can easily be demonstrated if the student

lights an ordinary splinter of wood at the

same time that he lights a match. When they

are both burning well, he should blow them

out. The match will stop burning entirely,

while the splinter will keep a glowing coal on

its end. If this splinter were carelessly thrown

into some dry grass or other combustible ma-
terial, it would probably start a fire, whereas

the danger of fire from the match would be

less. However, this material for the preven-

tion of afterglow is not always dependable;

but it does give an added protection against

fires started by indifferent persons who are

too careless to make certain that a match is

out before it is thrown away.

For the next step in the manufacture of

matches, the endless belt dips the sticks in

melted paraffin for about one fourth of their

length. This paraffin burns readily and helps

to set the stick on fire when the match is

lighted.

The head of a strike-anywhere match is

composed of two parts (see diagram at the

left). The first layer is a mixture of such

things as potassium chlorate, sulfur or sugar,

ground glass, dye, and glue. When heated,

the potassium chlorate gives off oxygen and

helps the sulfur to set the paraffin on fire.

The ground glass furnishes friction to help in

heating the match when it is struck. The dye

makes the match more attractive so that it

will sell better, and the glue holds the head

on the match.

The next layer, or tip, is composed of phos-

phorus sesquisulfide, ground glass, dye, and

glue. Phosphorus sesquisulfide is chosen be-

cause it is a low-kindling material which

catches fire when the match is struck. This

substance is nonpoisonous and does not ignite

so readily as yellow phosphorus. The other

materials—ground glass, dye, and glue-
serve the same purposes as they did in the

first layer of the head.

Next the match is dipped in a thin varnish

or other waterproofing material to prevent it

from becoming soft and unusable in damp
weather. When the matches are finished, they

are removed from the belt by a machine and

are put into boxes by mechanical packers.

The student should note carefully the series

of chemical reactions which take place when
the match is struck. The ground glass in-

creases the friction and causes the head of

the match to get hot. Then the phosphorus

sesquisulfide catches fire. The heat from this

decomposes the potassium chlorate, which

furnishes oxygen to the sulfur and makes it

burn more readily. The burning sulfur sets

the paraffin on fire, and this in turn heats the

wood to its kindling temperature, and it starts

burning. If you light a match and watch it

closely, you can see the paraffin melt slightly

ahead of the flame; then after the paraffin has

burned for an instant, the wood under the

paraffin will begin to char and turn black.

Safety Match. The safety match is essen-

tially the same as the strike-anywhere match,

except that the second layer of the head of

a safety match is placed on the matchbox in-
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stead of on the match. Thus the safety match

has only one tip on the head instead of two.

The head of the safety match often contains

antimony trisulfide (SbzSs), instead of sulfur,

as the combustible material. Since there is no

low-kindling material on the safety match, it

must be struck on the prepared part of the

box. In other words, the safety match alone

is not a complete match. It takes the match

and box together to equal one strike-anywhere

match. The material on the side of the box is

usually a mixture of red phosphorus (used

as a low-kindling material instead of phos-

phorus sesquisulfide), antimony trisulfide,

ground glass, and glue. When a safety match

is struck, the preparation on the box first

catches fire, and this in turn lights the match.

The box does not continue to burn because

it is not coated with a substance which

furnishes enough oxygen or combustible

material.

Fire Extinguisher. There are two types of

small portable fire extinguishers: those which

develop their own pressure by chemical means
and those from which the liquid is pumped
by a mechanical method. The soda-acid and

foam extinguishers belong to the first class,

and the small carbon tetrachloride extin-

guishers to the second class.

Soda-acid extinguishers usually hold two

oV three gallons of a strong solution of baking

soda (sodium bicarbonate). (See diagram A
above.) In the top of the container is a glass

bottle with a loose-fitting lead stopper. This

bottle is filled with concentrated sulfuric

acid. When you wish to put out a fire, you

turn the entire container upside down. The
sulfuric acid runs out of the bottle and reacts

with the baking-soda solution. These two

react and liberate large volumes of carbon

dioxide according to the equation

H2SO4 + 2 NaHCOs-^
sulfuric acid baking soda

Na2S0. + 2H20 + 2 CO2 .

sodium sulfate water carbon dioxide

The carbon dioxide gas furnishes pressure to

blow the liquid out of the extinguisher.

This type of extinguisher must be refilled

when the fire is out, even though it was used

for only a few seconds, because the acid which

ran out of the bottle will cause all the baking

soda to decompose. This type of extinguisher



puts out a fire by smothering it with water

and cooling the material below its kindling

temperature. The chemicals do not aid in

putting out the fire; their only purpose is to

furnish pressure.

This type of extinguisher is good for small

house fires, fires in wood shavings around

mills, and, in general, all kinds of small wood

fires, grass fires, and clothing fires; but it is

not satisfactory for oil and electrical fires.

The water from this extinguisher will sink to

the bottom and fail to smother the oil fire.

The soda-acid is not safe around electrical

fires, because the stream of water will conduct

electricity to the container and then to the

^
body of the person who is holding the con-

tainer. (See diagram on page 421.) Each

year many persons receive severe electric

shocks from trying to put out fires around

electric wires and fuse boxes.

The foam extinguisher also is not safe for

electrical fires, because the chemical is a con-

ductor of electricity. This type of extinguisher

is best for oil fires because the foam formed

will cover the oil and smother the fire. The
foam is produced by the reaction between

aluminum sulfate and baking soda:

Al2 (S04)3 + 6 NaHCOs
aluminun sulfate baking soda

3 Na2S04 -1- 2 A1(0H)3 -f 6 CO^.
sodium aluminum carbon
sulfate hydroxide dioxide

The foam produced by the liberated carbon

dioxide normally soon disappears; hence an

extract of licorice root is added. This makes
the bubbles so tough and lasting that the foam
remains long after the fire is extinguished.

The small foam containers are similar co

the soda-acid type. There is an outer cylinder

containing a solution of baking soda and lico-

rice extract, and an inner one containing a

solution of aluminum sulfate. When the con-

tainer is turned upside down, the two liquids

mix and form a foam which is blown out of

the container by the pressure of the liberated

carbon dioxide.

When this extinguisher is used for big oil

fires, the two solutions are kept in separate

tanks and then pumped out through the same

pipe to the fire. As the two liquids mix quickly

in the pipe, it is possible to make several car-

loads of foam in just a few seconds. The
foam cannot readily be destroyed with heat,

because it contains aluminum hydroxide,

which gets hot and forms a crust over the

foam; this crust holds its shape and protects

the rest of the foam. The quality of remain-

ing for some time which this foam possesses

makes it possible to protect the sides of a

building from fire. So many fires in cities

spread from one house to another that it is

often as difficult for the firemen to prevent the

spreading as to put out the fire. Now much
of this trouble can be overcome with the foam

extinguisher. The sides of the building to be

protected are covered with foam, and this

lasts until after the fire is out. Since "Foam-
ite” can extinguish a fire only by smothering,

it is not satisfactory for grass fires and wood
fires, which are difficult to cover airtight.

A popular extinguisher is a mechanically

operated pump which forces a stream of car-

bon tetrachloride upon the burning material.

This liquid evaporates and forms a heavy gas,

which smothers the fire. Since these extin-

guishers usually hold only about a quart, they

are not satisfactory for large fires. Since they

are light and handy, their main advantage is

that they can be used quickly before the fire

has made much headway. They are ex-

ceedingly valuable around automobiles and

trucks.

Carbon tetrachloride extinguishers are the

most satisfactory for small oil fires. They are

also the only type which can be used safely

on electrical fires because the carbon tetra-

chloride will not conduct electricity.

Fuels. The fuels which men have used to

obtain fire for heat or light have been solid,

liquid, and gaseous. The solid fuels include

wood, peat, and coal of various grades from

lignite, or brown coal, to bituminous, or soft,

coal, and anthracite, or hard coal. Most im-

portant of the liquid fuels is petroleum, while

the most important gaseous fuels are natural

gas and coal gas.



Petroleum. Not only is crude petroleum

valuable as a fuel, but many things can be

made from it. What is it? It is a mixture of

carbon compounds made up of carbon and

hydrogen atoms. The carbon atoms are

fastened together as chain molecules. The
chief difference between the various sub-

stances in crude oil is in the length of the

chain. A chain of six carbons produces a

gasoline which is easily vaporized and there-

fore ignites easily in winter, while one with

eight or nine carbons is a more powerful gaso-

line which is not so easily vaporized and there-

fore not so easy to ignite in winter. As the

chain increases in length, we find kerosene,

then thin lubricating oils, then thick oils, and

finally ''Vaseline” and paraffin.

The boiling points of these hydrocarbons

are higher as the number of carbon atoms is

increased. Therefore it is a rather simple

problem to separate them by fractional dis-

tillation (see illustration on page 430), which

is a process whereby the crude oil is boiled in

a retort and the gases that are given off are

cooled in a condenser. The substance which

is most difficult to boil is the easiest to con-

dense, and it condenses first front the other

gases. The remaining gases go on farther in

the condenser, and the substance which is the

next most difficult to boil separates from the

others. This process is continued until all the

gases have been changed back to a liquid.

But since these substances tend to condense

at different places according to their boiling

points, they can be drawn off as separate

liquids or separate portions of the original.

That is why the process is called fractional

i

distillation.

By this process the refiners separate gaso-

line, naphtha, kerosene, lubricating oils, pet-

rolatum, and paraffin. All these have impor-

tant household or industrial uses.

I

Oil companies separate gasoline, their most

i

salable product, from the oil obtained from
‘ the wells. But since many good producing

i wells give oil containing mostly long mole-

j
cules that make up higher-boiling hydrocar-

i

bons, the refineries have sought to change the

lengths of these molecules in order to have

more gasoline to sell. There is a much greater

sale for gasoline than for lubricating oils; so

the refineries have developed a process, called

cracking, for breaking up the long molecules

into the short molecules that compose gaso-

line. This is accomplished by heating the oil

to a high temperature under pressure. Mole-

cules move about faster as they are heated.

If oil molecules are made to move fast enough,

they bump into each other so hard that they

break in two. The pieces left make gasoline.

Many persons clean dresses with gasoline

in their homes. This procedure is extremely

dangerous. The danger lies in the fact that

gasoline evaporates rapidly, and the vapor is

highly inflammable. A fire may be started

from this gasoline, even though there is no

other fire near by. When silks are rubbed

together, static electricity is likely to be

formed, and this may cause sparks in the same

manner that you can produce sparks when you
rub a cat’s back. These unnoticed sparks

from the silk may easily ignite the gasoline

vapor and produce a serious explosion. There

are many fireproof cleaning fluids available;

they usually contain carbon tetrachloride,

which is noninflammable. Such fireproof

cleansers should alone be used in the home.

In the preparation of mineral oils for medi-

cine it is necessary to remove the taste and

color from lubricating oil. This is done b}^

treating the oil with fuming sulfuric acid.

This acid destroys the substances in the oil

which produce color and the disagreeable

taste.

Gaseous Fuels. The simplest members of

the series of hydrocarbons characteristic of

petroleum are gases. These are sometimes

associated with oil wells or are found collected

in pockets from which they may be piped and

sold for a fuel supply. This mixture of gases

is known as natural gas.

A much more common fuel is coal gas. This

is manufactured by heating bituminous coal

in retorts out of contact with the air. Under

such conditions the coal cannot burn, but

breaks down, giving a gas consisting chiefly
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of methane (CH4), ammonia (NHs), and tar,

and leaving coke in the retorts. The gas is

purified, piped to holders, and finally dis-

tributed to the community for heat and light.

The diagram above illustrates the process of

coal-gas manufacture.

Each of the by-products has commercial

value. From the ammonia various ammonium
salts, such as ammonium chloride (NH4CI),

may be formed. The coal tar is especially

valuable. This may be separated by distilla-

tion into the various substances of which it is

composed. From these "intermediates’^ nu-

merous coal-tar products, including dyes and

drugs, may be prepared.

The coke may itself be used as a fuel, or it

may be used in separating metals from their

ores. Since the amount of coke produced by
coal-gas manufacture is not sufficient for such

metallurgical processes, coke for metallurgy

is made in so-called by-product coke ovens.

Here the conditions of heating are controlled

with the purpose of securing a coke of suitable

texture and strength for use in reducing ores.

The ammonia and tar, of course, are saved

and have a commercial value.

STUDY GUIDE

1.

Describe the manufacture of friction

matches.

2. What is the difference between safety

matches and friction matches?

3. What are the different types of fire

extinguishers?

4. What is petroleum? How is it refined?

What are its products?

5. How is coal gas manufactured?

Iron and Steel

Iron. There are huge deposits of iron oxide

in the world, and it is a comparatively simple

matter to remove the oxygen from these and

have pure iron left. It is much more difficult

and expensive to remove phosphorus and sul-

fur from iron ore, and for this reason the

steel mills get most of their iron from the

Great Lakes region, where there is little phos-

phorus and sulfur, instead of from Oregon,

where the ore contains a great amount of these

two elements.

Iron oxide is mixed with the correct amount
of coke and flux and heated in a blast furnace.

(See diagram on page 469.) Flux is the name
given to the mixture of substances which is

added to the iron ore to remove impurities.

The composition of the flux depends entirely

upon the kinds of impurities to be removed.

The coke unites with the oxygen in the iron

oxide and forms carbon dioxide and carbon

monoxide. The flux unites with the impurities
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to form a light glasslike slag which floats on

top of the iron and is easily removed. The

molten iron settles to the bottom of the fur-

nace and is drawn off every few hours. Mol-

ten iron will dissolve carbon; hence the iron

drawn from the blast furnace has dissolved

all the carbon possible for it to hold. As it

cools, it rejects a considerable portion of this

carbon as graphite. The more carbon it con-

tains in solution, the more brittle it is.

Iron is classified according to the amount

of carbon in it. If it contains from 2 to 7.5 per

cent of carbon, it is cast iron. If it contains

from 0.8 to 2 per cent of carbon, it is called

high-carbon steel. If it has about 0.1 per cent

of carbon, it is known as mild steel, while iron

with a percentage of about .06 of carbon is

called wrought iron. The carbon in steel is

usually stated as so many points, that is,

40 points instead of 0.4 per cent.

Cast Iron. Pig iron is the iron as it comes

from the blast furnace. It contains so much
graphite, a form of carbon, absorbed from the

coke, that it has very little strength. This

excess graphite is removed by heating the pig

iron and mixing it with scrap iron or iron

oxide. The product, called cast iron, is still

quite brittle, but has greater strength than

pig iron.

Molten cast iron expands slightly as it

solidifies; since very few other metals do this,

it is a valuable metal for making castings. If

objects are difficult to shape and not subject

to much strain (such as radiators and frames

of heavy stationary machinery, like gasoline

engines), the best material to use for them is

cast iron.

Wrought Iron. Wrought iron is produced

in a puddling, or reverberatory, furnace. The

purpose of this furnace is to remove the car-

bon from pig iron by heating it with iron ore.

The oxygen in the ore unites with the carbon

in the cast iron and escapes as carbon

monoxide.

Mild Steel. To obtain mild steel, molten pig

iron is brought directly from the blast furnace

and poured into a Bessemer converter (see

illustration on page 471), which is an egg-

shaped furnace that holds about IS tons of

iron. In the bottom are many small holes,

through which air is blown up through the

molten iron to burn out the carbon. When the

carbon is all burned out, the air is shut off,

and the correct amount of carbon is added

to make mild steel.

Bessemer steel is much tougher and

stronger than wrought iron and is a cheaper

substitute. It can be used anywhere that

wrought iron is used. It is now widely used

for wire, nails, sheet steel, and cheap struc-

tural steel.

High-Carbon Steel. High-carbon steel may
be produced satisfactorily in three different

types of furnaces: open-hearth, crucible, and

electric furnaces. In the pastj when a large

quantity of steel was wanted, it was customary

to produce it in open-hearth furnaces, and the

highest grades of steel were made in small

quantities in the crucible furnaces. But the

electric furnace has now been developed until

it can produce steel which equals the crucible

steel in quality, and it can compete with the

open-hearth furnace for quantity. As a result,

the electric furnace is gradually replacing

both the other two types.

Open-Hearth Steel. The open-hearth fur-

nace does three things to pig iron: it removes

its excess carbon; it removes the impurities;

and it adds the correct percentage of other

metals to give the desired properties to the

steel. The excess carbon is removed from the

pig iron by heating it with the right amount

of iron ore, the oxygen from the ore uniting

with the carbon to form carbon monoxide.

Since an open-hearth furnace will hold about

75 tons of material, it is suitable for the pro-

duction of large sheets or blocks of steel, such

as are needed for armor plate or bridges.

Steel with the greatest strength and the great-

est ability to stand vibration is prepared in

the open-hearth furnace, as is also, in most

cases, steel for connecting rods, shafts, and

cannon.

Crucible Steel. The crucible process starts

with wrought iron or mild steel, which is com-

paratively pure. To this material are added
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the correct amounts of carbon and other

metals to give the desired high-grade steel.

Since the crucible process is about three times

as expensive as the open-hearth method, only

the highest grades of steel are produced in

crucibles.

Alloy Steels. Iron alone is so soft and weak
that it has little use except for electromagnets.

Fortunately for industry, the strength and

quality of steel are easily varied by mixing

iron with other elements. We often hear the

statement that we are living in the Iron Age,

but perhaps we should say that we are living

in the Age of Iron Alloys. One cannot go

through a machine shop, the street, or the

home without finding an alloy. The study of

alloys seems to be just beginning. The field

is so vast and so much of it is still unexplored

that we can take up here only roughly some
of the principal characteristics imparted to

steel by different substances.

Carbon. Carbon is by far the most impor-

tant element that is mixed with iron. Many
of the finest characteristics of steel come from

carbon; in fact, the difference between iron

and steel is in the carbon content. The dis-

tinctive properties of the different types of

steel are due more to the variation in the

amount of carbon than to all the other alloy-

ing elements together.

Pure iron has a tensile strength of 45,000

pounds per square inch. (Tensile strength

means the strength with which a material re-

sists being pulled apart.) It would require a

force of 45,000 pounds to pull apart a bar

of pure iron one square inch in cross section.

If a few tenths of 1 per cent of carbon is

added, the tensile strength increases to 60,000

pounds; and 1 per cent of carbon causes the

iron to have a tensile strength of 120,000

pounds per square inch. Carbon gives steel

greater hardness and strength with less brittle-

ness than does any other element.

Manganese. From 1 to 2 per cent of man-
ganese imparts hardness to steel; from about

2 to 14 per cent makes the steel too brittle

I

to use; but with more than 14 per cent of

1 manganese the steel is not brittle, yet is ex-

tremely hard. Oxygen is soluble in hot iron,

and when the iron cools, the oxygen is in-

clined to cause bubbles and flaws in the steel.

However, if manganese is added, it seizes the

oxygen and carries it into the slag, and thus

prevents the danger of flaws. Manganese also

makes hot iron more plastic and soft, so that

it is easier to work.

Silicon. Silicon is perhaps the best element

to prevent bubbles, or blowholes, by remov-
ing oxygen from steel. It is chiefly used in the

purification of spring steels and special steel

alloys for electrical transformers.

Phosphorus. Phosphorus is an injurious

element, which causes what is known as cold •

shortness in steel. A steel that is cold-short

is entirely fit for use and work while it is hot,

but becomes very brittle when it is cold.

Sulfur. Sulfur causes what is known as

hot-shortness in steel. A hot-short steel is per-

fectly normal when cold, but becomes brittle

while hot. This brittleness is likely to cause

small cracks to form in the steel; and when
it is put under pressure, it is likely to break.

A Bessemer converter

Robert Yarnall Richie



Chromium. Steel containing 2 per cent of

chromium is difficult to cut while cold and is

quite brittle. When higher percentages are

used, steel is so hard that it cannot be cut

with machine tools and can be finished only

by grinding. Chromium steel shows no grain,

or crystalline structure, and possesses an

enormous ability to resist shock. This prop-

erty has caused it to be almost universally

used for armor plate. A mixture of chromium

and nickel makes one of the strongest, tough-

est, and best-wearing steels on the market.

In general, if steel contains more than

12 per cent of chromium, it will be rustproof,

or stainless. A popular stainless steel on the

market at present has the following composi-

tion: carbon, 0.16 per cent; manganese, 0.50

per cent; silicon, 0.50 per cent; chromium,

17 to 20 per cent; nickel, 7 to 10 per cent.

The last three or four years have seen an

enormous advance in the uses and popularity

of stainless steel. In fact, it bids fair to re-

place all other steels used in places where

steel is subject to corrosion. The steel frame-

charging an open-hearth furnace with scrap

Wpjrtnn ste«l •^f'lnpany

work of skyscrapers is now made of stainless

chromium steel, and all kinds of steel cutlery

for the kitchen or dining room are now being

made of stainless steel, as are also sinks,

drainboards, bathtubs, lavatories, and plumb-

ing fixtures. There is a strong possibility that

this steel will practically drive aluminum
cooking utensils out of the kitchen. A
stainless-steel frying pan, for instance, is

easier to clean; and it weighs practically the

same as one made of aluminum, because the

steel is so strong that the pan does not need

to be made so thick as the aluminum one.

Since aluminum is subject to corrosion when
exposed to salt water, the aluminum parts on

flying boats or amphibian planes are quickly

weakened by the salt water. Much of this

difficulty is overcome by making those parts

of stainless steel.

Nickel. Nickel increases the toughness of

steel and lessens its tendency to be ruined by
overheating. Steel containing from 30 to

35 per cent of nickel gives the finest results

for valves in gasoline engines.

Tungsten. It was not known until recently

that most of the fine qualities of the Damascus

steel used for the famous Damascus swords

came from the presence of tungsten. Today

most of the tungsten-chromium steel is used

in making high-speed lathe tools. Steel con-

taining 18 per cent of tungsten and 5 per cent

of chromium increases in hardness as the tem-

perature increases. A lathe tool may become

hot from the friction of cutting. As a result

of this, in the past, a workman had to run the

lathe slowly and watch the cutting tool, be-

cause if it got hot it would lose its hardness.

Now, through the property of "red-hardness”

of tungsten-chromium steel, it is possible to

run the lathe so fast that the cutting tool gets

a dull red without losing its hardness.

Heat Treatment. Many of the finest prop-

erties of our present steels are produced by

heat treatment. The chemistry of the process

is rather complicated, but there are certain

features to be remembered. A bar of low-

carbon steel is made up of minute crystals

the shape of which determines its strength.



The size and shape can be changed by chang-

ing the temperature. If you heat a bar of iron

up to 750° C (1380° F), called the first transi-

tion point, the crystalline structure of the

steel changes, and a new type of crystal is

formed. Then if you gradually heat the iron,

these crystals grow in size until the tempera-

ture of 860° C (1580° F) is reached. Then
the steel quickly changes to another, much
smaller type of crystal. If the heating is con-

tinued, then another change in crystalline

structure occurs at 1400° C (2550° F). Fur-

ther heating melts the metal at 1500° C
(2730° F). If the steel is allowed to cool

slowly, it reverses the above steps; but if it

is cooled suddenly, any desired crystalline

structure can be obtained.

Pure iron, known as ferrite, exists in a form

which is fine and soft. The carbon in steel is

mostly in the form of iron carbide (FesC),

which is called cementite and is very hard and

brittle. Hot iron readily dissolves iron car-

bide, just as hot water dissolves sugar, but

iron carbide is not soluble in cold iron. If a

piece of steel is heated, the hotter it gets the

more iron carbide goes into solution. If a hot

piece of steel which has dissolved a large

amount of iron carbide is suddenly cooled, the

carbide does not have time to come out of

solution, and as a result the steel is very hard.

That is, the more iron carbide that is held in

solution in a piece of steel, the harder the

steel is. If this piece of steel is heated again

and allowed to cool slowly, the carbide has

time to come out of solution, and the cold

piece of steel is very soft.

STUDY GUIDE

1 . What are the kinds of commercial iron?

2. What are some of the alloy steels and

their uses?

3. What is the purpose of the heat treat-

ment of steel?

Otker Metals

Copper. This common reddish-brown metal

is exceeded in malleability and ductility only

by gold and silver. Copper is the second-best

conductor of electricity, silver being first.

Small traces of impurities greatly interfere

with the conducting power of copper. For

example, copper containing 0.8 per cent of

arsenic is only 30 per cent as good a conductor

as pure copper.

Copper is one of our best metals to with-

stand the corrosive action of weather. Ex-

posed copper will last many times as long as

iron, though clean copper will corrode as fast

as iron. But, when copper corrodes, or rusts,

the rust formed will stick tightly to the cop-

per and keep the air away from the rest of

it, so that after the coating is formed, the

remainder of the copper can last protected

for thousands of years. When iron rusts, the

rust formed is loose and fluffy and does not

protect the iron underneath.

Copper ranks next to iron in usefulness.

The electrical industries, of course, use the

greatest percentage of all the copper pro-

duced. Copper nails and sheeting are much
used in making boats because the copper is

but slightly affected by sea water.

Copper Alloys. Copper has a large sale on

account of the many useful alloys of which

it forms a part. Coins and jewelry made of

gold and silver are usually hardened with cop-

per, coins usually containing between 8 and

10 per cent of copper. Copper is peculiar in

that a small amount of nickel will completely

hide its reddish color; this has led to many
uses for copper where it acts as a cheap sub-

stitute for silver. The five-cent coin of the

United States contains 75 per cent of copper

and 25 per cent of nickel and is, then, really

a copper coin and not a "nickel,” as it is

commonly called.

Brass varies widely in composition, but

ordinary brass is likely to contain about one

part of zinc to two parts of copper. It is used

widely because it retains the weather-resisting

power of copper and is much stronger and

harder than pure copper.

Bronze is an alloy containing about 70 to

90 per cent of copper, with the rest zinc and

tin. This alloy is also much stronger than



pure copper. Man learned how to make
bronze long before he knew how to smelt iron.

It is very interesting to follow the develop-

ment of bronze in early Egypt. We can do

this by studying the metal implements which

the Egyptians placed in their tombs. The

earliest Egyptian tombs contained metal in-

struments and decorations which were nearly

pure copper. Then later tombs began to have

copper articles which contained a little tin.

Progressing through the tombs which be-

longed to each succeeding generation, we find

a gradual increase in the amount of tin alloyed

with the copper. Finally, after several thou-

sand years of Egyptian history, we find bronze

articles which are almost identical in com-
position with the bronze of today.

Phosphor bronze contains small amounts
of phosphorus, which make it hard and strong.

Manganese bronze contains a small trace

of manganese, which makes it tougher than

ordinary bronze. This alloy is generally used

for steamship propellers because it resists

corrosion in sea water.

Grinding a steel casting with an aluminous abrasive

Norton Compan;
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An air liner with a "Duralumin” hull

United Air Lines

Aluminum bronze contains about 90 per

cent of copper and the rest aluminum. It is

a hard, light, elastic metal which resembles

gold in color. It is ideal as a cheap substitute

for gold in jewelry, and can be used in place

of steel for watch springs and small ball bear-

ings. The hulls of many yachts are made of

aluminum bronze.

German silver is about one-half copper

and one-fourth each zinc and nickel. In color

it is a good imitation of silver and resists cor-

rosion well. As a result, it is widely used as

a substitute for all kinds of silverware. Ger-

man silver is a very poor conductor of elec-

tricity; hence it is commonly used in making
resistance coils.

Aluminum. Aluminum is of great value for

the compounds it forms, for the metal itself,

and for its alloys. Among the important com-

pounds are rubies and sapphires, which are

impure forms of aluminum oxide. Turquoise

is a form of aluminum phosphate. Corundum,

which is much used for grinding and cutting

stones, is also a form of aluminum oxide. The
emery in emery wheels is a mixture of iron

oxide and corundum.

Clay soils are forms of aluminum silicates.

Some of these silicates, when pure, are used

to make china dishes and porcelain ware.

When alumintim silicate is heated with chalk,

it forms cement.

Aluminum was a very rare and expensive

metal until the discovery of the electrolytic

process for reducing its oxides. In 1855

aluminum sold for about $300 per pound;

now it sells for a few cents per pound.

Aluminum is a white metal capable of tak-

ing a high polish. It lasts well in most climates

because the coating of rust, or aluminum

oxide, which forms sticks so tightly to the

metal that it protects the rest of the material

from similar corrosion. Aluminum, however,

corrodes rather rapidly in the presence of salt

or sea water. As a result, considerable diffi-
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Tin for these sheets came from Malaya

Robert Yarnall Richie

culty is encountered when aluminum is used

on seaplanes.

Aluminum is about one-third as heavy as

iron; it is malleable and ductile, but is only

about half as strong as copper. It is a good

conductor of heat and electricity. It is satis-

factory for electric transmission lines because

an aluminum wire equal in conducting power

to a copper wire weighs only half as much and

therefore is not so heavy on the poles. Where
long spans, or distances between poles, are

needed, cables are made of aluminum with

steel cores to give strength. By this method it

has been possible in certain instances to put

the supports nearly a mile apart.

Aluminum has become so cheap that it has

an enormous sale for kitchen utensils. The
characteristics which make it valuable for this

use are that it will not corrode easily, foods

do not affect it, all its compounds are non-

poisonous, it is light in weight, it is easily

shaped, it is strong enough for ordinary use,

and it conducts heat readily. This latter prop-

erty, however, makes it necessary that all

handles on aluminum ware be made of some

other metal in order to avoid burning the

user’s hands.

Powdered aluminum is widely used to paint

other metals, especially iron, to keep them

from rusting. Much of our so-called silver

paint is just powdered aluminum.

Aluminum Alloys. The important indus-

trial uses for aluminum depend almost en-

tirely upon its alloys. Three common alloys

are aluminum bronze, ^^Magnalium^'' and

'''^DuraluminT By far the most important of

these is duralumin. An exact description of

the aluminum alloys cannot be given here,

because the composition is varied to suit the

purpose of each alloy. It is sufficient to say

that duralumin, in general, consists of alumi-

num with small percentages of copper, man-
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ganese, magnesium, and silicon. Some of

these alloys, when properly treated, have a

tensile strength of 70,000 pounds per square

inch. Some alloys are also being developed

to resist sea water, and there seems to be hope

of progress along this line. Man);- types of

machines in industry can be made satisfac-

torily by using the correct aluminum alloy.

Some of these alloys can be cast, some forged,

some rolled, and some easily turned.

Wherever lightness of weight is important,

aluminum is immediately suggested. This is

especially true in the development of the

automobile and aircraft.

Lead. This cheap, heavy metal probably

finds more uses in the form of lead compounds

than as pure lead. Lead is soft, malleable, and

resists corrosion, but is not very strong. Its

greatest use is in lead plates for storage bat-

teries. Lead is easily rolled into thin sheets

and is much used as lead foil to line tea chests

and similar containers. Much lead is used by

plumbers for pipes and connections. It should

be noted, however, that all lead compounds

are poisonous. If water contains much carbon

dioxide, it will dissolve some of the lead and

cause injury to the person who drinks it. Lead

makes a splendid covering for electric wires,

especially those which are used underground

or under water. Shot for shotguns is made of

lead which has been hardened with anti-

mony and arsenic. Lead is an important ele-

ment in such alloys as solder, type metal,

fuseplugs, and pewter.

A great amount of lead is used in the manu-
facture of paints. Red lead, which is an oxide

of lead, forms the base for common red paint,

while white lead, a form of lead carbonate, is

used in most white paint.

Zinc. Zinc is used for the negative plates

of dry cells and for galvanizing iron. In the

process of galvanizing, the iron is cleaned with

sulfuric acid; then the metal is dipped in

molten zinc. When the iron is withdrawn, a

thin coating of zinc remains. When iron is

exposed to the weather, zinc makes a much
better protective coating than tin.

Many of the most common alloys, such as

brass, bronze, and German silver, contain

zinc. Zinc oxide is used in place of white lead

in paints, in the manufacture of rubber goods,

and in the making of adhesive tape.

Tin. Tin keeps bright and resists corrosion

so well that it is widely used as a coating to

protect iron from rusting. Tin cans are simply

cans made of sheet iron which has been

cleaned and dipped in tin. Tin does not pro-

tect iron as well as zinc does, but it is pre-

ferred for household uses because tin com-

pounds are not poisonous. Tin is malleable

and is commonly used as tin foil for wrapping

articles. Tin forms a part of many alloys,

such as bronze, solder. Babbitt metal, pewter,

and fusible alloys.

STUDY GUIDE

1. What are the important alloys of

copper?

2. How is aluminum produced? What are

its properties? What are its uses?

3. Describe some of the important uses of

lead, zinc, and tin.

IMPORTANT THINGS IN THIS CHAPTER

North America has one of the most com-

plete groups of natural resources in the world.

South America is likely to remain a feeder of

raw materials to the industrial areas. There

are scattered deposits of great value in South

America, which will bring splendid revenues

for years to come. Europe has two great in-

dustrial centers, and all the surrounding ter-

ritory except Russia will probably continue

to be feeders to these centers. Africa has re-

sources of immense value for export but has

little chance for industrial growth itself. Asia

will have great difficulty in developing a

powerful industrial center because nowhere

is there a good combination of the necessary

raw materials.

When a strike-anywhere match is made,

the stick is dipped first in a fireproofing sub-

stance to prevent afterglow. Then about one

third of the match is dipped in paraffin, a ma-

terial which burns readily and sets the wood
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on fire. Next the end of the match is dipped

in a mixture containing a combustible sub-

stance and a material which will furnish oxy-

gen. The final tip, containing ground glass

for friction and a low-kindling material, is

then placed on the match.

A safety rryatch differs from the regular

match in that the low-kindling material is

on the box instead of on the tip of the match.

The soda-acid fire extinguishers contain a

solution of baking soda. In the top of the

container is a small bottle of sulfuric acid,

which mixes with the solution when the ex-

tinguisher is turned upside down. This type

of extinguisher is satisfactory for most house

fires but is not safe for electrical or oil fires.

The foam extinguishers are chiefly useful

for oil fires. These extinguishers depend upon

the smothering action of the foam which is

formed when solutions of aluminum sulfate

and baking soda are mixed.

The small hand-operated chemical fire

extinguishers pump a stream of carbon tetra-

chloride upon the fire. This liquid evaporates

and forms a heavy gas, which smothers the

fire. These extinguishers are good for small

oil fires and are the only ones which are safe

around electrical wiring.

Petroleum products consist of molecules

made up of hydrogen and carbon. The short

molecules are gases. As the length of the mole-

cules increases, the products change from

liquids to solids. The long molecules can be

cracked into shorter ones by heating them to

a high temperature under pressure.

Coal gas is manufactured by heating bitu-

minous coal out of contact with the air.

Iron is obtained by heating its ore with

coke in a blast furnace. If iron has about all

the carbon it can hold, it is called cast iron.

This grade of iron is weak and brittle. If it

has practically no carbon, it is called wrought

iron. If small amounts of carbon are present,

it is called mild steel. Harder than this is

open-hearth steel; the hardest steel is the

crucible type.

Many beneficial properties are imparted to

steel by adding small amounts of other metals

as alloys.

The hardness of steel can be controlled by
heating it to the required temperature and

then suddenly cooling it.

Copper is a very useful metal because it

will resist corrosion and is a splendid con-

ductor of electricity. The strength of copper

can be increased by alloying it with such

metals as zinc or tin or aluminum.

Aluminum is a light, cheap metal which

resists corrosion and can be made into strong

alloys. Aluminum is also important because

of its compounds, such as precious stones,

pottery, and corundum.

The greatest use for metallic lead is in

storage batteries, but lead probably finds

a wider use in its compounds, as in lead

paints.

Zinc is much used as an alloy and for gal-

vanizing iron to keep it from rusting.

Tin does not protect iron as well as zinc

does, but tin plate is preferred to zinc plate

in the home because it is nonpoisonous.

AFTER YOU FINISH THIS CHAPTER

1. Locate on a map of the world the exact

spots where the important minerals are found

on each continent.

2. Make a list of the places in the world

which have enough resources for the inde-

pendent development of industrial centers.

3. Locate on a map the oil belts of the

world.

LEISURE-TIME ACTIVITIES

1. Read in the library a description of the

probable origin of crude oil.

2. Send to some large oil refineries for

pamphlets describing the different products

they make.

3. Read, in the library, some descriptions

of both ancient and modern iron-smelting.
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18 CHEMICAL INDUSTRIES

Glass

Early Glassmakers. Many fables are told

about the discovery of glass. One of the most

popular tells of some Assyrian sailqrs who
were wrecked on the island of Crete. They

managed to save some of their supplies and

cooking utensils from the wreck, and lived

for many days on the shore, waiting for the

sight of a sailboat that might rescue them.

They set up their kettles in the sand and

cooked their food on the beach. One day

when one of the sailors was scraping the ashes

from under the kettle, he noticed a chunk of

shiny material in the ashes. He held it up

and found that he could see through it. These

sailors found that if they heated the sand, it

would turn to this transparent material. It

happened that this sand was composed of sili-

con dioxide and lime, the two important in-

gredients for making glass. This story is

doubted because recent excavations in Egyp-

tian tombs show that glassmaking was com-

mon in Egypt long before there were any

Assyrian sailors. In fact, in Egyptian tombs

there are pictures of glassmakers at work in

1500 B.c.

Although history does not tell us accurately

about the discovery of glass, the probability

is that it was first made somewhere around

the head of the river Nile. The Egyptians

made a great many glass "tear bottles.”

These glass receptacles were used to catch

the tears of important personages when they

wept. They are rather poorly shaped bottles,

but must be considered good when we realize

the poor tools of the glassmakers.

Pictures on tombs show glassmakers at

work with bottles on the ends of long rods.

Many people have assumed that these rods

were hollow and the workmen were blowing

their bottles, just as is done today. More
careful research, however, has shown that

these bottles were not blown, but were made
by pouring molten glass into molds. This

partly accounts for their poor shape. An ex-

amination of these bottles shows that some

of them were dented by being accidentally

dropped into the sand while hot. Some of the

sand stuck to the soft glass, and the bottle

shows where some workman later spent hours

in polishing the bottle and trying to remove

this sand.

Most of these bottles are discolored with

green so that they are not transparent. (Com-
pounds of iron, with a valence of 2 ,

color glass

an unattractive green.) The Egyptians were

troubled with this color in making glass

bottles. They were not able to clean the sand

perfectly and remove all the iron compounds;

in fact, they did not know that it was the iron

which caused the trouble. Yet when modern

chemists analyzed some bottles, they were

surprised to find that the Egyptians used

manganese dioxide, as we do at present, to

get rid of the green color.

Different Kinds of Glass. There are two va-

rieties of ordinary glass—lime glass and lead

glass. Lime glass is the more common, and is

produced by melting together a mixture of

silicon dioxide, calcium carbonate, and sodium

carbonate. This reacts to form calcium sili-

cate and sodium silicate. Carbon dioxide is

liberated and stirs the mixture as it bubbles

off. Usually an excess of silicon dioxide is put

into the batch, so that some free silicon di-

oxide will be mixed with the other two sili-

cates. Glass, therefore, is a mixture of com-

pounds and is not one compound.

Lead glass is made in the same way except

that lead oxide is substituted for calcium car-

bonate. The final product consists of lead sili-

cate, sodium silicate, and silicon dioxide.

In actual practice it is common to make

glass from a mixture of both lead glass and

lime glass.

Window Glass. The material for window

glass is melted in a long furnace. The raw

materials are dumped into one end, and the

finished product is taken from the other end.



The window glass is drawn out in a continu-

ous sheet. The principle is easily illustrated

with a match and some molasses. If you dip

the match sideways in the molasses and then

lift it up, a thin sheet of molasses sticks to

the match. As you lift it, the sheet gets nar-

rower in width, the edges finally coming to-

gether and the molasses breaking loose from

the match. If an iron rod is dipped in some

molten glass, a sheet of glass will form as the

rod is lifted out and will then break off, just

as molasses behaves with a match. The in-

ventors of this process spent over twenty

years in trying to discover how to prevent

sheets from narrowing down and breaking off

in this manner. Finally they put water-cooled

rollers on each edge of the sheet of glass.

These rollers, by chilling and partiallyharden-

ing the glass along the edges, prevented them

from drawing together. This little invention

made it possible for the manufacturers to

draw a continuous sheet of glass from the

surface. When this long sheet is pulled

through long cooling, or annealing, ovens and

emerges from them, it is cold and ready to

cut into the desired lengths. For thick glass

the sheet is pulled slowly from the furnace,

and for thin glass it is pulled rapidly. It is

possible to make all grades, from window
glass to plate glass, with this machine.

Cheap window glass does not usually have

perfectly flat surfaces. Consequently objects

often look distorted through it, or if you move
your head back and forth as you look through

the window the objects outside seem to jump

about. Plate glass, on the other hand, has

perfectly flat and parallel sides; when you

look through it, there will be no distortion.

We do not usually think much about the dis-

tortion of a window, but such distortion was
tiring in automobiles before automobile win-

dows and windshields were made of plate

glass.

Safety Glass. Laminated safety glass can

be made by cementing a layer of a plastic ma-

terial between two sheets of glass (see pic-

ture, p. 481). When this glass is broken, the

pliable layer in the middle holds the pieces of

glass and prevents them from flying about.

Safety glass breaks just as readily as other

glass, but there is little danger that any per-

son will be cut by flying pieces of glass.

Bulletproof glass is made in a manner simi-

lar to that in which safety glass is made,

except that many layers of glass are used in-

stead of just two. Bulletproof glass is valuable

especially in banks because it will stop the

bullets of any ordinary gun used by a bandit.

Cut Glassware. Good cut glassware is

made of lead or barium glass because such

glass will take a high polish. The design is

cut into the glass by means of a grinding

wheel, and the edges are polished with a putty

powder. Much cheap imitation cut glassware

is made by means of hydrofluoric acid. This

acid eats readily into glass. The articles to

be cut are covered with wax and the design

scratched into the wax. If liquid hydrofluoric

acid is used, a shiny-surfaced cut is made, but

with gaseous hydrofluoric acid the cut is dull



and rough. This makes it possible to have

two different kinds of designs on the same

glass. Glass cut with hydrofluoric acid can

readily be distinguished from stone-cut glass

because the edges of all acid cuts are rounded,

while those on stone-cut glassware are sharp

and even.

Glass Blowing. Bottles are blown into shape

with air. A globule of molten glass is stuck

on the end of a hollow tube and then blown

into a bubble. This bubble is placed inside a

mold which is shaped like the article desired,

and is then blown to fit the mold. (See illus-

tration on page 482.)

Most glass articles are annealed to give

them extra strength and to prevent breakage

when they are jarred. Annealing means

simply slow cooling. If a molten bottle is

cooled rather rapidly, the sides cool first be-

cause they are thinner than the neck. When
glass cools, it contracts. The sides get smaller

as they cool; but since the thicker neck has

not yet cooled and contracted, a strain is set

up wherever there is a difference in the rate

of cooling. This strain remains even after the

glass is cold. Now if any part of the glass is

under a strain, it will be easier to break than

glass which has no internal strains. If the

glass is cooled slowly in an annealing oven,

all parts cool and contract at the same rate

without strain. The thicker a piece of glass is,

the longer it must be annealed. Small bottles

may be annealed overnight, while the lenses

for large telescopes require nearly a year for

annealing.

Recently some glass has been produced in

which the outer surface is cooled extremely

rapidly in a blast of air. This outer layer

forms a tough stressed layer over the rest of

the glass. This produces a glass which is

strong and somewhat springy. A scratch on

this outer surface, however, destroys the

whole piece.

Most laboratory glassware and glass cook-

ing utensils are made of a type of glass called

by the trade name "Pyrex,” composed mostly

of a mixture of aluminum silicate and alumi-

num borate. A change in temperature does

not cause "Pyrex” glass to expand or contract

so much as it does ordinary glass. Conse-

quently "Pyrex” glass is not easily broken

when heated.

Color of Glass. Many oxidizing agents can

be used to oxidize iron and thus increase its

valence to 3. One of the most common is man-

ganese dioxide (MnOa), which in this way
destroys the green. If too much manganese

dioxide is added, it imparts a violet color to

the glass. It is not uncommon to find cheap

bottles and stoppers around the laboratory

which show a slight violet tinge, which indi-

A sheet of plastic is placed between two panes of

plate glass in making laminated safetj^ glass

Libbey-Owens-Forcl Glass Co.
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churches today are a continuation of this old

Roman custom.

STUDY GUIDE

1. How is glass made?

2. What are some of the different kinds of

glass?

3. How may color be produced in glass?

Pottery

The glass blower can transform a lump of molten

glass into a fragile balloon flask

cates that too much manganese dioxide was
used to oxidize the iron to a valence of 3.

Glass can be colored almost any shade by
putting into it small amounts of different

metals. These metals are added to the molten

glass, and the metals become colloids. A col-

loidal metal has an entirely different color

from the solid metal. For example, cobalt

turns glass blue; chromium, green; gold,

ruby; selenium, red; manganese, violet to

purple; silver, yellow.

The Romans were the first to specialize in

colored glass. They made all the colors which

are common today and were the first to

popularize colored-glass windows. A mark
of distinction of a wealthy Roman was his

colored windows. The colored windows in our

Clay Products. Ancient man used cooking

utensils made of clay long before he learned

to write. When he learned how to write and

draw pictures, he used pottery for his tablets.

Much knowledge about early man has been

learned from the drawing and writing on his

pottery cooking utensils. One of the first

things for which an explorer looks in excavat-

ing the site of an old city is pottery. Even

broken pieces sometimes tell as much as whole

articles. Much of our information about one

ancient town was obtained by digging where

the city discarded its broken utensils. Writ-

ing on pottery which was buried thousands of

years ago is just as distinct as on the day it

was made. Much of the old pottery even

shows clearly the fingerprints of the men who

made it. Some excavators recently dug pot-

tery from two different buried cities. They

had had reason to believe that one of these

cities was destroyed centuries before the

other was built. But one scientist discovered

that some pieces of pottery from both places

had the same fingerprints on them, and this

showed that the same man had made pottery

for both cities.

Pottery, tiles, and bricks are made from

clay. Clay is an aluminum silicate which is

formed from the decomposition of granite

rocks. When granite decomposes, one of its

original minerals is often left, namely, feld-

spar, which is potassium aluminum silicate.

This in turn decomposes into clay. Low-grade

pottery is made of impure clay, and porcelain

from pure varieties. The pure varieties of clay

are called kaolin. Clay when wet forms a slip-

pery colloidal mass. This makes it easy to



shape the wet clay into all kinds of forms.

Then when this clay has been heated to a high

temperature, it loses its colloidal state, and

the aluminum silicate molecules give up some

combined water and leave the aluminum com-

pound in a hard form that seems to resist

permanently the decomposing action of the

weather. This process cannot be reversed. It

is impossible to grind up the baked pottery

and change it back into clay again.

Some early forms of pottery were made by
plastering a basket over with wet clay. When
the mass was heated, the basket would burn

away, leaving a hard pottery article of the

same shape as the basket.

The invention of the potter’s wheel brought

great improvement in the making of pottery.

This is not a recent invention, however, be-

cause the Egyptians were using it several

thousand years before Christ. The potter’s

wheel was used by placing a lump of wet clay

in the center of the wheel and spinning the

wheel around like a top. The potter could then

easily shape the clay into any desired circular

vessel.

The red color of bricks and tile arises from

the presence of iron compounds in the clay,

When the clay is baked, the iron turns to red

ferric oxide.

Porcelain. Porcelain is a finer pottery, made
from a mixture of kaolin, sand, and feldspar.

When porcelain dishes are made, they are

heated so hot that they nearly melt. The re-

sult is a product which allows light to pass

through readily, or is translucent. After the

porcelain has been heated, it is cooled and

dipped in a water suspension of finely pow-

dered quartz and feldspar to form a glaze. If

there are to be colored decorations, they are

then applied to the dishes. Again the dishes

are heated, this time hotter than before but

still not quite hot enough to melt. The glaze,

however, melts and forms a smooth shiny sur-

face over the dishes. If you examine the edge

of an ordinary broken dish, you can see the

hard, clear, shell-like surface over the rest of

the dish. This shell is the glaze.

The making of porcelain was perfected by

the Chinese. They developed this high-grade

material in trying to make their dishes imi-

This circular kiln requires 24 hours for one complete revolution
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tate the appearance of jade, a highly prized

stone. When porcelain was imported from

China to Europe, it was far superior to any

ware Europeans were able to make. There

was much competition among the European

potters in trying to imitate this beautiful ware.

Finally, when they began to approach it in

quality, they called it "China” ware in order

to impress upon the buyers that it was like

the dishes made in China. Since that time the

words porcelain and china have had the same

meaning.

Cheap crockery and glazed tile are not

heated so hot as porcelain, and are heated

only once. The glaze is formed by throwing

salt into the furnace. This salt vaporizes, and

the sodium in it reacts with the clay to form

a sort of glassy surface which is composed

mostly of sodium silicate and sodium alumi-

num silicate. Common rough-surfaced bricks

are made by a method similar to that used in

making crockery, but they have no glaze and

the clay can be very impure except when light-

colored bricks are desired.

STUDY GUIDE

1 . What is clay, and what are its important

uses?

2. What is porcelain?

Mortar and Cement

Mortar. The Egyptians and the Greeks,

long before the birth of Christ, made mortar

and used it in structural work much as we do

today. In fact, there has been very little im-

provement in its properties since that time.

In the manufacture of mortar it is neces-

sary first to change limestone into quicklime.

The limestone, which is calcium carbonate, is

heated in a rotary kiln. This kiln has a long

brick-lined tube placed at an angle. Lumps
of limestone are poured slowly into the end

of this tubular kiln. The kiln revolves slowly,

and the limestone gradually rolls toward the

lower end. The kiln may be heated with pow-

dered coal, gas, or oil. The combustible ma-

terial and air are blown into the lower end of

the tube. This material bums with a long

flame that extends up through the inside of

the tube and heats the limestone white hot.

The calcium carbonate, when heated, gives

off carbon dioxide and becomes calcium oxide

as shown in the equation

CaCOs heat—^ CaO -}- C02.
calcium calcium carbon

carbonate oxide dioxide

The calcium oxide, which is called quick-

lime, rolls out of the kiln and is cooled by a

blast of air. The hot air resulting is used to

burn the fuel in the kiln because in uniting

with the fuel the hot air will give a higher

temperature than ordinary cold air.

Each molecule of quicklime will unite

with a molecule of water to form calcium

hydroxide, thus:

Ca0 + H20-^Ca(0H)2.
calcium water calcium

oxide hydroxide

When mixed with sand and water this cal-

cium hydroxide gives us mortar. Mortar is

used mostly to hold bricks together. When
mortar is placed between bricks, it forms a

colloidal gel which sticks tightly to the bricks

and holds them together. Carbon dioxide

from the air slowly unites with the calcium

hydroxide in the mortar and forms calcium

carbonate:

Ca(0H)2-bC02 —^CaCOa + H^O.
calcium carbon calcium water

hydroxide dioxide carbonate

It is difficult, however, for carbon dioxide

gas to penetrate into the center of the mortar

between bricks. The chemists found a good

illustration of this when some old stone build-

ings were torn down in Rome. The buildings

were built during Julius Caesar’s time, and

were cemented together with mortar; yet

after one building had stood for nearly two

thousand years, they found some of the origi-

nal calcium hydroxide in the center of the

mortar.

Plaster. Plaster is another old building sub-

stance which was common for hundreds of

years before the Christian Era. In fact, in



500 B.c. it was a popular practice in Greece

to plaster and stucco houses. During the

Roman period plaster was more than just a

wall-covering. For instance, many of the

homes of wealthy Romans which have been

excavated in the buried city of Pompeii had

polished plaster for mirrors. The plaster in

the ladies’ dressing-rooms had been hand-

polished until it served for full-length mirrors.

Ordinary plaster is a mixture of fine sand

and calcium hydroxide, similar to mortar, ex-

cept that horsehair is usually mixed with it

to make it stick together and not crack off a

wall. The plaster is not used to hold other

articles together but is simply spread in a

layer on a wall and is left there to harden.

The plastered wall is strong, comparatively

fireproof, and a fair heat-insulator. The
plaster can be easily colored or calcimined

and is also easily covered with wallpaper.

Cement. Cement is one of the most impor-

tant modern building materials. Its uses are

practically unlimited, and it is becoming com-

paratively cheap. The important ingredients

in the preparation of cement are calcium car-

bonate and clay, which is an impure form of

aluminum silicate. Fortunately it is possible,

in making cement, to find clay banks which

are natural mixtures of the right substances.

These raw materials are heated in a rotary

kiln similar to the rotary limekiln. The sub-

stance is heated nearly to the melting point,

when it rolls up into lumps which are ex-

tremely hard after they cool. When cool.

I

1

Ground limestone and clay are subjected to terrific heat in these rotary kilns and after cooling

are pulverized again to make thousands of tons of cement
Robert Yarnall Richie
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these lumps are ground up into a fine powder;

in general, the finer the powder, the higher

the quality of the cement.

When the cement is used, it is mixed with

sand, gravel, and water. The reactions which

take place in the setting of cement are not

fully understood, but it is generally thought

that the cement first forms a colloidal gel

which has tremendous attraction for the sand

and gravel, thus holding them together. Some

of the material in this gel gradually crystal-

lizes. These crystals form an interlocking

pattern, which is exceedingly strong. The
strength of the material increases as the

crystals form. It requires about thirty days

for ordinary cement to develop sufficient

strength for use on concrete highways.

Nowadays some cements are being made
with certain chemicals which speed up their

setting so that they are ready for use over-

night. This is a tremendous advantage in

resurfacing busy streets, where it would be

very expensive to keep the traffic away for

thirty days.

Concrete. A mixture of cement, sand, and

gravel is called concrete. Concrete alone is

somewhat brittle, but this difficulty is over-

come by reinforcing it with steel. The con-

crete is poured over a framework of steel;

thus the strength and good features of both

materials are combined. The reinforcing

steel is so completely covered by concrete

that oxygen cannot get to it to cause rust.

Reinforced-concrete houses are becoming

popular because they can be made with hollow

walls for insulation, and the steel holds them
together so well that it is almost impossible

for an earthquake to destroy them.

STUDY GUIDE

1. How is mortar prepared? What is

plaster?

2. How is cement manufactured? What is

concrete?

3. Did the ancients use any of these mate-

rials in the construction of their houses and
public buildings?

Paint

Kinds of Paints. In general, paints can be

divided into two classes, those for exterior use

and those for interior use. The first must be

able to withstand the harmful effects of the

weather, while the second must be suitable

for indoor wear. An outdoor paint has two

severe conditions to meet. It must be able to

withstand the ultraviolet rays of the sun and

be flexible enough to remain uncracked when
the wood expands, contracts, or warps. It is

impossible to prevent wood on the exterior of

a building from expanding during the winter

rains and shrinking when the heat of the sum-

mer dries it again. If the paint is brittle, it

cracks when exposed to these conditions
;
but

if it is rubbery and flexible, it can easily with-

stand these changes. Paints which remain

elastic contain a certain high percentage of

oils and a small amount of resin in the binder.

These oils oxidize to a gummy, but not sticky,

mass which retains its flexibility for many
years. Some cheap grades of paint are ex-

ceedingly flexible for several months and then

become very brittle and crack off. When good

grades of paint get old, they leave a chalky

mark on your hand when you touch them, but

they do not crack.

Outdoor Paints. Ultraviolet rays were

long a serious enemy of outdoor paints, but

most of our modern products are better able

to withstand them. Many of the older grades

of paint pigments would fade out when ex-

posed to these rays, and also the rays would

injure the binder materials and cause them
to become brittle. Paint chemists have re-

cently produced pigments which show little

effect when exposed to powerful ultraviolet-

ray lamps. These lamps make it possible to

produce the effect of several years’ weathering

in a few months.

Indoor Paints. Interior paints must meet
an entirely different set of conditions from

those met by exterior paints. They must with-

stand continued washings with soap; they

need a hard surface; they must brush on

woodwork easily. On the other hand, an in-
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door paint does not need to be so resistant to

ultraviolet rays or cracking as an exterior

paint.

Most interior paints belong to the class

called enamels, while outdoor paints are oil

paints. The enamels contain high percentages

of resins for a binder and little oil, while the

exterior paints depend almost entirely upon

oxidizable oils for their binders.

There are two reasons why dull interior

paints are preferable to the shiny, glossy

types. One of these is that dust and dirt do

not stick so readily to dull paint as to the

glossy varieties. This is the opposite of what

a person would expect, but the chemists have

thoroughlydemonstrated that dust will adhere

more readily to walls which have a coating

of shiny paint. Another reason why dull paints

are preferred is that they will not produce a

glare in the light. A properly lighted room
should be evenly lighted and free from glare.

Careful tests have shown that a person can

read longer without tiring his eyes if the light

is evenly reflected in all directions in the room.

Pigments and Oils. Paints are usually made
of some coloring matter mixed with a liquid.

The common oil paints usually contain some

insoluble metallic compounds which have

colors and an oil, usually linseed oil. The
metallic compound is called the pigment, and

the oil the binder. The oil is necessary to

make the pigment stick to the object. The
oil will stick readily to surfaces, whereas a

dry powdered pigment will not; but if the

pigment is mixed with the oil, it will be held

to the painted surface by the oil.

The oils satisfactory for this purpose are

the so-called drying oils; that is, oils that

slowly oxidize in air and form a tough solid

which is smooth and not sticky. There are

many such oils, but linseed oil is the one with

which students are likely to be most familiar.

Linseed oil is obtained from flaxseed, being

squeezed out of the seed obtained from the

flax plant. Turpentine is also mixed with the

paint as a thinner so that the paint may be

easily applied. Technically it is not correct

to say that fresh paint is wet, and that it dries

on standing. It does not dry, but the linseea

oil oxidizes and leaves a thin film which holds

the pigment on the painted articles.

The choice of the type of pigment to use

is very important because a buyer has to con-

sider both the lasting quality and the original

cost. The ultimate cost of a paint pigment

cannot be determined just by the original

price per pound, because some pigments, like

those made from lead compounds, are so dense

that one pound of them occupies only a small

volume, while substances like powdered cal-

cium carbonate are many times more bulky

per pound.

When a person buys a gallon of paint, he

wants it to cover as many square feet of sur-

face as possible; therefore the bulkiness and

price of the pigment do not tell the whole

story. Another factor, called opacity or hid-

ing power, enters into the cost. Calcium car-

bonate is about the cheapest and most bulky

white pigment that can be bought; but when
it is mixed with linseed oil, it becomes nearly

transparent and is the poorest of the group

for hiding another colored paint when it is put

over it. On the other hand, titanium oxide

A five-roller mill for grinding pigments
Sherwin-Williams Co.



Spraying an automobile with lacquer

(TiOg) is more expensive than any other

common white pigment
;

yet its hiding power

is so great that it is cheaper to apply than

the others. The following table gives the

amount of surface which can be covered by

a pound of some common white pigments

:

Basic lead carbonate 15 square feet

Basic lead sulfate 13 square feet

Zinc oxide 20 square feet

Lithopone (28 per cent zinc sulfide, 72

per cent barium sulfate) .... 2 7 square feet

Titanium dioxide, barium sulfate . . 40 square feet

High-strength lithopone 44 square feet

Titanated lithopone 44 square feet

Titanium dioxide, calcium sulfate . . 48 square feet

Zinc sulfide 58 square feet

Titanium dioxide 115 square feet

If a given paint costs half as much as a

better grade but covers the same number of

square feet of surface only half as well, it is

more expensive because it will take two coats

to equal one of the other, and the painters’

bill for putting on the cheaper paint will be

double that for the better grade.

Some pigments, like calcium carbonate,

have practically no hiding power when sus-

pended in oil but are quite effective when

applied with a small amount of binder or

when used with a binder which contains little

oil. Thus calcium carbonate can be used in

cheap flat paints which are to be used as first

coats on wood and which are to be covered

up later with a high-grade paint. A difficulty

with pigments made of lead compounds is

that the lead will react with sulfur compounds

in the air, such as hydrogen sulfide, and form

lead sulfide, which is black. Thus houses

painted white in regions where many sulfur

fumes are present often darken because of

the formation of lead sulfide. If such houses

are painted with zinc compounds, the sulfur

fumes will be harmless because zinc sulfide is

white.

Shellac and Varnish. Shellac is a hard resin-

ous substance which has been secreted by a

certain type of small insect. This resinous

material is dissolved in alcohol and then ap-

plied to the wood surface to be finished. When
the alcohol evaporates, it leaves a hard coating

over the wood.

Varnishes may be clear, or they may con-

tain colored pigments. They are composed of

drying resins dissolved in some liquid (as tur-

pentine) which evaporates and leaves the

resin as a hard shiny surface on the wood.

Many of the old types turned white wherever

water was allowed to stand on them, but most

of this difficulty has now been overcome.

Varnishes are used for indoor fixtures because

most varnishes will not stand strong sunlight.

Stains. Stains are soluble pigments dis-

solved in water, alcohol, or oil. They are

used to color the wood before the polish is

applied. The pigments of stains soak into the

wood and do not need an oxidizable oil to hold

them in place.

Lacquers. Lacquers are composed of cellu-

lose acetate dissolved in banana oil. Cellulose

is the solid, fiberlike material which is found

in wood. Brushing lacquers used to have the

defect that when a second coat was brushed

on, the banana oil would act as a solvent on

the first coat and would roughen the surface

of the paint. This trouble is not encountered

in the use of quick-drying lacquers, because
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a second coat does not dissolve the first. The
popular spraying lacquers are as easy to spray

on metal as on wood. A suitable dye is dis-

solved in this mixture, and the lacquer dries

by the evaporation of the banana oil.

STUDY GUIDE

1. What are the ingredients of paint?

2. What are the requirements for a satis-

factory paint?

3. What are shellacs, varnishes, stains, and

lacquers?

Paper

Early Papermaking. Even before papyrus

came into use, records were made by inscrip-

tions cut in stone, ivory, bark, and almost

any substance with a flat surface. Babylon

carried on an immense commerce with the

known world, in which all transactions were

recorded by indenting characters with a stylus

on clay bricks, which were afterward baked.

In the ruins of this once great business city

have been found hundreds of thousands of

clay tablets which record just the sort of data

that would be found in the filing cabinets of

a modern business office.

The Egyptians made their papyrus from a

sedge, or reed, that grew from 12 to 15 feet

high and sometimes almost as thick as a man’s

arm. These reeds were split into thin strips,

somewhat resembling the thin strips of fiber

from bamboo wood. The strips were glued

together at the edges and another layer laid

at right angles. When the whole was pressed,

it formed a fair writing surface, so durable

that manuscripts written three or four thou-

sand years ago are still legible and have been

translated. This shows that papyrus has a

very long life. A great many records were

kept on this papyrus. Although Herculaneum,

a town in Italy, was buried under volcanic

mud less than a century after the birth of

Christ, only recently there were discovered in

its ruins some eighteen hundred manuscripts

written on papyrus.

One frequently hears the word parchment,

a term which now usually means paper made
out of animal skins. But the name comes

from a kind of finishing process for papyrus

that was invented in Pergamum, the name of

this finish taking the name of the town and

finally becoming parchment.

History gives the credit for the making of

paper as we know it to the Chinese emperor

Ho Ti, whom the Orientals regard as a sort

of superscientist. For some thirty years he

employed a learned Chinese scholar, named
Tsai Lun, to investigate means of producing

writing material, and after various experi-

ments with silk cloth and other materials Tsai

Lun succeeded in making a fair grade of paper

by beating bamboo and old rags into a fiber.

The Chinese kept papermaking a secret, as

they did other inventions. When the Arabs

conquered Samarkand, which was within the

western limits of Chinese culture, they found

papermaking one of the important industries

of the district. Through them it quickly

spread over Europe, northern Africa, Eng-

land, and then, in the 1600’s, to America.

It was not until after the fourteenth cen-

tury, probably two thousand years after

paper was invented, that it began to come into

general use. In the fifteenth century the in-

vention of printing in Germany brought this

about.

Processes in Papermaking. The common
wasp, which makes big, ball-like nests in trees,

was the first papermaker; after many cen-

turies of experimenting with hundreds of ma-

terials, man has come back to exactly the

material the wasp uses, for nearly all paper

is now made of wood pulp. About 95 to 98 per

cent of the paper in the world is made from

wood fiber, and practically all the rest from

a cotton fiber.

There are many kinds of paper made today

for various purposes, but all are made by

practically the same process. Until about a

hundred and twenty-five years ago paper was

made mostly by hand. In 1798 a French

workman named Louis Robert announced

that he "had discovered a way to make a paper
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International Paper Co.

Wet pulp flows over a wire screen, which carries it

to drier rolls

of a very large size, even twelve feet wide and

fifty feet long.” He secured a patent on his

machine, but did not have the necessary

funds to finance it. Two wealthy London
stationers, Henry and Sealy Fourdrinier, be-

came interested in the proposition, and in

1804 the first successful machine was started

at Frogmore. The paper machine was named
afier the Fourdriniers because of their per-

sistent faith in it, which finally led them into

bankruptcy. After having expended £60,000

and being reduced to penury, they finally peti-

tioned Parliament for compensation for their

losses. Fortunately their labors were appre-

ciated, and a sum of £7000 was voted them.

Although the Fourdrinier machine has been

changed somewhat in its details, it is still in

its fundamentals the same machine that it

was when originally invented.

The basic raw material for making paper

is the cells of plant life—the fibrous growth
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of trees, cotton, flax, and other plants. Wood
pulp is so extensively used that this discussion

on papermaking will be devoted principally

to this material and the process of converting

it into paper.

Paper can be made from the fibers of

spruce, hemlock, poplar, and other trees, but

two thirds of the pulp is manufactured from

spruce. Spruce is best because it yields a high

percentage of fibers (strands of plant cells)

and a small amount of resin and sap, which

must be removed by chemicals. The fibers are

highly resistant, have length and strength,

and adhere easily to the felt on the paper-

making machine. The spruce trees have to

be from twenty-five to forty years old

before they attain sufficient size to warrant

cutting.

The fiber, or plant cell, is a collapsible tube

about 4 inch long and smaller in circumfer-

ence than a hair, and it absorbs moisture to

a marked degree. It swells with the water it

absorbs and becomes limp and pliable; thus

it is readily made to knit together in the

manufacture of paper.

Making the Pulp. The wood to be made
into paper is cut up into small chips and then

heated under pressure with a solution of lye

or calcium hydrogen sulfite (Ca(HS03 ) 2 ).

These substances dissolve the resin materials

which hold the cellulose fibers together. The
fibers are washed and then bleached with sul-

fur dioxide or chlorine. The bleached pulp

is then thoroughly beaten up in a beater.

High-grade paper is always made of cloth

pulp. Sometimes this is mixed with some wood
pulp. But the best grades are always made
out of linen pulp. At the same time a filler

and size are added. The filler is usually com-

posed of talc or barium sulfate, and the size,

which acts like a cement, is composed of resin,

sodium hydroxide, and aluminum sulfate.

The pulp is mixed with large quantities of

water and is allowed to flow upon a fine wire

belt, thus forming a thin layer of pulp which,

when dried and pressed, is paper.

The so-called parchment paper of today is

paper which has been dipped in a strong solu-



tion of sulfuric acid. The acid changes the

structure of the cellulose on the surfaces of

the paper, and makes a product much stronger

than ordinary paper.

The amount of paper used in the United

States each year would fill a train of boxcars

extending from the Pacific coast to New York
and then down to Florida.

STUDY GUIDE

1. Describe early papermaking.

2. Describe modern papermaking.

Ink

Permanent Inks. Faded brown lines have

long been the symbol to us of old inks and

ancient writing, but our descendants a few

generations hence are not likely to have that

impression. Thanks to the ink chemists, we

now have inks which hold their color long

after the paper used for the writing has

browned and deteriorated. Of course there

are inks today which are not at all permanent,

but they are made with some other advantages

other than that of durability. Since prac-

tically everyone nowadays carries a fountain

pen, it is often more important to have an ink

that is easily washed out of clothing than it

is to have an ink which will last for two

hundred years.

It is necessary to know something of the

chemistry of inks in order to be able to remove

ink stains easily without injuring cloth. Inks

may be grouped into three general classes:

carbon inks, dye inks, and the so-called iron

inks. A different chemical principle is applied

in the removal of stains caused by each of

these types.

The ink factories have many skilled chem-

ists who are spending their entire time trying

to improve their inks. They have found out

how to make inks that will not clog or dry

on the tip of a fountain pen and yet will dry

more quickly on paper than ordinary ink.

Twenty years ago it was a rather difficult mat-

ter to get an ink which would always work

smoothly in a fountain pen, but now any good

quality of ink can be depended upon for

fountain pens.

Carbon Ink. The carbon inks consist of a

fine suspension of carbon in water. India ink

is a carbon ink which contains some shellac.

When this ink dries, the shellac hardens and

forms a coating over the powdered carbon

which makes it practically impossible to re-

move it. All the carbon inks are truly per-

manent. If you wish some writing to last for

hundreds of years without discoloring, write

it with a carbon ink. Carbon inks cannot dis-

color, because the color is due to the carbon,

which will remain black. It is impossible for

soot or any other form of carbon to fade.

Since carbon is insoluble in water, a stain

from carbon ink must be washed off immedi-

ately after the ink has been spilled on cloth-

ing. The carbon is in a colloidal state in the

ink bottle; but as soon as it dries, the colloid

is destroyed, and it is impossible to get it all

back into the colloidal form again. There is

no oxidizing or reducing agent powerful

enough to affect it without destroying the

clothing upon which the ink was spilled. So

if you spill some carbon ink, remove it im-

mediately with soap and water. Do not give

the ink a chance to dry.

Dye Ink. Dye inks are made of organic

(coal-tar) dyes. The washable inks belong to

this class. A washable ink consists of a soluble

dye, usually blue, in water. These inks can

readily be removed by simply washing the ink

spots in water. Washable inks, however, are

usually not permanent and will fade in the

light, although there are some dye inks which

are fairly permanent and will also not wash

out. Most inks of this type can be removed

if the spot is washed thoroughly before it has

dried. All the dye inks can be decolorized

by means of a mild oxidizing agent. Usually

this oxidizing agent can be weak enough to

destroy the ink without injuring the cloth. It

is best to remove these inks before they have

dried, but they can usually be removed with

an oxidizing agent after they have become

completely dried.
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Blue-Black Ink. To the third class belong

the so-called blue-black, or iron, inks. This

type is cheap, permanent, and more popular

than all the other inks combined. A common
method of making these inks is to mix a solu-

tion of ferrous sulfate with tannic acid. These

two chemicals react to form ferrous tannate,

which is soluble and colorless. If a person

writes with this ink before dye is added, he

cannot see what he has written. To give the

convenience of seeing what is written at the

time of writing, the makers add some cheap

blue dye. After this ink dries and is exposed

to the air, the compound changes from ferrous

tannate to ferric tannate, which is black and

insoluble.

These inks are called blue-black because

when one first writes, the blue dye makes the

writing appear blue, but a few days later the

writing turns black as the formation of black

ferric tannate hides the blue. Blue-black inks

are not as permanent as the carbon inks, be-

cause they gradually turn brown after many
years.

Spots made by these inks are easily re-

moved if we just reverse the chemical process

by which they were made. They start out as

a soluble colorless substance which oxidized

to a black insoluble compound. Therefore to

make this compound soluble again all that is

necessary is to apply a reducing agent to the

ferric compound and change it back into the

soluble ferrous form. A handy, though poison-

ous, reducing agent is oxalic acid. This re-

ducing agent is weak enough so that it will

not usually injure clothing, although it should

be thoroughly washed out of the goods after-

ward. Lemon juice is often just as effective

as oxalic acid for removing these inks. Or-

dinary bleaching agents, such as sodium hypo-

chlorite, do not help to remove blue-black ink,

because in general they are oxidizing agents

and cannot reduce the ferric iron to the

ferrous condition.

STUDY GUIDE

Chemically what are the differences be-

tween the three types of ink?

Soap and Water-Softening

Soap. No one knows who discovered how
to make soap or where it was first made. His-

torians think that it was accidentally dis-

covered in the following manner: Early tribes

used to cook their food in kettles on an open

fire. They used sand and ashes to scour their

kettles. Of course it was a common thing for

their kettles to boil over and spill grease on

the hot ashes. Someone noticed that the ashes

which had grease spilled on them were a better

cleaner than plain ashes. Then, to save work,

he deliberately poured some grease over hot

ashes.

Early pioneers used to make their soap in

much the same manner. They, however, re-

moved the alkali from the ashes by leaching;

that is, they placed the ashes in a box and

let water trickle through it. This water dis-

solved the alkali and was caught in a container

below the box. The solution thus obtained

was heated together with lard or tallow; the

product was soap.

Records indicate that soap was made in

this manner on the island of Crete about five

or six thousand years before the Christian

Era. Of course soap was not universally used

in early times. Many peoples used the juices

of certain plants as cleansing agents, while

others used just ordinary sand. The cleanser

common in Biblical times was composed of

lye and washing soda.

The hard fats, like tallow, contain mostly

glyceryl stearate; the soft fats, like lard, are

mostly glyceryl palmitate; and the fatty oils

are mostly glyceryl oleate. These compounds

are called the glyceryl esters because they

contain the glyceryl radical (C3H5) linked to

a radical obtained from a so-called fatty acid

(as stearic, palmitic, oleic). These fats can

react with either sodium hydroxide (NaOH)
or potassium hydroxide (KOH). If sodium

hydroxide is heated in a kettle with some glyc-

eryl stearate, the sodium hydroxide breaks

up into sodium ions and hydroxyl ions. The
glyceryl radical unites with three hydroxyl

ions to form glyceryl hydroxide, commonly
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called glycerin, while the sodium ions and the

stearate radical unite to form sodium stearate,

which is soap.

Soaps made from the stearates are hard

soaps; those made from the palmitates are

medium soaps; while those from, the oleates

are soft, or liquid, soaps. In general, sodium

soaps are harder than the corresponding

potassium soaps.

Most of the commercial soaps are made
from vegetable oils because vegetable oils are

cheaper than most animal oils. Vegetable oils

contain many of the same compounds as ani-

mal fats. For example, coconut oil contains

considerable glyceryl stearate, while cotton-

seed oil is mostly glyceryl oleate.

Some of the most common soaps are made
from coconut oil. The pulp (called copra)

from the coconut is shipped from the Philip-

pine Islands and other Eastern islands to

America, where it is heated, and the oil is

pressed out. This oil may also be used in

making oleomargarine.

Soap removes grease and oils by forming

an emulsion which is easily carried away by
the v/ater. Soap removes particles of dirt by
forming a thin layer around each particle, thus

preventing it from sticking to the other par-

ticles. When it is loosened, it is easy for the

water to carry it away.

Kinds of Soaps. The numerous types of

soaps are all made from similar substances.

Some popular soaps float. Any soap can be

made to float by melting it and then beating

air into it. It may be convenient to have a

soap that floats. Another type of soap is the

transparent soap. This is obtained by dissolv-

ing a soap in alcohol and then chilling.

Some cheap soaps have lye added to make
them clean better. Other cheap soaps which

In these huge vats, fats and lye are boiled together for the making of soap
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In one stage of the manufacture of milled toilet soap,

semisolid soap is stripped off rolls in ribbons

Large slabs of soap are cut into small bars by

pushing them against wires

have not been heated sufficiently contain some

free alkali and fat which have not reacted.

The presence of free alkali in soap can be

detected easily by putting a few drops of an

alcoholic solution of phenolphthalein on the

dry soap. If the soap turns pink, free alkali

is present. Many soaps contain antiseptics

and are intended for disinfecting as well as

cleaning.

Hard Water. There are two kinds of hard

water, permanent and temporary. Tempo-
rary hard water is so named because it can

be softened by boiling, whereas the other

cannot. Most hard water has both kinds of

hardness.

The formation of temporary hard water

occurs in the following manner: A great

amount of the underground water flows

through beds of limestone. This water con-

tains carbonic acid because rain water soak-

ing through the surface of the ground dis-

solves carbon dioxide, which is given off by
decaying grass and vegetable matter, (See

diagram on page 495,) The carbon dioxide

(CO2) will form carbonic acid (H2CO3) with

the water, and this acid reacts with the

limestone to form calcium bicarbonate, as

follows:

H2O -b CO 2 + CaCOs CaCHCOs)^.
carbonic acid calcium calcium bicarbonate

carbonate

Calcium bicarbonate is the substance that

causes temporary hardness; and since it is

soluble, it is carried along with the ground

water, A well which draws its supply from

this water furnishes temporary hard water.

When soap is used in temporary hard

water, a sticky, insoluble substance forms,

and no suds appear. The sticky material is

the result of the formation of an insoluble

soap. The calcium bicarbonate reacts with

the soap—sodium oleate, for example—to

form calcium oleate and sodium bicarbonate.

The insoluble material is calcium oleate, while

the sodium bicarbonate is harmless.

There are two satisfactory ways to soften

temporary hard water. One is to boil the

water before it is used. The calcium bicarbon-

ate decomposes to form water, carbon dioxide,

and calcium carbonate:

Ca(HC03)2 H2O -t- CO2 + CaCOs.
calcium bicarbonate water carbon calcium carbonate

dioxide

Calcium carbonate often forms hard lime de-

posits in teakettles or hot-water pipes. Water

containing temporary hardness must be
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softened before it is put into a steam boiler,

or the boiler will become plugged.

Since it is expensive to boil large quantities

of water, the chemical method of softening

temporary hard water is more popular. The
addition of limewater (Ca(OH) 2 ) softens

temporary hard water, forming calcium car-

bonate, as shown in the following reaction:

Ca(OH)2 + Ca(HC03)2
calcium hydroxide calcium bicarbortate

2 CaC03 + 2 H 2O.
calcium carbonate water

Permanent hard water is produced when

ground water flows over deposits of calcium

sulfate (CaS04 ). Calcium sulfate is so nearly

insoluble that only slight amounts of it dis-

solve, but that is enough to cause trouble with

soap. The soap reacts and forms an insoluble

calcium soap in the same manner as with tem-

porary hard water. The equation for a stea-

rate soap and calcium sulfate is

2 NaCisHssOa + CaS04 —>-

sodium stearate calcium sulfate

Ca(Ci8H3502)2 + Na2S04.
calcium stearate sodium sulfate

The sodium sulfate which is formed is

harmless.

Since calcium sulfate is also somewhat sol-

uble in hot water, this kind of hardness cannot

be softened by boiling, but the addition of

sodium carbonate (washing soda) readily

softens the water:

Na2C03 + CaS04—> CaCOs + Na2S04 .

sodium calcium calcium sodium
carbonate sulfate carbonate sulfate

The calcium ions are removed from the solu-

tion as insoluble carbonates. Other sub-

stances, such as borax (sodium tetraborate),

trisodium phosphate, and sodium metasilicate,

soften both kinds of hard water by the same
process of forming an insoluble calcium salt

and harmless sodium salts.

A popular method of softening water which

contains both kinds of hardness is to remove

the calcium ions by the permutite system.

This method uses a large container in which

is placed a sandy mass of sodium aluminum
silicate. The hard water is allowed to trickle

through it for about a day. The silicate gives

up its sodium ions, which are harmless, and

stops the calcium ions, holding them as cal-

cium aluminum silicate. The next day salt

water is allowed to run through the container,

and it exchanges its sodium ions for the cal-

cium; thus the permutite is again sodium

aluminum silicate and is ready for another

day’s work in softening water.

STUDY GUIDE

1. What is the chemical nature of soap?

How is soap made?

2. What are some of the kinds of soap?

3. What is hard water, and how may it be

softened?

Textiles and Dyes

How to Identify Different Textile Fibers.

There are a number of interesting ways to tell

the difference between the important types

of fibers. Since silk and wool are both of

animal origin, they show resemblances in

chemical tests. The plant fibers, cotton and

linen, as well as such artificial fibers as rayon,

have similar properties. The following list of

tests will show group resemblances:

1. Silk and wool tend to burn slowly and give off

a disagreeable smell, whereas the plant fibers burn

rapidly and do not have a bad smell.

2. When the animal fibers are heated in a test tube,

they give off ammonia fumes, which turn moist litmus



Ewing Galloway

In a textile mill. Goods coming out of the bleach

blue. The plant fibers, when heated in the same man-

ner, give off acetic and other acids, which turn moist

litmus red.

3. Animal fibers contain sulfur, which is given off

in the form of a sulfide when an animal fiber is heated

and turns moist lead acetate paper brown. Since vege-

table fibers contain no sulfur, they do not darken lead

acetate paper.

4. Silk and wool are easily destroyed by alkalies,

whereas the vegetable fibers are not injured.

5. The animal fibers are less easily injured by acids

than the plant fibers.

6. Strong nitric acid turns silk and wool yellow

before it destroys them, but does not color plant fibers

as it dissolves them.

Bleaching. Since most white fabrics have

to be bleached, regardless of the kind of ma-

terial, students will be interested to know
something of the principles involved in bleach-

ing. The coloring matter in goods is usually

destroyed, or bleached, by one of the follow-

ing three methods : The compound which pro-

duces the color can be oxidized by an oxidizing

agent; thus the color of the compound will

disappear as soon as the compound has been

oxidized. Some common oxidizing agents for

bleaching are chlorine, chlorinated lime, and

hydrogen peroxide. Another way to destroy

the color is to have a bleaching chemical unite

with the colored compound to form a new sub-

stance which has no color; sulfur dioxide is

a popular chemical to be used in this way. In

the third method sulfur dioxide also is used

to reduce the colored chemical and thus

destroy the color.

Cloth made from animal fibers, such as silk

and wool, requires an entirely different kind

of bleaching agent from that used for cloth

made from plant fibers, such as cottons and

linens. Chlorine and some of its compounds,

such as chlorinated lime, make effective

bleaches for the plant fibers, but will destroy

the animal fibers. Mild oxidizing agents which

do not contain chlorine, such as hydrogen

peroxide, can be safely used to whiten silk or

wool.

Dyes. Colored clothing has been the pride

of man for many thousands of years. By the

time he had learned to record his history, he

was surprisingly clever at making dyes. The
first dyes of which we have record were made
from the roots of certain plants. Man also

soon found that certain insects, when smashed

and dried, made excellent dyes, and some of

the best red dyes known at that time were

made in this manner.

The ancient Egyptians were skilled in dye-

ing their clothing. They also found that some

dyes could be prevented from washing out of

the goods if the cloth was treated with a chemi-

cal to make the dye stick to the material.

Any chemical which prevents a dye from

washing out of cloth is called a mordant.

The search for suitable materials from

which a wide variety of colors could be made

was a long job for our ancestors. For example,

someone found that the shell of a certain small

snail, when mashed and allowed to ferment in

the sun, produced a beautiful purple dye. Be-

cause the snails were hard to get and it took

great quantities of them to make a small

amount of dye, this dye was extremely ex-

pensive, and only kings could afford it. The
dye then became known as royal purple and
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was the official color for kings’ robes. Even
today kings wear purple on official occasions.

Coal-Tar Dyes. Because of chemistry

royal purple is no longer expensive. A chemist

analyzed some royal purple to find the struc-

ture of the molecule which produced this

color. He then went to coal tar, which is the

source of all our common dyes today, and

produced the same molecule. This dye, when
made from coal-tar products, is cheap and

easily produced. Then a surprising thing hap-

pened. The color that had been the envy of

the common people for hundreds of years

suddenly lost its popularity. When everybody

could have it, nobody wanted it. People began

to realize that there were a number of purple

dyes on the market which were more attrac-

tive than royal purple, a fact which never

occurred to them when royal purple was rare

and expensive.

The coal tar from which dyes are so cheaply

produced is perhaps the most remarkable

substance with which the chemist works. This

black, sticky, unattractive substance is pro-

duced from ordinary soft coal. The process

of making dyes from coal tar is complicated,

but the possibilities and uses of this marvel-

ous substance are almost unlimited. In gen-

eral, it is safe to say that any color which you
can see outdoors in nature, whether it is in a

flower, a sunset, or the hills, can be duplicated

by a coal-tar dye.

There are a great many dyes known on the

market as aniline dyes; these are made from

coal tar. Coal tar has many other uses, such

as that of the making of perfumes. No stu-

dent will have a satisfactory understanding

of its almost unlimited uses until he has read

some of the interesting books available on the

coal-tar industry.

Mordants. One of the most common mor-

dants is aluminum hydroxide (Al(OH)3).

The analysis of clothing on Egyptian mum-
mies shows that it contains this same com-



pound, which the Egyptians also used as a

mordant. They, of course, did not know

aluminum hydroxide by this name or formula,

but they did know how to produce a chemical

which would hold dye in cloth; and modern

chemists have found that this chemical was

aluminum hydroxide.

The action of aluminum hydroxide as a

mordant can be explained readily through its

colloidal properties. The cloth to be dyed is

soaked in a solution of the dye and some

soluble aluminum compound, such as alum or

aluminum sulfate. The aluminum compound

soaks into the cloth fibers; then when the

cloth is dipped in an alkali, aluminum hydrox-

ide is formed. This is a colloidal substance

which has tremendous adsorbing power for

certain dyes. Since it is precipitated, or co-

agulated, in and around the fibers, it holds

the dye in the cloth so firmly that it is im-

possible to wash out either the aluminum

hydroxide or the dye.

Dyeing Cloth. The manufacturers have sev-

eral important methods for getting attractive

patterns on cloth. One is to weave the cloth

with the white undyed yarns and then print

the pattern on the cloth with a printing press,

in much the same way as a newspaper is

printed. These prints were once made by

hand and were known as block prints because

the design was carved in a block of wood;

then this block was dipped in the dye and

pressed upon the cloth. All the early calicoes

were made by this method. Several colors

could be printed upon the same piece of goods

by using different blocks for each color.

At the present time prints are made with

high-speed machine printing presses. Care,

however, must be used when several colors

are put upon the same cloth, because the goods

may pull out of shape and the colors may
overlap or else may not fit the design. The
cloth is run through several presses to obtain

the different colors. Since cloth will not hold

its shape as well as paper, there is more danger

of this overlapping of colors than in the print-

ing of color on paper. Most prints which have

several colors are made up of scattered pat-

terns, so that there is less danger that the

different colors will interfere with each other.

There has been an interesting change in

the attitude of people with respect to calico.

In early years, when calico was hand-printed,

the process of making it was slow and expen-

sive; calico was then a popular dress goods.

It even rivaled silk for evening dresses. Then
when machine printing and weaving came
along, it was possible to make calico so

cheaply that it lost favor as a dress goods.

There was a time when poverty and calico

were synonymous terms. Calico disappeared

from the market for a number of years; then

under another name it was revived, colored

with dyes which would not fade, and again

became a popular dress goods.

Another method of putting designs on cloth

is to use different-colored yarns and weave the

pattern into the material.

STUDY GUIDE

1 . Classify the various textile fibers. What
are their distinguishing characteristics?

2. How may textiles be bleached?

3. What are dyes? Whence are they

derived?

4. How are textiles dyed? What are

mordants?

Tlie New Age of Substitutes

Synthetic Products. Economic rivalry be-

tween nations during peacetime, as well as

desperate attempts to overcome the effects of

a blockade in wartime, has forced industries

to develop great synthetic factories for each

nation. Since, as you learned in Chapter 17,

natural resources and raw products are not

evenly distributed over the earth, there has

been a great challenge to chemists to try to

make their native lands self-sufficient.

The nation which does not possess oil fields

must synthesize its own gasoline out of those

raw products which it does have. If it lacks

nitrates for fertilizers, it must make them

out of the air. The country which does not

have access to tropical regions which produce



rubber, medicines, paint bases, or dyes must

build factories to synthesize its own products.

In fact, the list of artificial substitutes and

synthetic products has grown so long that a

book the size of this text would not be big

enough to describe them all, even briefly.

However, the study of synthetic products is so

important in everyone’s life that we must take

the time here to learn more about those syn-

thetic products which are most commonly dis-

cussed in our daily papers.

Synthetic Rubber. First of all, perhaps, in

this list is rubber. The people of America

hardly realized how dependent their lives

and habits were upon rubber until war sud-

denly brought them face to face with its im-

portance. Before you can appreciate some

of the chemist’s problems in the manufacture

of synthetic rubber, it is necessary to become

familiar with a new chemical term which is a

key word in the factories making rubber and

most plastics. This word is polymerize. Poly-

merization is usually complicated. In its sim-

plest form it involves taking a number of

molecules which are alike or nearly alike, put-

ting them under pressure, and heating them

together with a catalyst, which causes them to

unite to form a few big molecules. You have al-

ready learned about unlike molecules, such as

those of acids and bases, reacting to form new
substances, but in polymerization we have like

molecules uniting to form a new substance.

The process is almost like that of squeezing a

pile of sawdust together to make a tree. If you

become thoroughly familiar with the process

of polymerization, it will be possible to grasp

the general principles in the manufacture of

synthetic rubber without trying to understand

the maze of long chemical terms involved.

Briefly, then, we may say that synthetic rub-

bers come under two broad classifications : the

chloroprene rubbers and the butadiene rub-

bers, often called buna for short.

Let us first see how polymerization is used

to make a chloroprene rubber. Suppose we

start with acetylene gas, which welders com-

monly use in their torches. The formula for

acetylene is C2H2, but upon polymerization

two molecules of acetylene are forced together

so that they form a molecule whose composi-

tion is C4H4. This new molecule then is united

with a molecule of HCl to form C4H!,C1, which

is called chloroprene. Next, a large group of

chloroprene molecules are polymerized into a

long chainlike molecule, forming a high-grade

rubber called neoprene. This new rubber is

chemically different from natural rubber, and,

though it looks like ordinary rubber, it has

many properties which make it greatly supe-

rior for certain purposes. For example, it is

not injured by gasoline or oils. Thus flexible

oil pipe lines for service stations and for load-

ing ships will last indefinitely. Neoprene also

makes a better airtight container than natural

rubber for such purposes as lining the insides

of tennis balls.

Since the uses of neoprene are almost un-

limited, let us turn to the buna rubbers to see

how they are made. The three main sources of

raw products for making butadiene rubbers

are

1 . Petroleum and coal.

2. Grains which can be converted into al-

cohol.

3 . Acetylene.

Thus we see that acetylene can be con-

verted into either chloroprene rubbers or buta-

diene rubbers. All the above-mentioned raw

products are first used to make a complicated

substance consisting of carbon and hydrogen,

called butadiene. The butadiene molecules

are then polymerized to form some type of

buna rubber. There are many kinds of buna

rubber; in general they more closely resemble

natural rubber in chemical composition than

the chloroprene rubbers. For example, sulfur

must be added to them, as it is added to nat-

ural rubber, when they are vulcanized, that is,

hardened with heat. In fact, butadiene rub-

bers behave somewhat like scorched rubbers,

since they are already partially vulcanized by

the heat used in manufacturing them.
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There are too many types of buna rubbers

to discuss here. Suffice it to say that each type

has some peculiar characteristic or advantage

which makes it possible for the chemist to

select special types of rubber to do certain

specific jobs in industry.

There are other sources of rubber for

America of which the rubber is often errone-

ously thought of as synthetic rubber, but is

actually a type of natural rubber as truly as

that produced by the rubber tree. In other

words, we must realize that many plants pro-

duce sap which contains rubber, but the rub-

ber tree has become the most widely known

because it yields more rubber per year than

most other plants. Some rubber-producing

plants which grow readily in America are

milkweed, guayule, and the so-called Mexican

morning-glory. Rubber obtained from the sap

of these plants varies somewhat in chemical

composition from that produced by the tropi-

cal rubber trees, but it can do essentially the

same work as the tropical rubber from which

rubber articles were hitherto made.

Plastics. When we turn to plastics, the next

great field of synthetic products, we find that

polymerization is still with us. In fact, a high

percentage of our plastics are the product of

some type of polymerization. We are more

closely dependent upon plastics than most of

us realize
;

yet the use of plastics has only just

begun. Let us make a brief list of uses of plas-

tics before we study in detail the chemistry of

the more common types.

Look about your home and you will find

plastics from the linoleum floor to the furni-

ture and the radio cabinet. Look at your

clothes. If you are a girl, ycu will find plastics

from your shoes and purse to the barrette in

your hair. If you are a boy, you are likely to

start with plastic shoelaces and go from there

to a "glass” belt or a "glass” band on your

Tires out of a well. Synthetic rubber from petroleum is

roUing out of the manufacturing plants at the rate of

thousands of tons daily

(Standard Oil Company of New Jersey)

wrist watch up to a plastic tie
;
and if you wear

a hat, the felt is likely to be plastic. Look at

an automobile. It starts with a plastic coat of

paint, has a plastic steering wheel, and all the

interior decorations are plastic. The electric

connections are plastic, and even the wind-

shield is made shatterproof by means of a plas-

tic. Look in a local store. Here the array of

plastic articles for sale on the counters is so

great that it is unnecessary even to start nam-

ing them. However, you can spend some time

profitably by examining these articles to see

why they were made out of plastics instead of

some other material.

Though the articles made of plastics are

numberless, the kinds of plastic materials are

relatively few. One of the most common types

of plastics is "Bakelite.” It is a hard, strong,

but rather brittle substance which is made by

heating a mixture of phenol (carbolic acid)

and formaldehyde. Any student can easily

make some "Bakelite” in the laboratory. It

will harden upon cooling, but a better product

is usually obtained if the mixture is heated un-

der pressure in a mold. This is the reason that

most "Bakelite” articles are molded into their

final shape. "Bakelite” is also different from

most plastics in that after it has once hard-

ened, it can never be softened or molded again.

Since the phenol and formaldehyde mixture

remains liquid during the manufacturing proc-

ess, it is possible to soak layers of wood in the

boiling mixture, then put these layers together

in a press and squeeze them into any shape de-

sired. Then when the "Bakelite” cools, you

have a structure which adheres tightly to-

gether and is much stronger than either the

wood or the "Bakelite” alone. This is the way

plastic airplanes are made.

Cellulose Plastics. Cellulose is the base for

another popular type of plastics. They differ

from "Bakelite” by getting soft when heated,

which makes possible the shaping of all kinds

of articles from the hot plastic. If you are not

satisfied with the shape of an object you have

just made, you may heat it in boiling water

and reshape it.
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An extruded plastic of cellulose acetate that is squeezed

out like tooth paste. Any profile, tube, rod, or strip of

any length can be made

There are three general types of cellulose

plastics: the cellulose nitrate, the cellulose

acetate, and the modified cellulose plastics. It

is unfortunate that industry in selling its plas-

tics has often departed from the naming

scheme of the chemists. Consequently, in-

stead of using the foregoing chemical terms

for these plastics, they have invented a num-

ber of trade names which are certain to con-

fuse the learner.

Cellulose nitrate is a very simple com-

pound to make. All you have to do is soak

some cotton in a mixture of nitric acid and

sulfuric acid. Some nitric acid radicals (NO3)
replace hydroxyl radicals on the sides of the

long cellulose molecules. It is possible to con-

trol the number of nitrate radicals which at-

tach themselves to the cellulose molecule. A
small number of nitrate radicals give us a

product soluble in acetone. Upon evaporation

of the acetone, we have left the plastic

"Pyralin.” When all the nitrates possible are

attached to the cellulose, we have guncotton.

one of the important explosives used in war-

time.

One serious objection to cellulose nitrate

plastics is the ease with which they burn.

They burn almost with a flash—so fast, in

fact, that it is practically impossible to put

them out, once they catch fire. This hazard

soon made the nitrate plastics unpopular for

clothing, such as artificial-silk hose, but there

are still many uses for the nitrate plastics

where inflammability is not a hazard. For ex-

ample, they are used in making such articles

as fountain pens, pencils, scuffproof heels,

toothbrush handles, and piano keys.

However, the fact that cellulose acetate

does not burn readily has been one of the main

reasons for its increasing popularity as com-

pared with cellulose nitrate. Except for the

fact that they will not burn, the acetate plastics

are similar to the nitrate plastics. Not only is

cellulose acetate used for all kinds of decora-

tive articles in commerce, but it makes one of

our most popular types of rayon. Rayon looks

much like silk and may or may not have as

much luster as silk, depending upon the way it

is made. However, rayon has so fully made a

field for itself that it is seldom thought of any

more as a substitute for silk. The steps in

making rayon fibers are as follows: Cotton is

treated with a mixture of acetic anhydride and

concentrated acetic acid. It is next washed

with water and the final product dissolved in

acetone. This solution is sprayed under pres-

sure through a nozzle full of fine holes. The
liquid sprays into a stream of warm air, where

the acetone evaporates, leaving cellulose ace-

tate, or rayon, fibers ready to weave into cloth.

The third type of cellulose plastic is in-

teresting in that the final product is pure cellu-

lose, chemically the same as the original. The

process consists of dissolving cellulose, forcing

the liquid into the shape of the final product,

and then regenerating the pure cellulose. The

actual chemical process can be described

briefly as follows: Treat cotton with caustic

soda and carbon disulfide to form a thick

sirupy mass, which may be dissolved in a
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weak solution of caustic soda. If you wish to

make rayon fibers, the solution is blown

through a spray nozzle into a weak acid solu-

tion, which neutralizes the alkali, leaving the

original cellulose. But now it is in the form

of long silky fibers instead of the dull short

strands of cotton. This type of rayon is called

viscose rayon because of the thick sirupy mass

which results from treating cellulose with

caustic soda and carbon disulfide. If, instead

of rayon thread, you wish to make "Cello-

phane,” all that is necessary is to blow the

alkaline solution through a long narrow slit

into an acid solution. The acid then changes

the cellulose solution into a clear, thin sheet

of "Cellophane.”

Since the caustic soda-carbon disulfide

mixture can dissolve the cellulose out of wood
or sawdust, much viscose rayon is made in

this way. Thus it can be truly said that a com-

plete dress may be made out of a tree.

Acrylic Resins. You have no doubt heard a

good deal about acrylic resin, but you prob-

ably heard of it as "Lucite,” the wonder plas-

tic which makes it possible for us to see

around corners. It is really true that light will

travel along a crooked rod of "Lucite” in

much the same way as water flows through a

crooked pipe. This peculiar characteristic

has many outstanding uses in science. For

example, a curved rod of "Lucite” fastened on

the end of a flashlight makes it possible for a

doctor to shine a light down a person’s throat

without putting the light itself in the patient’s

m.outh. Fascinating as this piping of light may
be, we must not overlook the fact that

"Lucite” has many other uses, such as its use

in airplane windshields, in shatterproof lenses,

in artificial dentures, in furniture, and in

transparent working models of all kinds of

machinery.

"Lucite” is somewhat more brittle than

cellulose acetate, but it is highly transparent

and becomes soft and pliable when hot.

Although "Lucite” is somewhat more dif-

ficult to make than the cellulose plastics, it

starts with a relatively cheap raw product.

petroleum. The manufacturers of all acrylic

resins make extensive use of polymerization.

Briefly, the chemical steps in their manufac-

ture are as follows: Acetone is made from

petroleum. The acetone is treated with so-

dium cyanide, then with wood alcohol, yield-

ing methyl methacrylate. This product is then

polymerized to form an acrylic resin plastic.

Vinyl Resins. The so-called glass belts, glass

suspenders, and glass umbrellas are so com-

mon that we need to learn something about the

plastic of which they are made. This plastic

belongs to the group of vinyl resins, the most

common trade name for which is "Vinylite.”

The vinyl resins are made from air, natural

gas, water, salt,and coal. From these rawprod-

ucts two chemicals are prepared—namely,

vinyl acetate and vinyl chloride. These two

substances are treated with a solvent and a

catalyst and then polymerized to yield a co-

polymerized plastic called "Vinylite.”

Since the vinyl resins have the advanta-

geous property of being able to stick to metal

Spinning special cords of "Cordura” rayon for heavy-

duty tires for bomber landing gear, combat cars, and

transport trucks. This new product withstands high

heat and great shock, and at the same time permits thin

side walls, thus conserving rubber

E. I. du Pont de Nemours & Co.



and other substances, they have many uses

for which the other plastics are unsatisfactory.

For example, "Vinylite” is coated over metal

disks to form recording disks. In fact, most

records for our phonographs are coated with

this plastic. "Vinylite” sticks as readily to

glass as to metals; consequently it is used to

cement layers of glass together for shatter-

proof windshields.

Nylon. There are a great many other popu-

lar types of plastics, but we have time for

only one more, namely, nylon, the new sub-

stitute for silk.

Nylon is a compound consisting of giant

molecules in the form of long chains. Al-

though it is somewhat similar to such protein

products as silk, hair, and wool, it is chemi-

cally different from any known natural prod-

uct. Therefore it is not correct to call it either

artificial silk or synthetic wool. Chemists

polymerize amino acids with heat to form

long chainlike molecules. The amino acids

are made from such raw products as coal, air,

and water.

Nylon may be made into paper-thin sheets

or tough, stiff bristles for toothbrushes or,

more popular still, into textile fibers for

nylon hose. Nylon fibers are elastic and have

great tensile strength; in fact, they are

stronger than any common textile fibers.

Nylon does not absorb moisture readily;

consequently nylon hose are easier to dry

than other kinds. Also, nylon toothbrushes

do not soften when wet, because nylon is as

strong when wet as dry. This property also

made nylon popular for fishing lines.

Nylon does not burn readily, but it can

be melted like wax; therefore nylon fibers

used for fabrics must have a melting point

higher than the temperatures used for ironing.

This new substitute for silk has the further

advantage of not being injured by cleaning

fluids, moths, or mildew.

STUDY GUIDE

1. What are the sources and kinds of syn-

thetic rubber?

2. Describe the kinds of plastics and their

uses.

Photography

Early Photography. Photography is an in-

expensive hobby and a great industry. Mil-

lions of dollars’ worth of equipment and a

corps of experts are required for the taking

of a picture for the movies; yet with an in-

expensive camera any of us without experi-

ence can with a few cents’ worth of film take

satisfactory snapshots. Though many com-

panies have large sums invested in equipment

for developing films and printing pictures, it

is possible for anybody to buy a few chemicals

from a drugstore and develop his own pictures

in the kitchen.

The perfecting of photography, however,

has not been a simple matter. Pictures are so

commonplace today that when we look at a

picture which is fifty years old we are not

likely to realize the difficulties a photographer

of those days had to overcome. The early

photographers had to mix their own chemicals

and coat their own plates just before they

took the picture. They used to have a light-

tight box or sack, into which they would put

their arms, using the box or sack as a dark-

room. In those days a photographer could not

pick up a camera from the back seat of an

automobile and snap a picture. If he wished

to go out into the fields for a picture, he had to

burden himself with a whole laboratory of

equipment.

A great stride was made in photography

when our ancestors learned how to put the

necessary chemicals on sheet iron and thus

produced the popular tintypes. We may laugh

at the yellowish tinge of these pictures, but a

great many of our snapshots are so carelessly

processed today that they do not look so clear

after ten years as the old tintypes do after

fifty years.

Chemists have been steadily improving the

composition of films and making it easier to

take high-speed pictures. It is now simple to

take motion pictures of a golf ball in flight



and it is not uncommon to see photographs

of a bullet in flight. Photographers used to

have to make such long exposures that it was

difficult even for a person to hold still long

enough to have a picture taken. Iron braces

were placed behind a person’s head in order to

keep him from moving. If you will examine

an old family album, it may be possible to find

pictures in which these braces show beside the

heads and arms of the people in the picture.

While the chemistry of photography is ex-

tremely complicated, it is not necessary to

know any more than how to follow the printed

directions in order to make good pictures.

Many students, however, wish to know the

principles underlying such a process.

Developing the Film. Underlying all the

complications of photography are certain

fundamentals which are simple and worth

knowing. The first of all these is that light has

the ability to decompose silver bromide

(AgBr) and liberate finely powdered silver,

which is black. One of the most important

chemicals used in the manufacture of a nega-

tive is silver bromide. It is mixed with gelatin

and coated on a strip of celluloid.

When a photograph is taken, the camera
lens causes a small picture to appear upside

down on the film. This image can easily be

seen by holding a magnifying glass in front of

a piece of ground glass as shown above. Sup-

pose you take a picture of a person with a

dark coat. All the light which forms the image

upon the negative is reflected light. A great

amount of light is reflected from the person’s

face and white collar, but only a small amount
is reflected from the dark coat. Thus, when
the picture is taken, considerable silver bro-

mide is decomposed on the negative at the

spot where the image of the person’s face is

focused. Only a small amount of light strikes

the negative where the person’s coat appears;

thus only a little silver bromide is affected at

this spot. After the picture has been taken,

the negative, when examined in the darkroom,

appears just the same as before. But when it

is placed in a weak alkaline reducing agent,

called a developer, the reducing agent reduces,

or decomposes, the silver bromide further at

the spots where the silver compound has al-

ready started to decompose. Thus the nega-

tive soon blackens where the image of the face

appears, but the place where the coat is re-

mains almostunaffected bythe reducing agent.

If the negative is removed from the reduc-

ing agent at this time, everything which was

dark on the person is light on the negative,

and everything which was light is dark. (It is

for this reason that we call it a negative.)

Eventually the entire negative would turn

black if it were left in the reducing agent long

enough.



Boeing Aircraft Company

The negative (right) and print (left) of the same photograph

The remaining silver bromide must be re-

moved from the negative, or it will turn black

when the negative is brought out into the light.

The silver bromide can be dissolved by soak-

ing the negative in sodium thiosulfate, com-

monly called hypo. When the silver bromide

has been removed by the hypo, the negative

with its coating of silver can be brought out

into the light without injury.

Making Positive Prints. Since everything on

the negative is exactly reversed in respect to

black and white and in respect to horizontal

directions, it is not satisfactory as a picture;

so positives are made from it. In these posi-

tives the light and shade and positions

correspond to those of the object which was
photographed.

The positive paper is coated with a layer of

silver bromide in much the same manner as

the negative was. The negative is laid over

the positive paper, and the whole exposed to

the light. The spot on the negative where the

person’s face appears is so heavily coated with

black silver that very little light can get

through to the silver bromide on the positive

paper. Thus very little of the silver compound
is decomposed at this spot. On the other hand,

a great amount of light can get through the

light portion where the coat is, and begins to

break down the compound at this spot. The
paper is placed in a reducing-agent developer

to continue the decomposition, as in the de-

veloping of a negative. The remaining silver

bromide is, in a like manner, removed with

hypo.

Reversing Films. In amateur movies it is

cheaper to change the negative film into a posi-

tive and use it for showing the pictures. The
reversing process is fairly easy to understand.

The film is developed as any negative, the

faces appearing black and the dark coats

white on this negative. Then without remov-

ing the silver bromide which is undecomposed,

the film is placed in a chemical which dissolves

the black metallic silver without disturbing

the silver bromide. This leaves the negative

clear in places representing white objects, and

the silver bromide covers the portions of the

film which represent dark places. Then, when

the film is again placed in a reducing agent, all

the remaining silver bromide is broken down,

and forms dark spots of silver on the film,

which represent dark objects in the photo-

graph. Thus the reversed film will appear the

same as a positive print.

Effect of Color on Photographs. Black-and-

white pictures of colored objects often are dis-

appointing because they do not look natural.

506



This is easily understandable when we realize

that certain colors have a greater effect upon

silver bromide than others. For instance, red

hardly affects it, while blue has about the same

effect as white. Colors like red or yellow,

which have little effect upon the silver com-

pound, appear black in a picture, while blue

or violet will be white. A great many pictures

of snow-capped peaks are not good, because

the white snow rests against a blue sky, and

both appear white in the picture; conse-

quently the top of the mountain is indistinct

or may not show at all.

This type of difficulty can be overcome by
means of filters, which are colored films or

glass placed in front of the lens. When a yel-

low or reddish filter is used to take a picture of

clouds, the filter shuts off part of the blue light

from the sky. The result on the negative is

that the part which represents the sky is

slightly underexposed, while the clouds are

just right. Thus the positive print of the pic-

ture shows the sky slightly dark in contrast

with the snow-white clouds.

The photographer makes use of another

striking property of colors, and that is that

red can penetrate a haze better than blue.

When he wishes to take a picture of some dis-

tant view, the details of the scenery are usu-

ally lost in a haze; but if a so-called panchro-

matic film and a red or infrared filter is used,

the red gets through the haze and makes a

clear-cut picture.

Infrared is a color invisible to the eye, but

it affects the silver bromide in a film made sen-

sitive to infrared. Thus good infrared pictures

have been taken in rooms which seemed

totally dark.

Pictures in Natural Color. Color photog-

raphy has recently become so popular that it

is difficult for us to realize how old the idea

really is. In fact, in 1869, just after the Civil

War, a Frenchman worked out a plan for

color photography which is still fundamen-

The photograph at the left was taken with a filter; that at the right,

without a filter

Knlng Galloway



tally sound. However, his plan, like many
others, had to wait for a couple of generations

until the scientists had time to develop ma-

terials which would meet the rigid conditions

necessary for its successful application.

The research and chemistry which led to

color photography is involved indeed, yet the

fundamental steps are simple enough for any-

one to understand. The film itself is made

up of three color-sensitive layers. The out-

side layer is sensitive only to blue light. A
yellow filter under this layer prevents the

blue light from reaching the layers below.

The next layer is sensitive to green light.

Beneath another filter which transmits only

red light the bottom layer is sensitive to red.

Since combinations of these three colors can

produce any other color, three layers of the

film are able to record all the colors we can

see. If this negative were exposed to an out-

door scene and then developed in a regular

developer, we should have nothing more than

an ordinary black-and-white negative. How
do we get the colors? They are obtained by

the use of dyes in the developer or in the film;

there are two main types of color film now in

use. One type of film has colorless compounds

in the three layers which will react with the

decomposition products of the developer and

produce the desired combination of colors.

The stronger the reaction of the developer

the stronger will be the color. Another type

of color film has the color-producing chemi-

cals in the developer instead of in the film.

The results are much the same, however, in

that the stronger the reaction in the developer

the more intense is the color produced. One
advantage of films which have the color-

producing chemical in the film is that they

can be processed at home, while the other

type requires much more elaborate commer-

cial processing laboratories.

A final distinction should be made between

color pictures and the ordinary black-and-

white photographs. The black-and-white pic-

ture is due to varying amounts of silver de-

posited in the film, while the color picture is

due entirely to dyes. In the processing of

color film, all of the silver is dissolved and

replaced by colored-dye images.

STUDY GUIDE

1 . What metallic compound is decomposed

to form the image on photographic film?

2 . Explain the difference between the light

and dark areas of the image and those of the

negative.

3. In many black-and-white photos the sky

appears entirely white with no clouds; how
could this condition be improved?

IMPORTANT THINGS IN THIS CHAPTER

There are two types of ordinary glass, lime

glass and lead glass. "Pyrex” glass is a mix-

ture of aluminum borate and aluminum sili-

cate; when heated, it does not expand as much
as ordinary glass.

Glass is annealed by slowly cooling it to

prevent unequal strains from occurring as the

glass cools and contracts.

Window glass is now prepared by drawing

a continuous sheet of the desired thickness

from the furnace. Shatterproof glass is made
by cementing a layer of plastic material be-

tween two sheets of glass.

Glass can be given different colors by mix-

ing compounds of different metals with it

when it is in a molten condition.

Porcelain is formed by baking a fine mix-

ture of pure clay and sand.

Quicklime is formed by heating calcium

carbonate in a limekiln. Quicklime, when
mixed with water and sand, will form mortar.

Ordinary plaster is similar to mortar ex-

cept that it has some fibrous material in it to

make it stick properly on a wall.

Cement is formed by heating a mixture of

calcium carbonate and clay in a kiln. The re-

sulting product is ground up into a fine pow-

der. When this powder is mixed with sand,

water, and gravel, it will set into a hard rock-

like substance called concrete.



Paints usually consist of some insoluble

metallic compound (the pigment) mixed with

linseed oil or a resin and a thinner. Exterior

paints must contain much oil in order to re-

main flexible so that they will not crack off.

Interior paints use mostly resins instead of oil

because they must form a hard surface which

is easy to clean.

Shellac and varnish consist almost entirely

of drying resins.

Stains are pigments suspended in a liquid.

These pigments soak directly into the wood.

Lacquers consist of a cellulose product dis-

solved in banana oil and colored with a suit-

able dye.

Most paper is made of wood fibers.

Inks may be grouped into three classes:

carbon inks, dye inks, and iron inks. The
final color of blue-black, or iron, inks is due

to the changing of ferrous tannate to ferric

tannate, which is black and insoluble.

When an alkali, such as sodium hydroxide,

is heated with a vegetable oil or animal fat, it

reacts with the oil or fat, forming soap and

glycerin.

Hard soaps can be made from beef tal-

low or coconut oil, while soft soaps can be

made from such oils as cottonseed oil and

olive oil.

Soap cleans by forming an emulsion of

greases and removing dirt particles by form-

ing a thin film around each particle which

prevents it from sticking to the others.

Temporary hard water contains calcium

bicarbonate, which can be removed by boiling

or by adding limewater to it. Permanent hard

water contains calcium sulfate or magnesium

sulfate, which cannot be removed by boiling,

but the calcium or magnesium ions may be

precipitated by adding washing soda to the

water.

The disadvantage of washing with hard

water is that it forms an insoluble, sticky

substance with the soap.

There are a number of chemical tests

which can be used to distinguish animal fibers

from vegetable fibers and thus tell whether a

piece of cloth is "all wool” or not.

Our common dyes of today are made from

coal tar.

Colored patterns may be put on cloth

either by printing the design on white cloth

or by weaving the pattern out of different-

colored yarns.

Mordants are chemicals which will keep

dyes from washing out of cloth.

Synthetic rubber may be made by poly-

merizing chloroprene or butadiene.

The kinds of plastics are now numerous.

Among them are "Bakelite,” cellulose plas-

tics, acrylic resins, vinyl resins, nylon.

The silver bromide on a negative is acted

upon by light. When a picture is taken, the

silver bromide is unequally affected by the

light. The developer is a weak reducing agent

which decomposes the silver bromide faster

where it has already been affected by light.

After the negative is developed, the remaining

silver bromide is dissolved off with hypo.

A picture made from a negative will be a

positive print. Negatives can also be de-

veloped in such a way that they will become

positives. This process is called reversing.

White clouds will usually be more distinct

in a picture if a filter is used on the camera to

shut out part of the violet rays from the sky.

Films for natural-color photographs can

be made at the factory by using the proper

dyes on a film and then, after the taking of

the photograph, by processing to bring out

the proper colors.

AFTER YOU FINISH THIS CHAPTER

1 . Try coloring the ends of some glass tub-

ing by dipping them in some of the chemicals

mentioned in the text and then strongly heat-

ing them over a Bunsen burner.

2. Test samples of expensive and cheap

varnishes to see if they will turn white when

water is put on them. Also, see if they will

crack when left exposed to direct sunlight.



3. Paint some strips of metal with varnish,

ordinary enamel, quick-drying enamel, and

lacquer; then bend them to see which surface

cracks most.

4. Test several common brands of inks to

see which will flow best in a fountain pen;

which is the least likely to clog it; etc. Also,

try mixing different kinds of ink in your pen

to find out if any harm comes from the mix-

ture. Place writing done with different brands

of ink in the sun for several days to learn

which will fade.

5. A student can get an idea of the effect of

filters on cameras by taking a small camera

and holding different-colored pieces of glass

in front of the lens while pictures of a cloud

are snapped.

LEISURE-TIME ACTIVITIES

1. Read the complete story of the making

of a lens for a 200-inch telescope and of its

installation.

2. Read about some of the uses of bullet-

proof glass.

3. Read in the library about lead poisoning

and its effects upon painters.

4. Place several samples of colored dress

goods in the sunlight to find out what colors

and materials seem to be the most likely to

fade.

5. Read the complete description of the

water-softening and water-purifying plant of

a large city.

6. Study the pictures and description of a

modern soap factory.
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19 • CHEMISTRY AND LIFE

Public Health

Purification of Water. Harmful bacteria

may be present in either soft or hard water.

Water-softeners do not kill harmful bacteria,

as many people think. When hard water con-

tains disease germs, it must be not only soft-

ened but treated to kill the bacteria.

There are two common methods for purify-

ing water. One is aeration, in which the water

is sprayed into the air to mix it thoroughly

with oxygen. The oxygen thus oxidizes and

destroys the bacteria. A much simpler and

perhaps cheaper method for purifying water

is to chlorinate it. Chlorine gas is allowed to

bubble slowly into the water as it passes

through the pipes. Since it takes only a small

amount of chlorine to kill all bacteria, this

amount is not tasted by people who drink the

water afterward and is not injurious to them.

Chlorine gas is so cheap that all the water

coming into large cities can be purified with it

at a small cost.

Typhoid fever used to spread rapidly from

infected drinking water; but the day is past

when there is any excuse for a city’s furnish-

ing its residents with impure water. It is also

simple for people who are camping or who live

in the country to have pure water to drink. A
person on a camping trip should never drink

any water without reliable assurance that it is

safe. Boy Scouts generally purify their drink-

ing water with "bleaching powder,” which is

chlorinated lime. Some Scouts make up a

dilute solution of chlorinated lime in a fruit

jar and carry it with them. If they wish to

drink some untested water, they mix about a

tablespoonful of the chlorinated water with a

gallon of the other. By the time the lime and

the water are thoroughly mixed, the bacteria

are killed; yet the water hardly tastes of the

lime.

An interesting, but not always sure, test

for the purity of water is one which many

Scouts use. It is based on the assumption that

if the water contains much organic matter

obtained from decaying plant and animal life,

it is impure. The presence of the organic mat-

ter can readily be tested by means of potas-

sium permanganate. This substance has a

pretty violet color when in solution. A few

drops of this solution are added to a little of

the untested water. Potassium permanganate

is decomposed when mixed with organic ma-

terial. Therefore, if the color disappears, or-

ganic matter is present; but if the few drops

of the solution color the water permanently,

this is an indication that organic matter is

absent. The reason why this test is not al-

ways reliable is that water which contains

no organic matter may yet contain harmful

bacteria.

Large sand filtering systems are used by

some cities to purify their water. This method

has led to the sale of small filters for home use.

Some people even go so far as to place charcoal

filters on the faucets. If a small filter is

cleaned frequently, it may be of use; but if

not properly cared for, it becomes more dan-

gerous than the water itself. These filters stop

all kinds of organic material in the water.

This is stored up in the filter, where it fur-

nishes the bacteria with a home and abundant

food. They multiply so fast that they soon

add great numbers of bacteria to the water.

Swimming Pools. Chlorine gas and chlo-

rinated lime are the simplest materials for

purifying swimming pools. The addition of

small amounts of either adequately destroys

the bacteria which come from the bathers. A
doctor in England, a few years ago, wished to

check the efficiency of chlorine in pools; so

he set up a laboratory beside a chlorinated

pool and ran tests on the water for one whole

summer. He would swim into the pool, dip up

a sample of water, then swim back to his labo-

ratory and immediately test for bacteria. He
found that at no time was the city drinking
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water as free from bacteria as the worst sam-

ples of water from the pool.

The danger of getting disease or infection

is not in the pool but in the dressing-rooms

and the walks to and from the pool. No one

has yet found a method for keeping the

dressing-rooms as free from bacteria as the

pool itself. Some of the danger of getting

athlete’s foot is removed by having chemically

treated pads upon which the bathers must
step.

STUDY GUIDE

1. Howmay water be purified for drinking?

2. How are swimming pools purified?

Food

Classes of Foods. Foods have been divided

into six classes: carbohydrates, proteins, fats,

minerals, vitamins, and water. Of these six

classes the first three are changed by the diges-

tive juices into simpler substances which the

body can use. The carbohydrates are changed

into what might be called simple sugars, the

proteins are changed into amino acids, and

the fats are changed into glycerol and fatty

acids.

Carbohydrates. A high percentage of the

energy requirements of the body is derived

from carbohydrates. For this reason it is of

importance to know something about the large

group of substance included among the

carbohydrates.

All carbohydrates can be divided into three

groups: simple sugars, double sugars, and

those substances which are made up of a com-

bination of many sugars. The first group is

called monosaccharides, the second group

disaccharides, and the last group polysaccha-

rides. The polysaccharides and the disaccha-

rides, when eaten, must be broken down
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chemically by the digestive juices into mono-

saccharides before they can be used by the

body.

Monosaccharides used for food include

glucose and fruit sugar; disaccharides used

for food include cane sugar, milk sugar, and

malt sugar; and polysaccharides used for food

include starch, dextrin, and certain gums.

Glucose is present in the nectar of flowers,

in fruit, and in the sap of some plants. It is

the sugar which is found in the human blood

stream soon after carbohydrates of any kind

are eaten. Cane sugar is somewhat sweeter

than glucose, but it is more expensive; and

since glucose is cheaper and just as wholesome

as any of the other sugars, it is often used to

sweeten candy, jelly, and beverages.

Cane sugar is probably the most important

of the disaccharides. It is produced from

either sugar cane or sugar beets. When first

taken from the cane or beets, the sugar has

several impurities. These are removed by

treating the liquid in which the sugar is dis-

solved with calcium hydroxide, boneblack,

carbon dioxide, and heat. After the impuri-

ties have been removed, the liquid is evapo-

rated, and the resulting sugar crystals are

washed in a centrifugal washer.

Milk sugar is present in the milk of all

mammals. Cow’s milk contains about 5 per

cent of this sugar. Goat’s milk has a slightly

higher percentage of sugar than cow’s milk.

Malt sugar is made from the starch of grain

by the action of a substance called diastase,

which is produced by the plant itself. Malt

sugar derived from sprouting barley is used

in the manufacture of ethyl alcohol.

Of all the polysaccharides, starch is prob-

ably the most important as a food for man.

Starch is manufactured during the growing

period of a plant and stored away in various

parts of the plant body.

Proteins. When protein food is taken into

the mouth, it is moistened by the saliva and

made easier to swallow, but it is not changed

chemically until it reaches the middle of the

stomach, where it is mixed with the gastric

juice. The gastric juice contains enzymes

which act on proteins to change them to sim-

pler substances, but these simpler substances

are still too complex for the body to use.

When the substances pass into the intestine,

they are acted on by enzymes produced by

the intestinal glands and the pancreas. The
result of the action is to produce amino acids.

Some protein food passes through the stomach

without being changed into simpler sul>-

stances. This food is acted on in the intestine

by an enzyme produced by the pancreas v/hich

has the power of changing the protein to

amino acids. The presence of this second

protein-digesting enzyme in the intestine en-

sures the complete digestion of all the protein

which is taken into the body.

Fats. When fat food is eaten, it is often

enclosed in small cavities in protein food. The

fat found in fat meat, for example, is entirely

surrounded by protein material. It is there-

fore necessary for the protein covering of the

fat to be removed before the fat can be acted

on by the digestive juices. The removal of the

protein covering of fat is accomplished by the

enzymes acting on protein. These enzymes

come from the pancreas and the liver. The

pancreatic enzymes change the fat to fatty

acids, and the bile, a digestive juice furnished

by the liver, acts on the fatty acids in such a

way as to help the pancreatic enzyme in mak-

ing it possible for the body to use them.

Hydrogenation of Oils. For a long time the

cotton seeds which the cotton gins separated

from cotton were wasted. Then it was found

that a valuable oil could be squeezed from the

seeds, and that the residue of pulp made good

cow feed. The cottonseed oil thus obtained is

a liquid which has many valuable uses.

Housewives, however, seem to prefer a solid

oil, or fat, for kitchen use. In order to increase

the sale of cottonseed oil, the chemists began

to seek a method of changing liquid oils into

solids. An examination of the molecular struc-

ture of these oils shows that only a small

change is necessary to convert a liquid oil into

a solid.



Liquid oils, such as cottonseed oil, are com-

posed mostly of glyceryl oleate
;
and the solid

fats, such as beef tallow, contain a high per-

centage of glyceryl stearate. The formula for

the oleate radical is C17H33COO; for the

stearate radical, CitHssCOO. There is a dif-

ference of only two hydrogen atoms between

them. The chemists then began to seek a

method of causing two atoms of hydrogen to

unite with the oleate radical. Since a great

many reactions are speeded up with so-called

catalytic agents, the experimenters looked for

a suitable catalyst in this case. Chemists

found that finely powdered nickel was suitable

for this purpose. The cottonseed oil is mixed

with powdered nickel and heated under pres-

sure, and hydrogen gas is bubbled through it.

Under these conditions the hydrogen unites

with the oleates and changes them to stearates.

The nickel is filtered out and used over again,

and the oil, when cool, solidifies into a snow-

white solid.

This solid is more attractive in appearance

than the oil and perhaps easier to use for cook-

ing, but it is not a better food. The main ad-

vantage of hydrogenating (as this process is

called) cottonseed oil is that it furnishes a

wider market for this oil, and thus it is of

assistance to the cotton farmers in the South.

Great quantities of butter substitutes are

now made from the solidified cottonseed oil in-

stead of from coconut oil. At present hydro-

genated oils are in greater demand for cooking

than lard; yet only a few years ago house-

wives looked with suspicion upon all artificial

substitutes for lard and maintained that they

could not make such good cakes with them

as with lard.

Salt. Common salt is the most important of

the minerals in our food. Since man cannot

live without salt, he has been forced to struggle

continuously for it. As a result, much of our

early history is based upon these struggles.

Many of the common highways in the world

were once trails leading to salt beds. The
oldest road in Italy was built to carry salt

from the evaporating pits at Ostia to the

Sabine territory. Even the locations of many
cities were determined by these salt trails.

For example, London began as a roadside inn

for salt merchants. They were using a con-

venient ford in the Thames River to transport

their loads of salt. An inn was built there to

accommodate the salt-handlers, and from this

beginning grew London, the world’s largest

city.

There are enormous quantities of salt in the

world, but it is not evenly distributed. It is

estimated that if all the salt were removed

from the ocean, it would make a continent of

solid salt fourteen times as big as all Europe

above the water line. Since some regions have

large deposits of salt and others none, there

has always been a great traffic in salt. At one

time salt was so scarce in some regions that

it was even used for money. Considerable salt

was used as currency in ancient Germany, and

in Rome it was common to pay the soldiers

part of their wages with the salt instead of

money. From this practice we get our word
salary, which comes from a Latin word mean-

ing "pertaining to salt.”

There are four different methods for the

preparation of salt for the market. It is mined

like coal, pumped out of salt wells, separated

from ocean water by evaporation, and sepa-

rated by freezing.

There are enormous salt mines in Poland,

which were started before Columbus discov-

ered America and have been worked ever

since. Some of these mines ha^e over three

hundred miles of tunnels.

In New York State and other places in the

United States salt is obtained from wells.

Many wells are drilled down into deep salt

beds. Water is pumped down one well and

flows along through the salt, dissolving it as

it goes; and when it comes to the next well,

the saturated salt solution is pumped to the

surface. The water is evaporated, and the salt

purified for the market.

Salt is obtained by evaporation from the

ocean in many places in the world. The water

at high tide is allowed to flow through dikes
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A salt mine. Powerful locomotives haul twenty-five or more loaded cars

to the foot of the mine shaft

into great fields. Then the dikes are closed,

and the water is evaporated by the sun. The
salt remaining is gathered up and purified.

Most of the other chemicals mixed with the

salt are removed by crystallization. This is

easily accomplished because most of them are

quite soluble in warm water, while the salt is

no more soluble in warm water than in cold

water. Thus, as the water evaporates, the salt

crystallizes, leaving the other chemicals in

solution.

One of the most inconvenient impurities in

salt is magnesium chloride, which is quite del-

iquescent (that is, it absorbs moisture from

the air and becomes wet) . A small amount of

it remaining in salt will cause the salt to get

damp and stick together. Most of the salt that

”pours’^ is prepared by removing most of the

magnesium chloride and then adding starch.

The starch coats over the salt crystals and

prevents them from sticking together. There

are some places in the world, like Great Salt

Lake in Utah, where the salt can be gathered

up directly and then purified.

In Lapland and in other cold regions north

of the timber line, where fuel is scarce, the

natives extract the salt from sea water by a

freezing process. Small amounts of sea water

are allowed to freeze on the surface; the salt

remains behind in the unfrozen water. The

first layer of ice is removed. Another layer is

allowed to freeze. The layers are removed

until a strong solution of salt is left which can

be used as it is or else easily evaporated.

The most important use for salt is as a food.

Our stomachs produce a digestive fluid called

gastric juice. This substance contains a large

amount of hydrochloric acid, which is abso-

lutely necessary in the digestion of proteins

and fats. This acid is made in the stomach by



the decomposition of salt. If a person were

unable to obtain salt, he would soon have no

hydrochloric acid in his stomach and would

starve because his food would be indigestible.

Without this hydrochloric acid man could eat

all he wanted and still starve to death. The

early Chinese discovered this fact and de-

veloped the "Chinese salt torture,” which was

their most severe torture for criminals. So

effective was it that they reserved it for their

worst offenders. Their procedure was to put

their victim in a cell and supply him with all

the food he wanted. He received anything

that he desired to eat. The only limitation on

his eating was that no food contained salt.

He would live like a king for a few days, until

he had used up his supply of hydrochloric

acid. Then he would gradually grow hungrier

and hungrier and finally reach a point where

he would be starving to death
;
yet all the time

he would be eating abundantly.

Some people nowadays do not have enough

hydrochloric acid in their stomachs, though

they are not undergoing a salt torture. Per-

sons who have cancer or some other ailment of

the stomach are unable to convert enough salt

into hydrochloric acid to digest their food.

The doctors, however, can overcome this dif-

ficulty by having the patient drink some very

dilute solutions of hydrochloric acid at meal-

time. This acid does the same work in the

stomach as if it had been prepared there by

nature.

Some brands of salt have small amounts of

iodine compounds added to them in order to

prevent people from having goiters. This is

done in regions where there is not enough

natural iodine to stop the development of this

diseased condition.

How We Digest Our Food. Our bodies are

in constant need of food for growth, for the

repair of worn-out or injured parts, and for

energy to carry on all the body functions.

Nearly all the different kinds of food which

man eats must be changed before they can

be used by the body. Some of these changes

are started by cooking or otherwise prepar-

ing the food before it is eaten. The major

changes, however, are made in the digestive

tract.

The digestive tract of a human being con-

sists of the mouth, esophagus, stomach, and

the small and large intestines. Digestive

juices are poured into the digestive tract from

the digestive glands. The salivary glands put

saliva into the mouth cavity, the gastric glands

pour gastric juice into the stomach, and the

pancreas, liver, and intestinal glands pour in-

testinal juices into the first part of the small

intestine. Each of the digestive juices con-

tains substances, called enzymes, which act

on certain foods so as to prepare them for

use by the body.

When starchy food, which is a carbohy-

drate, enters the mouth and mixes with the

saliva, the enzymes, which seem to be catalytic

agents in the saliva, change some of the starch

to simple sugar. These salivary enzymes con-

tinue to act on the starch for some time after

it has been swallowed. When the food passes

from the upper part to the central part of the

stomach, this action stops because it cannot

go on in the presence of the acid condition

found in all parts of the stomach except at its

entrance. That part of the starchy food not

changed to simple sugar passes on through the

stomach and into the intestinal juices. The in-

testinal juices contain an enzyme produced by
the pancreas which acts on starch in exactly

the same way as the salivary enzymes. In

the intestine, then, starch digestion which was

not completed in the mouth and upper part of

the stomach is carried on to completion. By
having two means of digesting starchy foods,

the body protects itself against two common
bad habits: eating too rapidly and drinking

too much liquid while eating. Both these com-

mon habits result in a decrease in the amount
of starch which comes in contact with saliva,

because either the food is swallowed before

it is thoroughly mixed with saliva, or it is

washed down with water, which dilutes the

saliva, making it less powerful in its action

on starch.
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STUDY GUIDE

1. What are the chief classes of foods?

Give examples of each.

2. What is the purpose of hydrogenating

oils?

3. What is the chemistry of digestion?

Medicines

Neutralization. Few students realize the

important part that ordinary chemical re-

actions play in medicines. Many persons

think of medicines as entirely unrelated to

chemistry. Yet many of our important medi-

cines owe their beneficial properties to chemi-

cal reactions with which we are all familiar.

For example, chemistry students readily un-

derstand the process by which a basic oxide

neutralizes an acid. Magnesium oxide will

react with hydrochloric acid to form mag-

nesium chloride and water:

MgO + 2 HCl —> MgCb +H2O.
magnesium hydrochloric magnesium water

oxide acid chloride

But most students fail to realize that this re-

action can take place as readily in the stomach

as in a test tube. Persons who are suffering

from excess acidity (that is, too much hydro-

chloric acid in the stomach) can overcome

their distress by neutralizing the hydrochloric

acid with magnesium oxide. The most con-

venient way to take magnesium oxide is in the

form of milk of magnesia, which is simply a

thick suspension of magnesium oxide. The
acid in the stomach can also readily be neu-

tralized with baking soda. In this case, how-

ever, carbon dioxide gas is liberated, which

may add to the discomfort.

Another case in which a basic substance is

used to neutralize an acid is that of the treat-

ment of bee stings. The bee uses its stinger,

which is a small hypodermic needle, to inject

some formic acid into the skin. This acid

stings and smarts painfully, but the salts of

formic acid are harmless
;
so all one need do is

to neutralize the formic acid with some alka-

line substance, such as ammonia water or bak-

ing soda. Many persons suffer needlessly for

hours from a bee sting when this simple rem-

edy would have relieved them. The smarting,

however, will not instantly disappear upon the

application of the alkali, because the skin is

fairly ''waterproof,” so that it will take the

ammonia several minutes to soak through.

The itching from mosquito bites can be re-

lieved in the same manner, because the mos-

quito also injects under the skin a small

amount of formic acid.

Solvent Action. The neutralization of acids

is only one of the important chemical re-

actions in medicine; another is the solvent

action of one chemical upon another. Lime-

stone deposits are readily dissolved by weak

solutions of an acid. Since calcareous and

other substances sometimes form solid de-

posits in a person’s body, many of these can

be dissolved by a mixture of pepsin, hydro-

chloric acid, and water.

The solvent action of chemicals is used

even in cough medicines. A great many of

these remedies contain ammonium chloride or

ammonium carbonate. These substances act

as solvents, or diluting agents, to thin the

mucous material in the throat and make the

cough loose. The ammonium chloride slightly

irritates the mucous membrane and causes an

excess secretion of fluids in much the same

way that an irritating substance in the eye will

cause it to "water.” This excess secretion in

the throat dilutes the mucus.

Precipitation. Precipitation, which is a

chemical action opposite to that of dissolving,

is as important in medicine as in ordinary

chemistry. For example, the styptic pencils

which are used to stop bleeding from razor

cuts and scratches are alum compounds which

precipitate, or coagulate, the blood. This

coagulated blood clogs the ends of the blood

vessels and stops the bleeding. The blood of

most people contains a substance which

has the power to coagulate the blood when

it is exposed to air. Occasionally persons

are found who do not possess this blood-

coagulating substance. They are known as
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''bleeders,” because their blood will not clot

in a cut and stop the bleeding. Such persons

may bleed to death from ordinary cuts. Re-

cently a student who received a bad cut was

discovered to be a bleeder. Since there was no

other satisfactory way to stop the bleeding, a

snake venom was used. This particular snake

venom had a tremendous power to clot, or

coagulate, the blood. In a normal person this

venom would have been dangerous, but when

applied to the cut of this bleeder, it saved his

life.

The harmful effects of some poisonous sub-

stances can be overcome by precipitating the

poisonous part of the compound. Many per-

sons are extremely susceptible to mercury

poisons. Mercury, however, is poisonous only

when it is in a soluble compound. If a person

gets enough soluble mercury compounds into

his system to be made ill, a doctor can precipi-

tate the mercury by giving the patient certain

soluble phosphates which will form harmless

insoluble phosphates with the mercury. The

injurious action of the mercury is stopped, and

the illness disappears.

Insolubility. We have just seen how some

substances are made harmless by being made

insoluble, but some medicines are beneficial

simply because they are already insoluble.

The insoluble compounds of bismuth and

barium are used to treat ulcers and other open

sores in the stomach. Some of these com-

pounds are swallowed in powdered form, and

the powder coats over the sores and forms a

temporary protection in much the same way
as paint protects the side of a house. When
these sores are kept free from the irritation of

food particles, they heal more rapidly.

Evaporation. Liquid ethyl chloride is com-

monly used as a local anesthetic for minor

operations. The liquid is sprayed upon the

spot where the doctor wishes to deaden the

pain. The ethyl chloride evaporates so fast

that it nearly freezes the flesh at that spot.

The operation can then be performed with

very little pain because when the nerves are

so cold, they are not sensitive.

Research in Medicine. All the different

medicines discussed above were selected

because they illustrated certain types of

chemical reactions which were thoroughly

understood. Now let us consider about some

medicines which do their work effectively,

though we do not yet know why or how.

The ability of certain chemicals to destroy

harmful microorganisms (bacteria and pro-

tozoa) is an important phase of medicine,

but often the chemical process by which the

disinfectant kills the microorganism is not

fully understood.

Quinine, for instance, is one of those chemi-

cals which for some peculiar reason pick out

all the malaria protozoa in our bodies and kill

these protozoa without harming our bodies or

other germs. Though we understand the cor-

rosive power of iodine and other disinfectants

of like nature, we must admit that most medi-

cines do their work in ways not yet fully

understood. Doctors believe that definite

chemical reactions are the source of power

behind each medicine, but detailed explana-

tions of these chemical reactions must yet be

developed.

During past ages the effect of most medi-

cines has been found by trial and error, but

now each year the place of chemists in medi-

cine is becoming more important. The con-

tribution of chemists to medicine is brilliantly

illustrated by their work on sulfanilamide, the

miracle medicine of today. Here, again, the

initial discovery was more or less accidental,

that certain compounds had amazing power

to kill all kinds of streptococci—ball-shaped

bacteria which grow in chains like a necklace.

This discovery gave the chemists a start, and

they immediately began synthesizing, that is,

putting together, all kinds of molecules similar

to the original compound they had used. They

finally produced sulfanilamide, which has be-

come world-renowned as a killer of all strep-

tococci, regardless of what disease they pro-

duce. However, the chemists did not stop with

sulfanilamide. They soon found that deriva-

tives of sulfanilamide, such as sulfathiazole.
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Ewing Galloway

The judicious use of face creams helps to keep the skin

healthy and adds to personal charm

could also destroy staphylococci—ball-shaped

germs which grow in grapelike clusters.

Thus the search has continued until now we
hardly think of sulfanilamide as a medicine

to take, but rather look on it as the pioneer

of that miracle family which is saving thou-

sands of lives each day.

STUDY GUIDE

1. What chemical processes, or reactions,

are important in medicine?

2. What are some recent contributions of

chemists to medicine?

Cosmetics

Use of Cosmetics. Compounds used on the

skin, hair, or nails, other than definite medic-

inal compounds or soaps used exclusively in
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cleansing, are classed as cosmetics. The art

of make-up had its inception somewhere in

antiquity. Almost all ancient countries have

recordings of the early use of cosmetics, dat-

ing three or more thousands of years ago.

The compounds of our modern day vary

greatly in their chemical composition and in

their number. The attempt to add charm
through the use of these compounds is still

primarily the same as in the far past. The
use of cosmetics may result from the same
artistic nature that causes us to take pride in

the appearance of our homes, cars, parks,

personal attire, paintings, etc.

Cleansing Creams. These compounds, oc-

casionally called theatrical cream or cold

cream, are used as cleansing agents by the

application of an excessive amount, massage,

and the wiping off of the remaining amount
with either soft tissue or cloth. Most creams

have an emollient (softening) effect.

Occasionally another lighter application of

this cream is applied at night and left to re-

main until morning. This cream then can be

called a night cream.

The chief component of these creams is

waxes, such as paraffin, beeswax, spermaceti,

and ceracine. In addition to the waxes are

oils, mostly white mineral oil, rarely vegetable

oil. The better grade of night cream contains

vegetable oil- and may also contain lanolin

(wool fat), which is nearly akin to the natural

oil of human skin.

The oils and waxes in correct proportion

for proper consistency are heated and added

to from 15 to 50 per cent of water with wet-

ting agents, such as borax, amines, and cho-

lesterols. This emulsifies the fat by distribut-

ing it and the water evenly through the entire

mass. The cream is left to cool partially be-

fore the jars are filled. In the larger and more

modern laboratories the cream, while hot and

before it is placed in containers, is run through

a high-speed mechanical mill called a colloid

mill or homogenizer. This high-speed mill

further divides and distributes the fats and

water, thereby giving the cream a better

texture.



A well-formulated cream should not show

a tendency to separation even under tempera-

ture change or aging. The high-speed mills

have eliminated the tendency to separation,

as well as enhanced the texture.

Vanishing Creams. The apparent vanishing

of this type of cream is due primarily to its

high content of water, which either evaporates

or is absorbed by the skin. The residue, being

practically nonoily, is absorbed by the skin or

forms a slight coating on the skin.

This type of cream is also sold as a base,

or foundation, cream and is used as a powder

base. It has good adherent qualities for

powder or dry rouge. The silky luster of

vanishing creams is due to laminae, or crys-

tals, formed during cooling and can be con-

trolled by adjusting the cooling rate and

formulation.

Vanishing creams are also called stearate

creams by compounders. They are usually

composed of stearic acid, which is a compound
found in animal and vegetable fats. Wool fat

and vegetable and mineral oils are common
additions. When vegetable oils and stearic

acid are mixed with a slight amount of borax,

sodium carbonate or other emulsifying agents,

and water, the stearic acid and fatty acids of

other oils saponify (as in the making of soap).

Many lotions of the emulsion, or saponifica-

tion, type are made in somewhat the same way
as vanishing creams. Usually the water con-

tent is greater, and glycerin is added.

Other Lotions. These lotions are made from

gums. They are used as hand or face lotions.

Occasionally the gum lotions are combined

with the emulsion type. The gums commonly
used are mixtures of one or more of the follow-

ing: tragacanth, acacia (gum arabic), karaya,

carob bean (St.-John’s-bread), psyllium, and

quince seed. Other added ingredients are

water, alcohol, glycerin, and occasionally

honey. Gum lotions are usually semitrans-

parent.

Facial packs are used as agents to tighten

temporarily the skin by astringent or physical

action or both. Relaxation during their ap-

plication aids the physical action. Many of

the packs on the market aid in removing loose

cuticle or scarf tissue (dead skin). The re-

sults are temporary, though they sometimes
justify the application.

The ingredients usually used are egg albu-

men, magnesium salts, gums, casein, and
clays. Casein is the white curd in milk. One
of the clays in common use is clayspur, found

in Wyoming. This clay expands by the addi-

tion of water, feels very smooth, and, when
made to the consistency of a heavy cream, has

the appearance and feel of grease. It is a fine

volcanic ash and during the formative period

of our earth was supposed to have stayed sus-

pended in our atmosphere for hundreds of

years.

Astringent and cooling compounds are

usually added to packs. Menthol, alcohol, and

mint oils are in common use for this effect.

Astringent lotions are mostly composed of

alcoholic solutions of aluminum and zinc

salts, such as aluminum sulfate (alum) and

zinc sulfate. The action is similar to the as-

tringent action of the packs. Astringent lo-

tions are also sold by the name of skin-

fresheners, though they may or may not have

astringent salts in them.

Sunburn lotions contain compounds which

act as shields or filters of ultraviolet light.

The base may be either oil or similar to that

of previously described lotions. The shields

are mostly of menthyl salicylate, quinine salts,

or opaque mineral compounds. Contrary to

common belief, sunburn is caused by a defi-

nite portion of the ultraviolet group and could

occur by exposure in subzero temperature.

The infrared rays, or heat rays, need not be

present.

Powders. These consist of dusting and fa-

cial powders. Dusting, or talcum, powders

are composed of a mineral compound called

soapstone. The quality of the soapstone, and

the milling, or grinding, determine the quality

of the finished product. The latest method of

obtaining very fine talc is that of air-floating

—a slight updraft carries the finest micro-

scopic particles highest, which eventually

settle on ledges from which they are collected.
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Ewing Galloway

The proper use of manicure preparations serves to

improve the appearance of the hands

The higher the ledge, the finer the particles

and quality.

Facial powders vary greatly in their com-
position. Many of the powders formerly con-

tained powdered orrisroot, rice, and taro

starch. Average powders of today contain

mixtures of one or more of the following: talc,

magnesium carbonate, zinc stearate and ox-

ides, kaolin, titanium salts, and calcium salts.

They also contain proper certified colors,

odors, and from 1 to 3 per cent of mineral oil.

The mineral oil aids in the handling of the

powder and also in its application. The appli-

cation of powders imparts an apparent even-

ness to the skin, obscuring blemishes, and

slightly tints the skin.

Rouges. These are compounds containing

certified dyes and are used purely for tinting

or coloring value. The compositions are some-

what similar to those of powders. The color-

ing matter is greater and usually the mineral-

oil content is also. Rouges occur in paste,

liquid, powder, or compressed-powder (com-

pacts) form.

Lipsticks are coloring agents used on the

lips. The ingredients are cocoa butter, waxes,

castor oil, and lanolin. The coloring agents

are intense and more residual than those

found in rouge. Lipsticks aid in preventing

chapped lips, owing to the fatty content. Lip

contour may be exaggerated or minimized ac-

cording to desire by the proper application of

lipstick.

Mascara. Mascara is used as a darkening

agent on the eyelashes and occasionally on
the eyebrows. Lampblack, or very fine car-

bon, is the coloring agent. The carbon is com-

pressed while slightly moistened with gum so-

lutions, then dried. The mascara is applied

with a moist brush.

Cuticle-removers. These are used in remov-

ing skin around the fingernails. They contain

a strong alkaline solution, consisting mostly

of about 5 per cent caustic potash. Sometimes

various compounded oils are added. When
vegetable or animal oils are added to caustic

solutions, the oils saponify and become soaps

of various appearances.

The oils used in manicuring, called cuticle

oils, are for the most part mineral. Oils of the

mineral group do not penetrate the skin; they

merely enter external crevices.

Nail Polishes. These are composed of lac-

quers chemically processed from cotton lint-

ers. These lacquers are suitably colored to

appeal to your fancy. The lacquers must be

thin enough to handle easily and heavy

enough to cover slight imperfections of the

nail; they must dry quickly but not too fast,

be hard but not brittle, and plastic enough to

bend with the nails.

The solvents used in removing the nail coat-

ing, or polish, are of many types. The fastest

and best known of the removers is acetone,

which is applied to cotton and wiped over the

nails.

The white compound applied under the

free edge of the nails, known as nail white, is

either lithopone, zinc oxide, titanium dioxide,
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or barium sulfate. These compounds are

mixed into a heavy paste with glycerin or

glycols.

Hairdressing. Dyeing is very critical in the

art of hairdressing. The color choice and ap-

plication tax the skill of the best hairdresser.

Hair must be retouched about eight to sixteen

times a year as the new growth appears. The

greater the variation of shade, the more often

redyeing is necessary. Retouching is applied

only to the new growth. If overlapping occurs,

a striped, or two-to-three-shade, effect will be

the result.

The birth of organic chemistry took place

in the dye industry. The chemistry of dyes is

one of the most complicated phases of chem-

istry. Many of our medicines, plastics, explo-

sives, and other aids in the chemical field have

originated in the dye laboratories. Therefore

the source of dyes used in the art of cosme-

tology comes from the efforts of highly skilled

technicians. The base substance from which

the dyes are made is coal tar. Para and amidol

are the foundation of fast hair dyes. Varia-

tions in the amounts used give shades from

black to blond. Some people are allergic to

dyes, and tests have to be made before

application.

Hair tints are dyes, though not fast, and

are considered a separate class. Tints are used

to enhance drab or off-color hair. The tints

are applied in the final rinse water after sham-

pooing. Coal tar is also the source of hair

tints. Usually they are composed of the pri-

mary colors properly blended to give twelve

shades.

The vegetable world also contributes color-

ing agents, such as logwood, tannic acid com-

pounds, cloves, quebracho, sage, and henna.

Henna leaves are more widely used than any

other vegetable compound. Most of the im-

ported henna comes from Egypt. The leaves

are pulverized and mixed with water to a thin

paste before application. A small amount of

peroxide, dilute ammonia water, powdered

spice cloves, and other ingredients are used to

vary the shade desired. The henna paste, or

pack, is applied evenly to the hair and left

on from ten minutes to an hour. The time

the pack remains on the hair determines the

depth of color.

Bleaching the hair gives the opposite effect

of dyeing. Bleaching withdraws color, or de-

colorizes. Hydrogen peroxide is the agent

most widely used. A thin paste is usually

made with peroxide and magnesium carbonate

and a few drops of ammonia water. The ap-

plication is similar to that of henna; also, the

length of time the pack remains on the hair

determines the extent of bleach. The constant

application of peroxide deteriorates the hair.

The art of permanent waving has expanded

the field of cosmetology more than any other

branch of beautification. The public accept-

ance of this form of beautification is not over

twenty-five years old. But now over one hun-

dred thousand beauty establishments in the

United States rely on permanent waving for

their livelihood. The method of permanent

waving is not complicated, though a good deal

of skill is necessary.

The hair is washed thoroughly and dried,

then blocked, or parted, in rectangular sec-

tions. The strands of hair in each blocked

section are moistened with permanent-wave

solution, then evenly and tightly wound on a

spindle, or rod. The hair is held tightly in

place by a clamp called a protector. The hair

is then heated to from 180° to 215° F either

by an outside clamp heater or by an element

within the rod on which the hair is wrapped.

The protector prevents steam from the solu-

tion applied to the hair from reaching the

scalp. The solution used, aided by the heat,

has a softening effect on the hair. The cross-

sectional structure of the hair conforms to the

position it is in, owing to the elongation of

stressed sections under tension or the contrac-

tion of sections under lesser tension. The lat-

ter action is similar to that of the shrinking

which occurs when wool is moistened and

heated.

The hair, after being sufficiently steamed,

or heated, is then left to cool; this gives it a

chance to become partially firm and change

back from its semiplastic condition. The hair
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is usually rinsed with cool water; also, a mild

acid rinse is used to neutralize the remaining

alkaline solution.

The chemical composition of permanent-

wave solutions is variable, but may contain

sodium or potassium sulfite, sodium or potas-

sium carbonate, caustic potash, glycerin, gly-

cols, amines, ammonia, and water. Many so-

lutions contain partially emulsified oils, which

play no part in the waving.

The strengths of solutions vary for different

hair texture and absorption. Some chemically

compounded henna and dyes turn dark during

permanent waving. Test curls are advisable

before completely waving treated hair.

The hair, after permanent waving, is set,

or formed, by finger-waving—in other words,

molded by an operator to the patron’s desire.

The compound used in holding the hair in

place during this process is called finger-

waving lotion. This lotion consists of gum
karaya and water, though other gums are

used. The hair, after setting, is dried by a
mechanical drier, then combed or brushed.

Another type of permanent-wave process

developed for use in the home does not use

heat. The softening is accomplished by an

organic chemical which is neutralized by a

mild acid after the curls have "set” for the

necessary time.

STUDY GUIDE

1. What are the purposes of cleansing

creams and vanishing creams? Of what are

they composed?

2. Describe the composition and use of dif-

ferent types of lotions.

3. Describe the chemical nature of pow-

ders, rouges, mascara, cuticle-removers, and

nail polishes.

Picking roses in the "Valley of Roses," for the production of the

precious perfume attar of roses



£lending various components for a finished perfume#

Some perfumes are composed of sixty ingredients

Perfumes

Early Perfumes. People of all ages and all

lands have used and admired perfumes.

Nearly two thousand years ago Pliny noted

that perfume was the only article for enhanc-

ing beauty that was used solely for another’s

benefit, since soon after a person had put on

some perfume, he himself could no longer

smell it or enjoy its presence. It could be

noticed only by the passer-by, while any other

form of beautification could be seen and en-

joyed by the wearer as well as the passer-by.

Nature has developed so many pleasant-

smelling flowers that all our perfumes tend

to be duplicates of the odors of these flowers.

The users are not nearly so insistent upon the

production of new perfumes as upon getting

chemicals that smell as nearly like the flowers

as possible.

Coal-Tar Perfumes. For a long time all the

commercial perfumes were extracted directly

from flowers and were dissolved in alcohol.

Manufacturers in some countries today still

extract large quantities of perfume from

flowers, but they have difficulty in competing

with the perfumes made from coal tar. A
great many persons who know little about

chemistry think they prefer perfumes made
from flowers, not realizing that the artificial

products have exactly the same odor.

Sources of Perfumes. Cosmetics appeal to

our senses of sight and touch, but perfumes

to our sense of smell.

Not many years ago perfumes were rarities,

enjoyed by the very few. Before the isolation

of the component parts of rose oil, gold and

platinum were cheap in comparison. Hun-

dreds of pounds of rose petals were necessary

to produce an ounce of attar of roses. ,The
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possession of natural violet might be equal to

the possession of a king’s ransom. Twenty to

thirty tons of violets picked from under olive

trees with the early morning dew on them was

necessary to produce a single ounce of violet

absolute.

From the synthetic chemical laboratories,

with endless effort, have come the synthesized

basic ingredients of these heretofore rare

compounds.

Rose oil, as we know it today, is a com-

position of geraniol, rhodinol, geranyl acetate,

citronellal, and phenyl ethyl alcohol.

Oil of violet is composed of a mixture of

ionones which is also found in orrisroot and

lemon grass.

Were it not for the synthetic organic chem-

ist, there would be no violet, honeysuckle, lily

of the valley, gardenia, and numerous other

so-called natural perfumes. Also, entirely new
bases have come from the laboratories that

are not found in nature. Our modern-day per-

fumes depend almost entirely on synthetic

compounds. The field has broadened a

thousandfold beyond that of the few natural

aromatic compounds of the past. The odors

of many years ago would go begging in our

modern perfume stores. Their value now
would be merely that of curios.

Synthetic musk has the characteristics of

the natural product. Formerly musk was only

to be had from the nearly extinct musk deer

of Tibet and Mongolia. The synthetic musk
can be altered chemically to give variations

not possible with the natural product. As a

blending agent and fixative, musk is indis-

pensable in modern perfumery.

The discovery of each new and pleasing

aromatic chemical will in turn result in one

or more new perfumes.

The compounding of perfumes is an art.

The perfumer relies on the ability of the

chemist to produce the aromatic constituents

which become the artist’s tools of trade. The
barrier created by our reliance on far-off ma-

terial is a thing of the past.

The characteristic notes of modern per-

fumes are laboratory products, but the body.

or background, of fine perfumes consists of

natural oils carefully selected to give that elu-

sive something only found in the finest per-

fumes. After the work of the perfumer is

complete, the perfume is aged to develop a

subtle mellowness.

Lasting Qualities. A good perfume must be

more than a substance with a pleasant smell.

Many a cheap perfume smells almost exactly

like an expensive one; but when it is put upon
the clothing, its fragrance soon fades, whereas

that of the expensive one lasts for a long time.

The lasting qualities do not depend upon the

odor but upon the material with which the

perfume is mixed. Many factory-made prod-

ucts are used for this purpose. The most in-

teresting natural one is a substance which is

obtained from whales. Whales discharge a

peculiar material called ambergris, which

floats about on the water and is gathered up
by anyone who is lucky enough to find it. It

is extremely rare. This substance can now be

duplicated in the chemistry laboratory. It is

used extensively to make the odor of perfume

lasting.

STUDY GUIDE

1 . What is the advantage of synthetic per-

fumes over natural perfumes?

2. What are som.e of the components of

commercial perfumes?

The Relation of Chemistry to Agriculture

The Food of Plants. The soil, directly or

indirectly, produces all the food for man, ani-

mal, and plants. This is accomplished by the

action of sunlight upon the elements of the

air and soil gathered by plant life. Of the

ninety-six elements that compose our uni-

verse, only about sixteen are found in plant

life. Of this amount only nine elements are

definitely essential.

An oddity of plant growth is that most of

the solid substance found in dried plant ma-

terial is acquired from the air. About two and

a half to three pounds of solid material per
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hundred pounds of dry plant material is re-

ceived from the soil, the rest from the air.

Carbon dioxide, a gas existing in the air to

the extent of .03 per cent, and also found in

carbonated waters and other charged drinks,

is the compound from which plants derive

their greatest amount of solid content. This

gas is absorbed by the plant by the action of

sunlight and water within the cells of the

leaves. This gas in turn is reacted upon by

the elements taken from the soil, forming the

sugars, starches, fats, cellulose, and other con-

stituents of the various plant life found in

nature.

No solid compounds or elements are ab-

sorbed by plants; only solutions are absorbed.

Water therefore is a very vital compound to

all life. Most plants require between 300 to

650 pounds of water per pound of dry plant

material. A large amount of this water is

evaporated by the plants during hot weather;

and thereby the plants are cooled, as men and

animals are cooled by perspiration.

The growth of plants and animals is purely

chemical. The farmer, therefore, deals in a

highly complex chemical enterprise in order

to feed his fellow men and animals. By his

application of progressive chemical knowl-

edge he knows the needs of his soil for the

best results with his desired crops.

Hydroponics. This name implies plant cul-

ture by water. As in soil culture, the greatest

amount of the solid material is derived from

the air. An economical supply of chemicals,

adequate water supply, mild climate, and con-

gested areas would suggest a possible com-

mercial opportunity for hydroponics. Much
of the knowledge gained from soil culture is

applicable to water culture.

As different plants use variable amounts of

the same substance during their growth, it is

best to use similar types of plants if you wish

to experiment with hydroponics. Tanks made
of wood, concrete, or metal, impregnated with

noncontaminating pitch or asphaltum, are the

usual receptacles used in water culture.

Screens of wood or metal, also impregnated,

are placed above the surface of the water. On

these screens are placed retaining compounds
of such material as peat, moss, excelsior, etc.

This retaining substance supports the stems

of plants during their growth. The germina-

tion of seeds, bulbs, tubers, or cuttings is

usually done elsewhere, but can be done within

this supporting material by lowering the

screen until the bottom just touches the water.

Drowning occurs when seeds are immersed

completely. If closely packed, the supporting

material will withdraw sufficient water and

chemicals (nutrient solution) to start seed

growth properly. As the rootlets develop, the

screen is raised to an inch or more above the

water.

Efficient tanks have air pumps to aerate the

water. This is essential for best results. Space

does not permit a description of the various

proportions of chemicals to use and the vari-

able needs of numerous plants. Most state

departments of agriculture have descriptions

and chemical information that may be had

upon request.

The amount of chemicals used at any one

time is very small. Plants do not tolerate other

than mild solutions and are poisoned by con-

centrations. In crowded tanks and during the

period of greatest growth, tests may have to

be made and chemicals added daily.

Hydroponics has given us more definite in-

formation about the rate of chemical utiliza-

tion than was obtained by soil culture through-

out the ages. Hydroponics has made fresh

vegetables available in congested areas—of

Europe, for example—and on Midway, Wake,

and Guam islands in the Pacific. With the

exception of Midway, soil and water condi-

tions are not adequate for agricultural pur-

poses on these islands
;
so tanks were installed

for the supply of fresh vegetables, the only

constant supply for the men living on these

remote islands.

Insecticides. The agriculturist is not only

confronted with the problem of the best means

of plant growth, but also with that of the de-

struction of his crops by parasitic insect and

vegetative growth. In recent years science

has made very great progress in controlling
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these pests. There was a time when insects,

bugs, worms, fungus growth, and other crop

pests could be fought only by hand. Potato

bugs were knocked from the vines with sticks,

grasshoppers were gathered in nets and
burned, weeds were pulled out of the grain

fields and gardens by hand, and simple, crude,

and dangerous poisons were used to kill some
of the pests.

Before the Second World War, the science

of pest control had developed to a point where
specific substances were being used to kill

plant pests

:

( 1) Arsenic in various forms, such as spray

or dusting powder, was used for the control

of codling moth, grape rootworm, oak moth,

elm leaf beetle, peach twig borer, tomato

worm, and boll weevil.

(2) Rotenone combined with other ingre-

dients was used against aphis and certain

other common sucking and chewing insects.

(3) Nicotine and pyrethrins combined

with inert substances were used to kill codling

moth, aphis, and leaf hoppers.

(4) Sulfur was used against scab, mildew,

brown rot, red spider, and thrips.

(5) Copper compounds were used against

peach blight, scab, rust, grape mildew, and

brown rot.

To these simple poisons, many new and

powerful compounds have recently been

added, but in general it is found that there

are two primary classes of insecticides, based

on the effect which they are intended to have

on the pest; they are contact poisons and

stomachic poisons.

The contact poisons kill by being absorbed

through the surface of the insects or by foul-

ing the breathing apparatus or by caustic

chemical action. Among the contact poisons

are the following: pyrethrum, from the chrys-

anthemum family; rotenone, from the derris

family; lethane, a compound from the pe-

troleum industry; lime-sulfur, from the sub-

stances lime and sulfur; emulsions composed

of light minerals and emulsifying agents.

Stomachic poisons are in general composed

of arsenious acid, which is one of the con-
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stituents of Paris green. Paris green is com-
posed of copper, acetic acid, and arsenious

acid. Lead arsenate is another valuable sto-

machic poison, composed of lead and arseni-

ous acid. Nicotine, an alkaloidal compound
derived from the tobacco plant, is also widely

used. These compounds are violent poisons

and must be used with extreme care.

During the last few years other new sub-

stances have been developed to fight common
pests. One of the most effective insecti-

cides ever developed is called DDT, which

is an organic compound dichloro-diphenyl

trichloro-ethane. From three to twenty per

cent of DDT is mixed with other ingredients

to kill insects and pests that live in the soil,

on plants and animals, and on the surface of

the ground. This newly developed substance

is very effective for nearly all types of plant

pests. During the last war, DDT was used

against vermin infesting both animals and

humans. Unfortunately, it is moderately

poisonous to humans when taken into the

digestive tract or when absorbed by the skin

or lungs in heavy concentrations.

Another group of substances recently de-

veloped for effective pest control is known as

the phosphate group. These substances are

especially effective when used against aphis,

red spider, and certain kinds of caterpillars.

Weed killing with chemicals has come into

general use only within the last few years.

One of the common weed killers is called

2-4D. It is a herbicidal hormone in solution

which, when applied to certain plants in the

proper proportion, causes a distortion of

growth and the gradual death of these plants.

This substance is especially effective against

such pest plants as wild morning glory, mus-

tard, honeysuckle, sumac, nut grass, poison

oak and poison ivy, bull and sow thistle, and

many other broad-leaved plants.

Sodium chlorate is another effective weed

killer. This substance is sometimes used to

sterilize soil so that no plant life of any kind

will grow in it. When used as a simple weed

killer, it is applied in a dilute form of spray

or powder.



It is estimated that pest control through

the use of chemical compounds saves the

farmers of the United States over a billion

dollars a year.

STUDY GUIDE

1. What are the foods of plants?

2. What is the method and value of hydro-

ponics?

3. What are some common insecticides?

How may insecticides be classified?

IMPORTANT THINGS IN THIS CHAPTER

Water containing bacteria is impure.

Water with much organic matter should be

suspected.

Water may be purified, or freed from

harmful bacteria, by aeration or by chlorina-

tion. Some cities purify the water by sand

filtration systems.

If charcoal filters are attached to faucets,

they should be cleaned frequently.

Swimming pools are purified by chlorine

gas or by chlorinated lime.

The classes of foods are carbohydrates,

proteins, fats, minerals, vitamins, and water.

Carbohydrates include monosaccharides,

disaccharides, and polysaccharides. The last

include the starches, dextrins, and certain

gums.

Certain vegetable oils may be converted

into solid fats by hydrogenation.

Digestion is the chemical process of hy-

drolysis of the carbohydrates, fats, and pro-

teins of food. The soluble products can pass

through the wall of the digestive canal.

Salt is a necessary ingredient of food. Salt

is obtained from salt mines or salt wells.

Sometimes it is obtained by the evaporation

or freezing of sea water or the water of salt

lakes.

Both the products and the processes of

chemistry are utilized in medicine.

The manufacture of cosmetics and per-

fumes is a chemical industry.

Chemistry is an essential factor in modern
agriculture.

AFTER YOU FINISH THIS CHAPTER

1. Find out where the salt comes from

which is sold in your community. Then read

in the library a detailed description of how
this salt was refined.

2. Find out whether most of the sugar sold

in your locality is made from sugar cane or

sugar beets. Then read a detailed description

of how this type of sugar is refined.

3. Make a report on the history of cos-

metics and perfumes.

LEISURE-TIME ACTIVITIES

1 . Look in an encyclopedia for the out-

standing agricultural products of each nation.

Then locate these products on a map.

2. Ask your druggist what chemicals sev-

eral common medicines are composed of and

find out the purpose of these chemicals.

3. See what success you can have in mak-
ing perfume from flowers by squeezing the

juice out of the flowers and then mixing this

liquid with alcohol.
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ampton Streets, Easton, Pennsylvania.

The most popular book ever written on the his-

tory of the elements.
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APPENDIX

Tables of Weights and Measures

Metric LenglL Englisk LengtK

Myriameter

Kilometer (km)

Hectometer (hm)

Decameter (dkm)

Meter (m)

Decimeter (dm)

Centimeter (cm)

:

Millimeter (mm)

:

10,000 meters

1000 meters

100 meters

10 meters

1 m

Geography

Distance

Artillery

Surveying

.1 m

.01m

.001 m

Micron (ju) = .000001 m

Commerce
Industry

Science

Metrology

Spectroscopy

Microscopy

1 foot (ft) = 12 inches (in.)

1 yard (yd) = 3 ft = 36 in.

1 rod = yd= 16| ft

1 furlong= 220 yd
1 mile= 320 rods = 1760 yd= 5280 ft

Metric Area English Area

Square kilometer (km^) = 1 ,000,000 square meters

Hectare (ha) (square hectometer, hm^) = 10,000 square meters

Are (a) (square decameter, dkm^) =100 square meters

Centiare (ca) (square meter, m^) = 1 m^
Square decimeter (dm^) = .01 m^
Square centimeter (cm^) = ,0001 m^
Square millimeter (mm^) = ,0000001 m^

1 square foot (sq ft) = 144 square inches

(sq in.)

1 square yard (sq yd) = 9 sq ft

1 square rod (sq rod) = 30^ sq yd
1 acre = 160 sq rods = 4840

sq yd

1 square mile (sq mile) = 640 acres

Metric Volume, or Capacity English Volume

Cubic meter (m^) = 1000 liters

Hectoliter (hi) =100 liters

Decaliter (dkl) = 10 liters

Liter (1) = 1 1

Deciliter (dl) = ,11

Centiliter (cl) = .01

1

Milliliter (ml) (cubic centimeter, cc or cm^) = .001

1

1728 cubic inches (in.^) = 1 cubic foot

27 cubic feet (ft^) = 1 cubic yard (yd^)

English Liquid Capacity

4 gills = 1 pint

2 pints (pt) = 1 quart

4 quarts (qt) = 1 gallon

1 gallon (gal) = 231 cubic inches (in.^)

1 barrel (bbl) = 31i gal

Metric ^Veight

Metric ton (t) = 10 quintals = 1000 kilograms = 1,000,000 grams

Quintal (q) = 10 myriagrams =100 kilograms = 100,000 grams

Myriagram= 10 kilograms = 10 kilograms = 10,000 grams

Kilogram (kg) = 10 hectograms = 1000 grams

Hectogram hg) = 10 ‘decagrams = 100 grams

Decagram (dkg) = 10 grams = 10 grams

Gram (g) =10 decigrams = 1 g
Decigram (dg) = 10 centigrams = .1 g
Centigram (eg) = 10 milligrams = .01 g
Milligram (mg) = .001 g
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EnglisK Dry Capacity

2 pints (pt) = 1 quart 1 bushel (bu) = 2150.42 cubic inches (in.3)

8 quarts (qt) = 1 peck 1 barrel (bbl) of flour = 196 pounds (lb)

4 pecks (pk) = 1 bushel

Avoirdupois Weight

27.34 grains = 1 dram 16 ounces (oz) = 1 pound
16 drams (dr) = 1 ounce 2000 pounds (lb) = 1 ton

British Empire Units of Weight

14'pounds (lb) = 1 stone (st) 2240 lb = 1 ton (long ton)

112 lb, or 8 St = 1 hundredweight (cwt)

Time

1 minute (min) = 60 seconds (sec)

1 hour (hr) = 60 min = 3600 sec

1 day = 24 hr = 2040 min = 86,400 sec

1 year (yr) = 365 days

Density in Grams per Cubic Centimeter, or Specific Gravity

Pine equals .5 (approximately)

Oak equals .8 (approximately)

Ice equals .9

Bone equals 1.8 (approximately)

Aluminum equals 2.58

Glass, common, equals 2.5 (approximately)

Granite equals 2.7 (approximately)

Zinc equals 7.1

Cast iron equals 7.4

Copper equals 8.5

Nickel equals 8.9

Marble equals 2.7 (approximately)

Paper equals .9 (approximately)

Sandstone equals 2.2 (approximately)

Silver equals 10.5

Gold equals 19.3

Lead equals 11.3

Platinum equals 21.4

Conversion Tables

English to Metric

To Change to Multiply by

Inches Millimeters 25.4

Inches Centimeters 2.54

Inches Meters 0.0254

Feet Meters 0.3048

Miles Kilometers 1.609347

Square inches Square centimeters 6.452

Square feet Square meters 0.0929

Cubic inches Cubic centimeters 16.3872

Cubic feet Cubic meters 0.02832

Pounds Kilograms 0.45359

Ounces (avoirdupois) Grams 28.3495

Pounds per square inch Kilograms per square centimeter . 0.0703

Tons Kilograms 907.185
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Metric to English

To Change to Multiply by

Millimeters Inches 0.03937

Centimeters Inches 0.3937

Meters Inches 39.37

Meters Feet 3.281

Kilometers Miles 0.62137

Square centimeters Square inches 0.1550

Square meters Square feet 10.7649

Cubic centimeters Cubic inches 0.061

Cubic meters Cubic feet 35.314

Kilograms Pounds 2.2046

Grams Ounces (avoirdupois) 0.03527

Kilograms per square centimeter Pounds per square inch 14.223

Table of Some Important Elements, with Tbeir Symbols and Valences

Element Symbol Valence Element Symbol Valence

Aluminum A1 + 3 Lithium Li + 1

Antimony Sb + 3, + 5 Magnesium Mg + 2

Argon A 0 Manganese Mn + 2

Arsenic As + 3, -3, + 5 Mercury Hg + l, + 2

Barium Ba + 2 Neon Ne 0
Bismuth Bi + 3 Nickel Ni + 2

Boron B + 3 Nitrogen N -3, + 3, + 5

Bromine Br - 1 Oxygen 0 - 2

Cadmium Cd + 2 Phosphorus P -3, + 3, + 5

Calcium Ca + 2 Platinum Pt + 4

Carbon C + 4,-4 Potassium K + 1

Chlorine Cl - 1 Radium Ra + 2

Chromium Cr + 3, + 6 Radon Rn 0
Cobalt Co + 2 Silicon Si + 4
Copper Cu + l, + 2 Silver Ag + 1

Fluorine F - 1 Sodium Na + 1

Gold Au + 1,+ 3 Strontium Sr + 2

Helium He 0 Sulfur S — 2, + 6

Hydrogen H + 1 Tin Sn + 2, + 4

Iodine I - 1 Tungsten W + 6
Iron Fe + 2, + 3 Zinc Zn + 2

Lead Pb + 2
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Index

.4 battery, 365

Acceleration, 141

Acids, 445

Acrylic resins, 503

Action and interaction, 141

Adhesion, 150

Aeronautics, 213-258

Agents, reducing, 448

Agriculture, relation of chemistry

to, 525

Ailerons, 232

Air, weight of, 154; buoyancy of,

155
;
safety in, 235

Air cavities of head, 272

Air resistance, 246

Air-conditioning, 411

Airplane, 221, 231; instruments,

242

Air-speed indicator, 244

Alloy steels, 471-472

Alternating electricity, 294, 311

Alternating-current instruments,

327

Alternating-current radio tubes,

370

Altimeter, 105

Aluminum, 475; alloys of, 476

Ammeter, 326

Ampere, 2f5
Antenna, ^2; for FM, 374

Arc lighting, 347

Archimedes’ principle, 153

Architecture, 392
;
styles of, in the

United States, 392-394

Area, 123

Armature, 307

Artificial horizon, 243

Asteroids, 13

Atmosphere, characteristics of, 93

;

extent of, 94; pressure of, 94;

currents in, 95

Atom, 292, 438

Audio amplifier, 367

Audio-visual equipment, 386

Automatic pilot, 243

Automobile, steam, 209

B battery, 366

Balance, 128

Balloons, 215, 216; dirigible, 217

Barometer, 104

Basalt, 60

Bases, 445

Bathroom fioors and fixtures, 403

Beam balance, 128

Beats, 267

Bell, electric, 308

Belt pulley, 170

Bessemer converter, 470, 471

Bessemer steel, 470

Bleaching, of fabrics, 496; of hair,

522

Block and tackle, 166

Boiler, steam, 193

Boiling point, 189

Brass instruments, 268

Brightness, 276

Bu-gas, 203

Buoyancy, 153

Burning, 447

Buzzer, 308

By-pass, 202

Calendar, 22

Cam, 177

Cane sugar, 513

Capacity, 124; of condensers,

322

Capillarity, 154

Carbohydrates, 512

Carburetor, 201

Cast iron, 470

Cell, voltaic, 297

Cement, 485

Center of gravity, 136

Center of pressure, 228

Centigrade temperature, 188

Centrifugal force, 9, 140

Centrifugal pump, 184

Centripetal force, 9, 140

Changing of matter, 450

Charges, electric, 293-294

Chemical activity, 431

Choke coil, 318

Climate, 82, 111

Clouds, cumulus, 106; nimbus,

107; stratus, 107

Coal, 74

Coal gas, 467

Cohesion, 149

Colloids, 435

Color photography, 507

Combustion, 447 ;
spontaneous,

448

Comets, 26

Commutator, 311

Component of forces, 134

Compounds, 59, 431; organic,

446

Concentration, 433

Concrete, 486

Condensation, 189

Condenser, 322
;

in circuits, 324

Conduction of heat, 190

Conglomeratejock, 63

Construction, house, 397

Convection, 190

Cooling of engine, 203

Copper, 79; as conductor, 274;

uses of, 473

Coral islands, 63

Cosmetics, 519; use of, 519

Coulomb, 295

Cranks, 177

Creams, cleansing, 519; vanishing,

520

Crystal rectifier, 302

Crystals, 434

Cuticle-removers, 521

Cycles of an engine, 199

Decomposition, double, 448

Delta, 54

Density, 151

Detector, radio, 362, 366

Deutron, 440

Developing film, 505

Diaphragm pump, 183

Dielectric, 294

Diesel engine, 205

Differential of automobile, 170

Differential pulley, 176

Digestion of food, 516

Dihedral wing, 222

Direct current, 294

Direction, 88

Dirigible balloons, 217

Dishwasher, 405

Dispersion of light, 282

Doppler effect, 265

Drag, airplane, 237, 238

Dry cell, 300

Ductility, 150

Dye, 496

Dynamics, 137

Dynamo, 309
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Earth, 10-19; motions of, 19; for-

mation of, 42
;

early surface

changes of, 43; atmosphere of,

44; interior of, 45; crust of, 59;

materials in, 59

Earthquake, 49

Eccentric, 178

Echo, 261

Eclipses, 25; of sun, 25; of moon,

26

Edison effect, 362, 363

Efficiency, 162

Effort distance, 161

Elasticity, 150

Electric charges, 293

Electric current, 294

Electricity, 29,/

Electrolyte, 2^8
Electromagnet, 305

Electromotive force, 296

Electron, 292, 439

Electron theory, 292

Elements, 59, 431

Energy, 146

Engine, steam, 191; reciprocating,

194, 250; condensing, 196; com-

pound, 196; turbine, 196; gaso-

line, 198; airplane, 222; rocket,

255; turbo-jet, 254, 255; pulse-

jet, 254, 255; ram-jet, 254, 256

Engine performance, 245

Engine-gauge unit, 245

Equations, chemical, 444

Equilibrant of forces, 134

Equilibrium, and forces, 135; and

chemical reactions, 449

Erosion, water, 53; glacial, 54

Evaporation, 189, 518

Eyes, 256, 259, 266

Fahrenheit temperature, 188

Falling bodies, 142

Farad, 323

Fats, 513

Field poles, 313

Filament, radio-tube, 365

Film-developing, 505

Fire, 463

Fire extinguishers, 465

Flight, powered, 221

Floods, 70

Floor plan, 394

Fluid theory, 294

Flux, 468

Flying, 215-256

Focal point and distance, 285

Fog, 106

Food, 512; classes of, 512; diges-

tion of, 516

Foot-candle, 277

Force, 131

Force pumps, 183

Formulas, 444

Foundation, 396

Fractional distillation, 467

Franklin, Benjamin, 292

Freezing, 190

Frequency modulation, 374; use of

short waves, 374; meaning, 375;

compared with AM, 375; range

limits, 376

Friction, 151

Friction matches, 463

Fronts, weather, 102; occluded,

103

Fuels, 466; gaseous, 467

Fuses, electrical, 332

Galvani, 297

Galvanic cell, 300

Galvanometer, 325

Gas, coal, 467; natural, 467

Gases, 154

Gasoline, 77; production of, 467

Gears, 167; train of, 168; pump,
183

Generator, electric, 309

Getter, 365

Geysers, 49

Gilbert, William, 292

Glaciers, 54

Glare, 418

Glass, 479; blowing, 481

Gliders, 215, 218, 226

Glucose, 513

Granite, 60

Gravitation, 8

Grid, radio-tube, 364, 366

Gyro compass, 243

Gyroscope, 138

Hairdressing, 522

Hand capacity, 370

Hardness, 150

Health, public, 511-512

Heat, 188; of vaporization, 190;

transmission of, 190; of fusion,

190; uses of, 191
;
by electricity,

313; of reaction, 437

Heaters for homes, 409

Heating, 406

Heating systems, 408

Helicopter, 232

Helix, 306

High-speed propulsion, 250

High-tension coil, 318

Highs and weather, 100

Horsepower, 145

Hot springs, 49

Humidity, 107

Hydraulic jack, 185

Hydrocarbons, 467

Hydrolysis, 448

Hydrometer, 153

Hydroponics, 526

Hygrometer, 108

Ice ages, 56

Impulse, 141

Inclined plane, 172

Induced current, 311

Induction coil, 311

Industrial resources of nations,

413-418

Industrial world, 457-462

Industries, growth of, 457

Inertia, 138

Ink, 491

Insecticides, 526

Insolubility, 518

Insulation, wire, 334
;
for heat, 406

Insulator, 294

Intensity, of sound, 263; of light,

277

Ionization, 442

Ions, 298

Iron, 77; and steel, 468; cast, 470;

wrought, 470

Jupiter, 13; moons of, 14

Kerosene, 467

Kindling temperature, 448

Kinetic energy, 146, 152

Kitchen fixtures, 404

Klystron, 383

Knocking in engine, 201

Lacquers, 488

Langley’s aerodrome, 222

Latitude, 87-88

Lead, 477

Lead-plate cell, 301

Lever, 163

Lift, airplane, 237

Lift pump, 182

Light, sources of, 274; speed of,

274; in home, 413; in living

room, 416; in hall, 419; in

kitchen, 420

Lighting by electricity, 343

Lilienthal’s experiments in flying,

219

Limestone, 60

Lipsticks, 521

Liquids, 152

Longitude, 87-88

Lotions, 520; astringent, 520; sun-

burn, 520

Loudness, 263
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Loud-speaker, 371

Lows and weather, 100

Lubricating oils, 467

Lucite, 503

Machines, uses of, 158

Magnetic compass, 242

Magnetic poles, 303
;
lines of force,

303; induction, 304; field,

305

Magnetism, 303

Magneto, 313

Magnetron, 383

Malleability, 150

Manifold pressure gauge, 244

Mars, 12

Mascara^ 521

Matches, friction, 463; safety,

464

Matter, 130

Measurement, 120; early methods

of, 120; English units of, 122;

instruments for, 126

Mechanical rectifier, 321

Mechanics, 131

Medicine, research in, 518

Medicines, 517

Mercury, planet, 9

Metals, 441

Metathesis, 448

Meteors, 28

Metric system, establishment of,

122

Metric units, 123

Microscope, 287

Mixture, 432

Molecule, 438

Momentum, 141

Moon, 23
;
effect on tides of, 85

Moraines, 57

Mordant, 497

Mortar, 484

Motion, 130; laws of, 137

Motors, electrical, 337; direct-

current and alternating-current,

339; synchronous, 340; univer-

sal, 342

Mountains, old and new, 55

Music, 262

Nail polishes, 521

Navigation, 88

Neon lights, 347

Neptune, 16

Neutralization, 445, 517

Neutron, 440

North star, 20

Northern lights, 7

Nuclear reactions, 449; in nature.

451
;
man-made, 452

;
some uses,

452

Nylon, 504

Obsidian, 60

Occluded fronts, 103

Oceans, 81; currents of, 83

Ohm, 296

Ohmmeter, 329

Ohm’s law, 297

Oil, 467

Oils, hydrogenation of, 513

Organic compounds, 446

Outlet, electrical, 416

Overshot water wheel, 179

Oxidation and reduction, 446

Oxide, 447

Oxygen, 59

Paint, 403; kinds of, 486

Paper, 489

Paraffin, 467

Parallel cells, 301
;
connections, 314

Pelton wheel, 180

Perfumes, 524; early, 524; coal-

tar, 524; sources of, 524; lasting

qualities of, 525

Permanent waving of hair, 522

Petrolatum, 467

Petroleum, 75, 467

Phonograph, 386

Photoelectric cell, 347

Photography, 504

Pigment, 487

Pitch, 263, 364

Planetoids, 13

Planets, 7 ;
distances of, 8 ;

minor,

12

Plante, 300

Plants, food of, 525

Plaster, 402, 484

Plastics, 501

Plate, radio-tube, 365

Platform scale, 128

Pluto, 17

Polaris, 20

Polarization, 284

Poles, magnetic, 298; field, 313

Polishes, nail, 521

Porcelain, 483

Positive prints, 506

Positron, 440

Potential energy, 146

Pottery, 482

Powders, facial, 520

Power, 144; vs. weight, 250

Precipitation, 107, 517

Prefabricated house, 400

Pressure, of atmosphere, 94; in

liquids, 152

Pressure gauge, 186

Primary coil, 317

Propeller, airplane, 230, 236

Proteins, 513

Proton, 292, 439

Pulleys, 165; belt, 170

Pulsating direct current, 321

Pumps, 182

Quality, sound of, 265

Quinine, 518

Radar, 379; and the proximity

fuse, 381
;
basic units, 382

;
prin-

ciples of operation, 382; new
types of tubes, 383; other de-

velopments, 384; in peacetime,

384; communication by radar,

385

Radio amplifier, 368

Radio echoes, 382

Radio waves, 360

Rain, 110

Rate-of-climb indicator, 244

Reaction forces, 251

Reaction speed, 436

Reactions, kinds of, 446-448

Recorder, phonograph, 386; wire,

387
;
tape, 387

Rectifiers, 321-322

Red-flag act, 210

Reducing agents, 448

Reduction and oxidation, 446

Reed instruments, 268

Reflection, 283

Refraction, 282

Refrigeration, 406

Refrigerator, 412

Regeneration, radio, 370

Relay, electric, 307

Resistance, electrical, 329; of con-

ductor, 330

Resistance distance, 161

Resonance, 266

Resources of nations, industrial,

457-462

Resultant of forces, 133

Reversing film, 506

Rocks, 60

Roofs in house construction, 401

Rouges, 521

Rubber, synthetic, 499

Safety glass, 480

Salt, common, 82, 514; how
obtained, 514-515; as food,

514

Salts, 445

Sandstone, 63

Saturation point, 108
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Saturn, 14; rings of, 15

Screen-grid tube, 369

Screw, 173

Seasons, 21, 111

Secondary coil, 311

Seeing, 274

Semi-Diesel, 207

Series, cells in, 301
;

connections

in, 314

Shale, 63

Shellac, 488

Shock waves, 248

Short-wave receiver, 371

Shunt connection, 316

Silicon, 59

Siphon, 184

Slip ring, 311

Slotted wing, 235

Soap, 492

Soil, formation of, 64; destruction

of, 67; conservation of, 71

Solids, 148

Solute, 433

Solution, 433

Solvent, 433

Solvent action, 517

Sound waves, 261

Specific gravity, 153

Spontaneous combustion, 448

Spring balance, 128

Sprocket wheel, 170

Stability, 136

Stalactites, 62

Stalagmites, 62

Stars, 31; binary, 33; familiar, 33;

exploding, 33; age of, 34; galaxy

of, 36

Static electricity, 294

Steel, 425; mild, 425; high-carbon,

425; open-hearth, 425; crucible,

425; alloys of, 426; heat treat-

ment of, 472

Storage cell, 300

Stove, 410

Streamlining, 238

Stringed instruments, 270

Subsonic velocities, 246

Substances, kinds of, 445-446

Sugar, 512; cane, 513; malt, 513;

milk, 513

Sulfanilamide, 518

Sulfathiazole, 518

Sulfur, 80

Sun, 5 ;
distance to, 5 ;

motions of,

5; spots on, 6

Supersonic speeds, 246; special

problems, 248

Surface tension, 153

Suspension, 432

Sweepback wings, 231

Swimming pools, 511

Switches, light, 416

Sympathetic vibration, 265

Synthetic products, 498

Synthetic rubber, 499

Tachometer, 245

Telephone, 355; transmitter of,

356; receiver of, 356; automatic,

359

Telephone systems, 357

Telescope, 287

Television, 377; transmitter, 377;

receiver, 378; range, 379; in

color, 379

Temperature, 188; kindling, 448

Tenacity, 150

Textiles, 495

Thales, 292

Theory, 41

Thuban, 20

Tides, 85

Time, 89
;
measurement of, 90

Tin, 477

Tornado, 103

Trade wind, 97

Transformer, 319; action of, 317;

step-up and step-down, 319; use

of, 320

Transmission in automobile, 169;

new types, 211

Tungar rectifier, 321

Tuning of radio, 362

Turbine, steam, 196

Turn and bank indicator, 243

Undershot water wheel, 179

Uranus, 15

Vacuum tube, 363

Vacuum-tube rectifier, 322, 364

Valence, 443

Vega, 5

Velocity, 130

Venus, 10

Vinyl resins, 503

Vocal cords, 271

Voice, 272

Voice box, 271

Volcano, 45

Volt, 296

Volta, 297

Voltmeter, 326

Voltmeter-ammeter resistance

measurement, 330

Volume, 124

Von Guericke, Otto, 104

Walls in house construction, 399

Water, 81; ground, 81; surface,

81; purification of, 511

Water heaters, 410

Water meter, 184

Water softener, 494

Water turbine, 181

Water wheels, 179

Watt, 145, 328

Watt, James, 193

Watt-hour meter, 328

Waving of hair, permanent, 522

Weather, 111

Weather fronts, 102

Weather-forecasting, 97

Wedge, 174

Weight, 127

Well, artesian, 81

Westerlies, 96

Wheel and axle, 166

Whistle, 268

Wind tunnel, 228

Windows, 396

Wing, why it lifts, 237

Wiring, electrical, 332
;

amateur,

335

Work, 143; equals work, 160

Worm gear, 178

Wright brothers, 224; glider flights

of, 226

Wrought iron, 470

X ray, 348

Zinc, 477
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